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PREFACE 


Ever since the publication of my Applied 
Business and Economic Statistics in 1963, many college instructors have written to 
my publisher and to me, urging that I write another, more comprehensive 
statistics text which would include some of the more frequently used advanced 
and modern topics. This volume is the result of my response to such requests. 

In preparing this text, I have kept certain guidelines constantly in view. First 
of all, this book is intended for use in either a one-semester or a two-semester 
course at the undergraduate or the graduate level in statistics for students 
majoring in economics and business who have had only freshman mathematics. 

Second, I have tried to design this book as an introductory text as well as a 
terminal text. To this end, the coverage, though not encyclopedic, is more com¬ 
plete than most elementary texts on statistics in the market today. I believe that 
the topics included are sufficient to enable students to conduct independent 
research in economics and management science whenever statistical techniques 
are required. To this end also, I have attempted to obtain a proper balance 
between the underlying statistical principles and their applications. This reflects 
my feeling that theory is practical and that practice too far removed from theory 
easily leads one astray. My intention is to introduce the reader to a way of 
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thinking, as he is led through the basic field of statistics, that will enable him to 
venture into advanced courses of statistical analysis with minimum difficulty and 
maximum understanding. 

Realizing the limits to the amount of statistics that the average student can 
learn during a specific period, I have made flexibility my third guideline. If this 
book is used at the undergraduate level, some of the more advanced topics, such 
as the analysis of variance, nonparametric statistics, and multiple association 
analysis, can be eliminated without disturbing continuity. If pressed for time, the 
instructor may make further cuts from Chapters 10, 11, 15, and 16. 

Finally, to enable the student to acquire a “feeling” of usefulness I have 
introduced many examples in the text and have included numerous problems of 
great variety at the end of each chapter. I hope that the student will work out 
some of the problems regularly even if the material presented in the text or in 
lectures seems absolutely clear to him. 

I am grateful to all those users of my first book who have encouraged me to 
take up this project. I also would like to take this occasion to express my thanks to 
Dr. Joseph F. Sinzer, Vice-President of Academic Affairs, and Dr. Nathan Becker, 
Dean of the Business School, both of Pace College, for their loyal and continuous 
support of my research efforts. 

I am also indebted to the Literary Executor of the late Sir Ronald A. Fisher, 
F.R.S., to Dr. Frank Yates, F.R.S., and to Oliver & Boyd Ltd., Edinburgh, for 
permission to reprint Tables II and XXXIII from their book Statistical Tables 
for Biological , Agricultural and Medical Research. 


Fresh Meadows, New York 
November 1968 


Ya-lun Chou 
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STATISTICAL 

DECISION 

PROBLEMS 


The Nature 
of Statistics 


Statistics is a method of decision making 
in the face of uncertainty, on the basis of numerical data, and at calculated risks. 
The importance of this decision procedure is obvious when we consider that we live 
in a world where future events are always fraught with varying degrees of 
uncertainty. 

It may be recognized at the very outset that there are two kinds of uncertainty. 
One is that uncertainty which arises because of randomness . When a coin is 
tossed, the outcome is random and not at all certain. In a single toss, the outcome 
may be either a head or a tail. This type of uncertainty, however, is very simple in 
principle because the law of randomness applicable to the situation is easily known. 
On the basis of pure reasoning, we know not only that the tossing of a coin may 
turn up a head or a tail, but also that both outcomes are equally likely to occur. 
In other words, the randomness of the population of all possible tosses is such that 
half of them must be heads and the other half must be tails. So in the case of this 
type of uncertainty, the principle is simple to handle and the decision easy to 
make. For instance, if you were asked to participate in a coin-tossing game under 
the condition that you would win two dollars if the coin turned up a head and 
that you would lose one dollar if the coin turned up a tail, you would certainly be 
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2 STATISTICAL DECISION PROBLEMS 


inclined to accept the offer because you know that heads and tails are equally 
likely to occur. 

Another type of uncertainty springs from the fact that the laws of randomness, 
or the state of nature, of a given problem situation is unknown. For instance, if 
the coin is obviously biased, then the head and the tail will not have equal chance 
to occur. That is, one face will have a greater chance to appear than the other, 
perhaps in favor of the tail. In this case, where the state of nature is not known, 
how would you decide if you were offered the same bet as before? If you wish to 
solve this statistically, you should perform experiments and take observations in 
order to test the fairness of the coin. Suppose you have tossed the coin ten times 
and observed that all trials in your experiment turned up tails, you may therefore 
conclude that the coin is biased and decide to decline the offer. You may know 
intuitively that your decision is wise but you may not know precisely why. Let us 
then put this problem into a logical framework and analyze it briefly. 

First, the fairness of the coin lies in the distribution of the outcomes of all 
possible tosses of the coin. We know that if the coin is fair, then half of these 
outcomes must be heads and half of them must be tails. We are willing to play 
with such a coin because each toss may be regarded as a random selection from 
this infinite population and we can expect that in the long run heads will come up 
roughly 50 percent of the time. In the previous test of the fairness of the coin, the 
ten trials may be considered as a sample of ten observations taken from this 
imaginary population of all possible tosses. It is possible, from the viewpoint of 
chance variations, that a fair coin can give ten consecutive tails, as in the experi¬ 
ment. Thus, even though the present sample is the worst possible for testing the 
fairness of the coin, it is still not completely inconsistent with the assumption that 
the coin is fair. Despite this possibility, however, the sample information has led 
to the conclusion that the coin is not fair and consequently a decision is made to 
turn down the invitation. This decision, furthermore, can be considered wise. 
Why? Because, while a sample of ten tails in tossing a fair coin is possible, it is 
highly improbable. As you shall learn, if you had been sampling from a population 
that was half heads, the probability of ten tosses being all tails is Ko 24 > or just 
about one chance in a thousand. It is indeed a very rare event. You must realize, 
at this point, that your decision not to accept the offer might be wrong since the 
sample information has not established the complete certainty of the state of 
nature. However, in view of the extreme rareness of the sample if the coin is per¬ 
fect, you could afford to behave with confidence on the assumption that the coin 
is indeed biased. 

The foregoing example illustrates the procedure of statistical decision making. 
Statistical decision can thus be defined as the process of making a decision on the 
basis of numerical data and probability considerations. Numerical data are used 
to estimate the true state of nature, upon which both the selection of action and 
the desirability of action depend. For various reasons, which will be explained 
later, the provision of numerical data is often limited to a part of the popula¬ 
tion. Since partial (sample) information will not eliminate uncertainty altogether, 
statistical decision is often made in the face of some degree of uncertainty. As a 
result, there exists, in statistical decision, the risk of wrong action. By appropriate 
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statistical theory and methods, however, risks of wrong decisions can be calculated 
and controlled. Indeed, a major role of inductive statistics is to design devices for 
measuring such risks. 

1.2 

Stages of Statistical 
Investigations 


It is true that certain old techniques 
have gained significance and some new ones have been introduced because of the 
application of statistical methods to particular problems. However, problems of 
the application of statistical method to various fields of study are the same. There¬ 
fore, before anything more is said about statistics, it will be beneficial to remember 
the common problems of its application to any type of investigation. For this pur¬ 
pose we shall list in logical order the stages an investigator goes through in his 
attempt to answer questions of interest or importance: (1) formulation or defini¬ 
tion of the problem; (2) design of the experiment; (3) collection of data; (4) 
classification, tabulation, and description of results; (5) generalization or final 
inference. We shall now explain briefly the problem or problems involved in each 
of these stages. 

1. Statistical analysis, as a manufacturing process, begins with raw materials, 
which are numerical data, and through the process flow the finished products, 
which consist of whatever useful information or valuable conclusions lie buried 
among the crude data. In manufacturing an output, the producer must first 
decide what is to be produced and then set up precise specifications of the output 
quality. Otherwise he may not know what kind of raw materials and how much 
are to be fed into the process. Thus in statistics, the first problem is to know 
exactly what is to be investigated: to formulate the problem or question as pre¬ 
cisely as possible. Only then can the investigator decide what the relevant data 
for the problem are. If he fails to do this, data collected may be entirely irrel¬ 
evant or may even tend to becloud rather than clarify the problem. It is well to 
remember that the quality of statistical conclusions depends upon the appropri¬ 
ateness and accuracy of data, which in turn depend upon exactness in formu¬ 
lating the problem. Statistical techniques, no matter how refined and precise, 
cannot yield useful results for arriving at decisions on problems if they are applied 
to inappropriate data. 

In statistics, the totality of pertinent data that may be collected and observed 
in a given problem is called a population or a universe. For instance, if the problem 
at hand is to discover the percentage of unemployment in the labor force at a 
particular time in the United States, the population—or universe—in this case 
will include all observations about the individual workers, as to whether they are 
employed or unemployed, in the United States at that time. Again, if we wish to 
determine the average life of a lot of 1000 automobile tires, the population for this 
problem consists of the different durabilities in terms of, say, number of miles 
traveled, of all the 1000 tires in the lot. It is interesting to note that a statistical 
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population consists of a collection of observations of one kind or another. These 
observations constitute statistical data that are collected in accordance with the 
formulation of a particular statistical problem or with the definition of a specific 
statistical population. 

2. Once the problem has been precisely formulated, the investigator must 
decide whether to study the population in its entirety or to observe only a part 
of it. The former procedure is called a complete enumeration or a census; the latter 
is referred to as sampling. In practice, it is often costly, time-consuming, and even 
physically impossible to conduct a census, and we have to resort to sampling as 
the only practical method of making the study. This is what is done, for example, 
by the Bureau of the Census in its Current Population Survey each month. 
Among other things, this survey furnishes estimates of employment and unem¬ 
ployment based on data from a sample of 25,000 households distributed through¬ 
out the United States. 

In sampling we try to make a decision, on the basis of sample data, about the 
population from which the sample is drawn. Hence the sample must obviously 
represent the population adequately. To obtain a representative sample is one 
of the most important components of statistical theory. It involves such questions 
as these: How large should the sample be? What type of data is to be collected? 
How are the data to be collected? These questions belong to what is called sample 
design or the design of the experiment in statistics. Proper care must be taken in 
planning and designing an experiment; otherwise we may not be able to reach any 
valid conclusion. The design of the experiment is the second stage of a statistical 
investigation. 

As will be shown in a later chapter there are many types of sampling design, 
and each of them has its merits, depending on the type of population and the aim 
of the survey. However, most of the time we shall deal with random samples. A 
random sample may be defined as one drawn under conditions that each item in 
the population has an equal chance to be selected. This emphasis is due to the 
fact that only random samples can be treated with probability, and probability 
considerations are the basis for making valid inferences. 

3. The third stage is to collect the data in accordance with the design of the 
experiment. From an over-all point of view, this stage is mainly routine in nature 
even though it is often the most time-consuming and costly component of the 
whole statistical process. In formulating the problem and in designing the sample, 
a good deal of judgment and a sound knowledge of the subject matter are required. 
In contrast, good results in collecting data demand the absence of personal 
judgment. 

4. When data are collected they should be arranged in readable forms. They 
may be classified in some systematic manner and presented in a table. Or, for the 
purpose of conveying to the reader the true meaning of facts with greater ease or 
with more force, data may be presented by graphs or diagrams. Descriptive meas¬ 
ures, such as percentages, averages, or standard deviations, are then calculated. 
A measure derived from the sample data is called a statistic. If a measure is com¬ 
puted from observations of the entire population, however, it is referred to as a 
parameter. From a sample of 25,000 households, for instance, we may compute 
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the number of unemployed as a percentage that may turn out to be, say, 6 percent 
of all the observations made from the sample. This fourth stage of the process, as 
can be seen, defines the scope of what is called descriptive statistics . 

5. When the sample includes the whole population, that is, when an investiga¬ 
tion is made by a complete enumeration, the last stage of the survey is the 
descriptive statistics. By then the characteristics of the whole population would 
have been described and revealed and a decision of one sort or another on the 
problem could be readily made. However, when the sample consists of only a 
part of the universe, the study will not stop with descriptive measures. A sample 
is often not examined for its own sake. Rather, it is analyzed in the hope that it 
can throw some light on the true state of the population. In other words, the last 
stage consists of trying to answer on the basis of the sample statistic the original 
problem or question formulated, which is always concerned with the population 
parameter. In this last stage we try to say something more, for instance, than that 
6 percent of the workers in the 25,000 households surveyed are unemployed in a 
given month. We try to use this information as an estimate of the total unemploy¬ 
ment situation of all the workers throughout the United States. To do so we are 
in effect making a generalization about all other workers whom we have not 
observed. This problem is not so formidable as it may appear. As we shall discover, 
such generalizations or inferences can indeed be made by appropriate theories and 
techniques. In fact, the study of the methodology and reasoning used in arriving 
at such conclusions, called inductive statistics, is not only the most valuable 
but also the most fascinating part of statistics. The value of inductive statistics 
rests on the fact that it is characteristically a scientific method of investigation. 
As a process of arguing from the traits of a small sample to those of a larger popu¬ 
lation, our knowledge is increased if the conclusions reached are true. The fascina¬ 
tion of inductive statistics lies, then, in its appeal to our speculative imagination. 

Even though sample information is the rule rather than the exception in 
statistical decision, in order to obtain maximum efficiency, we must, before the 
selection of the sample, ask many important questions: What type of information 
is needed? How should we proceed to solve a problem if and when complete 
information can be made available? How much information is needed for a 
particular problem? How are decisions to be related to observations? Answers to 
all these questions are connected with the concept of statistical definition of the 
decision problem. 

Thus, whenever there is a decision problem and it is recognized that the 
uncertainty attached to it can be removed by numerical data, the very first step 
in the decision procedure is to translate the problem into statistical terms. 
Statistical definition of a problem involves two distinct but closely related steps: 
defining the statistical population and describing the state of nature of the defined 
population. The latter step involves the use of statistical methods to summarize 
the pertinent facts about the population: the computation of the parameter or 
parameters necessary for the decision. 

The concentration on statistical definition of a problem at the initial stage of 
a survey is a very rewarding effort, even if the decision will ultimately be made on 
the basis of a sample. First of all, a precise definition of the population is indis- 
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pensable in the selection of the sample, since this will avoid the frequent mistake 
of drawing the sample from the wrong population. Second, thinking in terms of 
complete information at the beginning will enable us to concentrate on the design 
of decision— the design of a survey which goes beyond the mere collection or 
presentation of numerical facts—which can lead directly to decisions. Third, too 
much initial stress on data gathering often leads to converting a decision problem 
into a data-collection problem. Little attention is paid to the problem of how to 
use the data when data are obtained. Consequently, numerical information 
gathered often proves to be of no use for the decision problem in question. 

In short, the stress on statistical definition of the problem is the stress on a 
priori planning in attacking the decision problem. Modern statistics demands 
that decisions be related to observations before observations are made. This 
demand calls for a decision maker to specify the possible decisions a priori that 
are conditional upon the actual observations. Suppose you are faced with a 
decision problem of jumping from the window or running out the door through the 
smoke when your house is on fire. You may make the decision a priori, relating 
the action to be taken to an observation which is to be made, with the toss of a 
coin. The rule may be this: if the head turns up, jump from the window; if the 
tail appears, run to the door through the smoke. This illustration may strike you 
as absurd. Nevertheless, it does bring out the necessary condition of a good deci¬ 
sion rule: relate decisions to observations before observations are made. Through¬ 
out this book, you will learn many methods of constructing statistical decision 
rules. Now, we may turn our attention to a discussion of the various aspects of 
defining decision problems statistically. 


1.3 


Populations , 
Elementary Units 9 
and Observations 


In statistics, the term population is used 
to mean an aggregate of individual items, whether composed of people or things, 
that are to be observed in a given problem situation. The individual items in a 
population are called elementary units. To define a population is in a sense to limit 
the scope of the elementary units. Elementary units possess certain characteristics , 
sometimes referred to as traits or properties , which may be qualitative or quantita¬ 
tive in nature. For instance, a decision problem may involve observing the effec¬ 
tiveness of a shipment of certain drugs. Here the population includes all the 
individual units of drugs—the elementary units—in the shipment, and the 
characteristic of the elementary unit to be observed is its quality, its ability to 
cure some disease. Another problem may require observing the family income in a 
given state. Here the population includes all the households in that state, and the 
trait to be observed is the quantity of family income of the elementary units, the 
households. The result of observing an elementary unit is called an observation. 
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Since an observation is made on each elementary unit in the process of an investi¬ 
gation, we may consider a population as the totality of all pertinent observations 
which may be made in a given decision problem. 

Note that both the definition of a population and the characteristic of its 
elementary units to be observed depend upon the nature of the decision problem 
at hand. If the following list of examples is studied thoughtfully the importance 
of this concept will be evident. 

Example 1 Male Adults’ Hats 

1. Decision problem: To decide the appropriate quantities of hat production for male 
adults in accordance with varying sizes. 

2. Population: All American male adults. „.... 

3. Characteristic: Circumference of each male adult’s head. !; 

Example 2 Housing Supply 

1. Decision problem: To determine the effective supply of apartment units in New York 
City. 

2. Population: All apartments in New York City. 

3. Characteristic: Availability. 

Example 3 Acceptance of an Order 

1. Decision problem: To decide whether to accept or reject a shipment of television tubes. 

2. Population: All television tubes in the shipment. 

3. Characteristic: Time to failure. 

Example 4 Tax Policy 

1. Decision problem: For the government to determine a reasonable corporate profits tax. 

2. Population: All corporations in America. 

3. Characteristic: Net corporate incomes. 

Example 5 Corporation Policy 

1. Decision problem: For a firm to set up a pension plan. 

2. Population: All employees in the firm. 

3. Characteristic: Length of service of employees. 

Example 6 Quality of Production Process 

1. Decision problem: To determine the quality of steel rods produced by a certain process. 

2. Population: All steel rods which could have been produced by that process. 

3. Characteristic: Tensile strength, or diameter, or weight, or all three traits- 

Example 7 Sales Forecast 

1. Decision problem: To estimate future consumers’ demand. 

2. Population: All retail stores and mail-order houses. 

3. Characteristic: Volume of sales. 







8 STATISTICAL DECISION PROBLEMS 


Example 8 Testing Economic Theory 

1. Decision problem: To test whether marginal propensity to consume decreases with 
increase in income. 

2. Population: All American families. 

3. Characteristic: Family income and consumption expenditures. 

Example 9 Personal Investment 

1. Decision problem: To decide on investment in common stocks. 

2. Population: All common stocks listed in the New York Stock Exchange. 

3. Characteristic: Dividend rates. 

From the preceding list, it may be found that populations can be classified 
into two types: infinite and finite. An infinite population is one that includes an 
infinitely large number of elementary units. For instance, the sixth example in 
the list is such a population, since in this case the population is associated with 
the process of producing steel rods. Theoretically, such a population includes all 
the possible steel rods that could be produced if the manufacturing process con¬ 
tinued to operate indefinitely under given operating conditions. Another illustra¬ 
tion of infinite population is all possible outcomes when a die is thrown continu¬ 
ously and indefinitely. In the case of an infinite population complete information 
is clearly impossible to secure; consequently decision must be made on the basis 
of a sample. A population which is not indefinitely large or which contains only a 
finite number of items is said to be a finite population. There are a number of 
examples of finite population in the above list. The student can easily think of 
many others. 

It is also important to note that an aggregate of elementary units which is 
considered as the population in a given problem situation may also be considered 
as a sample in a different problem situation. For instance, in the third example, 
where the problem is to determine whether to accept or reject a shipment of tele¬ 
vision tubes, the population is defined to include all the tubes in the shipment. 
This very shipment, however, can also be considered as a sample drawn from an 
infinite population of television tubes if the problem is to make a decision on the 
process of production itself. In other words, the first problem is to determine the 
quality of the tubes in the shipment, and the second is to make a decision on the 
quality of the production process. 

Another point to be noted is that for a given problem the population may be 
defined in different ways. For instance, to estimate future consumers’ demand we 
may also define the population as all family units in the United States, and the 
characteristic to be observed becomes family income. For the same problem (the 
seventh example), the population includes all retail stores and mail-order houses, 
and the characteristic to be observed is the volume of sales. The first definition is 
based on the theory that consumers’ demand, among other things, may be con¬ 
sidered as a function of income. The second definition is founded on the knowledge 
that past sales can be considered as a reliable estimate of future purchases. 
Clearly, both sets of data are useful in solving the same problem. However, as to 
which definition would yield better results depends upon the investigator’s per- 
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sonal judgment. The important implication here is that in any statistical survey, 
the investigator must have a thorough knowledge in the field of investigation in 
addition to his skill in statistical techniques. This is true not only in defining 
statistical populations, but also at all stages of the statistical procedure. A 
statistician who does not have the theoretical knowledge in a given field should 
form a partnership with one who does in order to do research in that field fruitfully. 
Indeed, in many business and economic decision-making research projects, team¬ 
work is the rule rather than the exception. 

At this stage, the student may ask, Can the same population be used for 
decision making in different problem situations? This is an important but rela¬ 
tively easy question. A moment’s reflection will reveal that the same population 
and the characteristic of its elementary units, say, all American families and 
family incomes, can be used as a basis for decisions concerning (a) the future 
consumers’ demand, (b) the formulation of an individual income tax policy, (c) 
the standard of living of American people, (d) the pattern of distribution of 
income, and so forth. Actually, it is the possibility of using the same population 
to solve different problems that makes it advisable, once the nature of the decision 
problem is known, to check to see if there exist data, collected by others for other 
purposes, that can be used to advantage in solving our own problem. 


1.4 

Measurements of 
Elementary Units 


Statistics deals with numerical data. 
Characteristics of the elementary units must be expressed in terms of numbers so 
that they can be fed to statistical methods for refinement and analysis. Traits or 
characteristics of elementary units are of two kinds: quantitative and qualitative. 
Quantitative traits can be transformed into numerical data simply by measuring 
them directly by some units of measurement, such as a foot, an inch, a dollar, a 
pound, a yard. The results of measuring the quantities of the elementary units 
form the totality of observations, which are expressed numerically in terms of the 
units of measurement used. The values which the quantitative observations may 
assume are called variates. The variates together are called a variable. 

When the characteristics are qualitative they are not directly measurable. 
The elementary units can be classified only as having or not having a certain 
quality or property. Nevertheless, in many cases, the qualitative observations of 
elementary units, which are called attributes , may be expressed numerically. This 
is done by counting the numbers of the elementary units which have a certain 
attribute, such as males in a human population, or satisfactory or nondefective 
items in a population of some industrial products. In the process of enumerating, 
we score 1 for an element which has the attribute and 0 for one which lacks it. 
We are in effect assigning the qualitative observations numerical values, 0 or 1. 
With the completion of accounting we would get the total by adding the Is 
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together, and in so doing, we obtain a numerical result. The ability to express 
qualitative data quantitatively via the indirect approach to measurement opens 
up many areas, where direct measurement can never be applied, to statistical 
treatment. 

Very often quantitative data can also be treated qualitatively if the nature of 
the problem demands. As an example, a collection of ages of all the persons in a 
state is a variable, but it can also be treated as attributes if we are interested in, 
say estimating the eligible voters in that state. In this decision problem each 
person may be characterized by either of the two attributes: voting age or non- 
voting age. To treat a variable as an attribute is quite common in the work of 
statistical quality control. 

The discussion of measuring elementary units also leads us to the necessity 
of defining both the elementary unit and the characteristic of the elementary 
unit to be measured more carefully. In many cases it is simple and easy to identify 
the elementary unit in the population. Occasionally, however, this proves quite 
difficult unless the elementary unit is precisely defined. For instance, in decision 
problems concerning a housing situation, we often need to know the number of 
rooms in a given area instead of just the housing units. But what is a room? Do 
we consider a bath, a kitchen, a terrace, or a foyer a room? Confusion in measure¬ 
ment also often arises because of a lack of precise definition of the characteristic. 
The most obvious illustration is the characteristic of age. How are we to record a 
person’s age? At his last birthday? At his approaching birthday? At his nearest 
birthday? Also, are we interested in the characteristic age in years? Age to the 
nearest month? Age to the nearest day? Answers to these questions, of course, 
depend upon the purpose of the study. They should nevertheless be stated before 
actual measurements are made. 

Before we go on to a new section, let us return to the concept of a variable. A 
variable is a set of variates which, in turn, are the values of the quantitative 
observations. When the values of a variable are arranged into some order, from 
large to small or vice versa, a statistical series is formed. A series may be continuous 
or discrete. A continuous series is a variable which can assume any numerical 
value within a specific range. In such a series successive values may differ by 
infinitesimal amounts. In other words, a continuous series is one in which the 
units may be divided into fractions of any size, no matter how small, so that there 
is a continuous flow of measurements with graduations infinitely minute. Measure¬ 
ments of weight, height, length, time, or temperature represent a continuous 
series, since, though the scale is graded in units, cases can be found coinciding with 
any point on the scale. Thus, a ton of steel can be divided into hundredweights 
which, in turn, can be reduced to pounds, to ounces, or to millionths of an ounce, 
and so on without theoretical limits. Similarly, the diameters of steel rods may be 
measured to the nearest 0.001 inch, to the nearest 0.0001 inch, to the nearest 
0.00001 inch, or as precisely as desired. Also, the height of a man may be 5 feet, 
5K feet, 6i% 4 feet, or 8% 7 feet, or any other point on the scale between the 
shortest and the tallest height possible for a man. Clearly, all these examples are 
a continuous series because, in each case, the small units of measurements touch 
each other in a continuous flow of the variates. 
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The nature of some type of data, on the other hand, is such that the unit of 
measurement is not divisible. That is, the unit of measurement can be defined 
only in terms of integers. Consequently, each elementary unit has to be taken and 
measured in whole units or none. Observations of such data can assume only 
discontinuous values; that is, the variates vary with definite amounts. For 
instance, a family may have one, two, three, or eight children; but to have 2 34 or 
534 or any other fractional unit is clearly an impossibility. Again, the highest 
degree of precision in measuring family income is to the nearest cent. It cannot 
take any value ending in a fraction of one cent. A series in which measurements 
cannot fall between the units on the scale is called a discrete series. 

Although the theoretical distinction between continuous and discrete varia¬ 
tion is clear and precise, in practical statistical work it is only an approximation. 
The reason is that even the most precise instruments of measurement can be 
used only to a finite number of places. Thus, every theoretically continuous series 
can never be expected to flow continuously with one measurement touching 
another without any break in actual observations. However, this practical draw¬ 
back should not invalidate the simplifying assumption of the continuity of quanti¬ 
tative observations in statistical theory. Moreover, as will be explained in Chap¬ 
ter 2 and elsewhere, in the application of statistical methods, it is often helpful 
to treat discrete series as if they were continuous. What should be kept in mind 
is that in interpreting and using statistical results, the investigator should always 
pay attention to the logical distinction between the continuous and the discrete 
variables. 


1.5 


Distribution 
of Observations 


With a series we have a large group of 
numerical observations that form what we call statistical data. These observations 
vary in value from item to item. We are, however, not interested in the individual 
values separately, since statistics is mainly concerned with information about the 
whole population. To provide information about a population, it is neither neces¬ 
sary nor efficient to handle the observations individually. Instead, we usually try 
to summarize the individual observations in one form or another when we study 
a population. The most comprehensive summary of a complete collection of 
observations is called the frequency distribution. A detailed discussion of the con¬ 
struction and uses of frequency distributions will be found in Chapter 2. Here we 
wish to use this concept only in relation to the problem of defining the population. 

When the resistance of a lot of 500 units of a certain electrical product is 
measured and the results of the measurement (observations) are arranged into 
a series in ascending order, we first of all notice the range of the series, which is 
the difference between the highest and the lowest measurements of the series. 
Then we may proceed to divide the range into a number of steps, or classes, over 
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TABLE 1.1 FREQUENCY DISTRIBU¬ 
TION OF 500 UNITS OF A CER¬ 
TAIN ELECTRICAL PRODUCT 
CLASSIFIED ACCORDING TO 
RESISTANCE 


Resistance 

(ohms) 

Frequency 

2.7-2.9 

2 

3.0-3.2 

18 

3.3-3.5 

48 

3.6-3.8 

97 

3.9-4.1 

138 

4.2-4.4 

104 

4.5-4.7 

69 

4.8-5.0 

20 

5.1-5.3 

4 


which the observations are distributed. As a result a frequency distribution of the 
observations emerges. It is so called because it shows the number of observations 
(frequency) that falls into each of the classes. Each class will evidently have its 
own frequency, since the number of measures falling in each class will probably 
differ from that in any other class. A frequency distribution may be presented in 
tabular form, which is referred to as the frequency table. Table 1.1 is such a table. 

It may be noted again for stress that this distribution portrays a lot of 500 
units of a certain electrical product. It is considered here as a presentation of a 
population only in the sense that the decision problem at hand is concerned with 
the quality of this specific lot. If, however, our concern is with the quality of the 
manufacturing process of this electrical product, this distribution then actually 
presents a sample for the data covered. 

In concluding this section, we may point out that the concept of frequency 
distribution has been introduced as a summary measure of a statistical population. 
The value of this concept does not lie in the fact that it can summarize the popula¬ 
tion when the population is available. Instead, its value is that when we think in 
terms of the population distribution, even if the population is unavailable, we 
should be able to know which form of statistical data is needed in a problem situ¬ 
ation. In addition, frequency distribution is often needed to summarize data for 
further analysis. It is for these reasons that a detailed discussion of this concept 
will be presented later. 


1.6 


Specifying the 
Decision-Parameters 


As was explained earlier, whenever a 
problem can be solved with the aid of numerical data, the very first thing to do 
is to define the problem statistically; that is, define the statistical population and 
specify the decision-parameter. We have hitherto discussed the various aspects 
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of defining a statistical population; now we shall study the problem of selecting 
decision-parameters. 

A parameter is also called a true value. It is, as may be recalled, a single value 
derived by statistical methods in order to describe in a summary fashion the 
pertinent characteristics about a population. A population may have many 
characteristics and, therefore, it has just as many parameters. It often has a 
minimum value, a maximum value, a range, a total value of all the individual 
values or an aggregate, an average value of all the individual values, and so forth. 
A decision-parameter is a trait or property of a population that is required as a 
basis for making a decision. Clearly, not all parameters of a population are 
decision-parameters in a given problem situation. As in the case of defining a 
population, the selection of the appropriate decision-parameter depends upon the 
nature of the problem in hand. Different parameters are needed in different prob¬ 
lem situations. 

The subsequent sections are devoted to the question of selecting decision- 
parameters. The key to this topic is to ask: What must we know about the popula¬ 
tion in order to make a decision on the problem in hand? In answering this ques¬ 
tion, however, we shall not attempt to make a comprehensive description of all 
possible population parameters and their corresponding values in making various 
types of decisions. We shall, instead, study a few basic and simple parameters 
that will reinforce the idea that the selection of the appropriate decision-parameter 
depends upon the type of decision we wish to make. Furthermore, we shall not be 
concerned with the detailed computational procedures for the parameters: 
statistical methods of summarizing population characteristics are tfie same as 
those used to compute the corresponding sample statistics, and the latter will be 
fully treated elsewhere. 


1.7 


Frequency 

Distributions 


Since we already have some knowledge 
of the nature of frequency distributions, we shall begin with this concept. First of 
all, it must be recognized that a frequency distribution consists of a set of parame¬ 
ters, since each class frequency is a trait of the population. Often this whole set 
of parameters is needed for a decision problem. For illustration, consider a New 
York department store that has been in business for five years. In its men’s shoe 
department, 4500 pairs of shoes have been sold in the past and now management 
has decided to carry an inventory of 1000 pairs in the forthcoming year. The prob¬ 
lem is to decide how many pairs of shoes in each and every size it must carry. This 
problem situation clearly points to the fact that a frequency distribution of shoes 
sold in the past in accordance with size is needed for a decision. Now suppose the 
management has such a distribution constructed from sales records in the past, 
and the results are presented in the first two columns in Table 1.2. 

In order to be more useful for the present problem, the absolute frequencies 
must be converted into relative frequencies. This is done by dividing the total 
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TABLE 1.2 DISTRIBUTION OF SALES OF 
MEN’S SHOES BY SIZES IN A NEW YORK 
DEPARTMENT STORE, 1964-1968 


Size 

Number of Pairs 

Relative 

Frequency 

4^ 

10 

0.2 

5 

20 

0.4 

5 H 

40 

0.8 

6 

50 

1.1 

6H 

150 

3.3 

7 

300 

6.7 

m 

610 

13.6 

8 

920 

20.4 

8 M 

800 

17.8 

9 

750 

16.7 

9 H 

420 

9.3 

10 

200 

4.4 

10 H 

150 

3.3 

n 

40 

0.8 

UH 

30 

0.7 

12 

10 

0.2 

Total 

4500 

100.0 


frequency into the absolute frequency of each class and multiplying it by 100. 
Thus the relative frequency of a class is the absolute frequency of that class 
expressed as a percentage of the total frequency. Relative frequencies of the data 
under consideration are recorded in the third column in the above table. (Note 
that the sum of the relative frequencies is not precisely 100 because of rounding.) 
Now, with this information, a decision for the present problem can be readily 
made: the relative frequency distribution tells the department store manager 
that he should carry 0.2 percent of his stock in size 4J^, 3.3 percent in size 6J^, 
20.4 percent in size 8, and so on. 

In summary, we note that the problem is to decide on the proportion of a store’s 
shoe inventory that should be in various sizes after the total quantity of inventory 
has been determined. For this problem the population is defined as the sizes of its 
customers’ shoes and the appropriate decision-parameters are the relative fre¬ 
quency distribution of this population. Observe again that both the definition of 
the statistical population and the selection of the decision-parameter are deter¬ 
mined by the problem situation. 


1.8 


The 

Aggregate 


The aggregate of a population is simply 
the total or sum of the numerical values of the individual observations in the 
population. In order to study statistical methods with ease and precision, it is 
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essential to assign symbols to represent different measures and to express the 
relationships between different quantities by formulas. In general, population 
parameters are designated by letters of the Greek alphabet, and sample statistics 
by letters of the English alphabet. Now if we let A, the Greek capital letter alpha, 
stand for the aggregate and N as the total number of observations in the popula¬ 
tion, then the first sentence in this paragraph can be written as 

A = the sum of the N values of the variable „ . ... 

Also, in terms of notations, a population is generally represented by a set of 
observations of xi, x%, x%, * * * , x n , wherein each symbol stands for tjie value of 
one individual observation. Thus, the previous expression may be changed to 

A = Xi + X 2 + #3 + ‘ ' + X n 

For convenience, S, the Greek capital letter sigma, is used to represent the opera¬ 
tion of summing. With this notation, the above equation can be furthei reduced to 


i — 1 

where the letter i is used to designate the serial number, and the right side of the 
equation reads “the sum of the values of the variable from the first through the 
nth.” In practice, however, it is common to omit the subscript to the x and the 
references to it above and below the 2. The formula for the population aggregate 
can then be finally presented as follows: 

A = 2x d-i) 

Needless to say, the aggregate is a reasonable property only for a finite popula¬ 
tion. The aggregate of any infinite population would most probably also be 
infinite. Now, the question is, Under what conditions should we select the aggre¬ 
gate as a decision-parameter? 

The aggregate, as simple as it may be, is actually the key decision-parameter 
in many decision problems. In the field of economics, Gross National Product 
(GNP)—total monetary value of all goods and services produced during a year 
at market prices—is needed to decide, say, on the maximum proportion of the 
nation’s productive facilities that can be transferred to defense programs; the 
total personal income is helpful to reach a decision on a possible change in income 
tax legislation; the total quantity of money in circulation is required, among other 
things, for the Federal Reserve System to determine whether more currency 
should be issued or whether part of the currency outstanding should be withdrawn. 
In many business problems, attention is also focused on some aggregates. For 
example, before deciding to construct an apartment building in a given city, the 
real-estate firm must know the aggregate amount of the apartment units currently 
available. Again, information on the aggregate inventory on hand is needed before 
a decision can be made whether to increase or decrease the present stock. The 
following specific illustrations should crystallize these general ideas. 

Among its other responsibilities, the Federal Reserve System regulates the 
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nation’s supply of money. Now, if from the studies of the System’s economic 
research staff, it is considered that the appropriate supply of money should be 
$150 billion for the next six months, the decision problem is to determine whether 
the present supply of money should be increased, decreased, or left unchanged. 
The present supply, which, incidentally, is the sum of federal reserve currency, 
treasury currency, and demand deposits, may be considered as a population 
aggregate. Here, A, the aggregate, is the key decision-parameter, since, if the 
System can determine A, it also decides on the course of action to be taken. For 
example, if A is $135 billion, the System should increase the supply by $15 
bilhon;. if A is $160 billion, it should decrease the supply by $10 billion; If A is 
$150 billion, it should leave the supply as it is. 

It is interesting to note, from this simple illustration, the basic nature of the 
decision rule: alternative courses of action must be related to observations before 
observations are made. 


1.9 


The 

Proportion 


The proportion of a population, usually 
designated as tt (the Greek letter pi), is the ratio of the number of the elementary 
units, x, which possess a certain attribute, to the number of all the elementary 
units in the population, N. Symbolically, 

TT = x/N ( 1 . 2 ) 

For instance, if a survey is to be conducted on the smoking habits of the students 
in a certain college and it is found that 250 of the 800 students smoke cigarettes 
then x = 250, N = 800, and 

7r = x/N — 25 %oo — 0.3165, or 31.65 percent 

The proportion, though a very simple concept, is one of the most useful 
parameters in many decision problems. In deciding whether a lot of merchandise 
ordered, should be accepted or rejected, the decision-parameter is usually tt, the 
proportion of defective items. In a network’s decision on a course of action con¬ 
cerning a TV program, the proportion is also the key decision-parameter. For 
instance, the network may decide to continue the program if 12 percent or more 
of the audience watches it, and the network may drop the program if its rating is 
less than 0.12, or 12 percent. Again, the federal government may decide to take 
one type of action if the proportion of unemployment is 0.08 or more; to take 
another type of action if it is between 0.05 and 0.08; to take still another type of 
action if it is less than 0.05 but greater than 0.03; to take no action at all if it is 
0.03 and less. 

The proportion as a decision-parameter, like all decision-parameters, describes 
adequately the true state of nature of the statistical population. Consequently, it 
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eliminates the uncertainty of the problem situation and aids decision on the 
proper course of action. Clearly, the results of a decision depend not only on the 
decision made but also on the true value of the proportion. Unfortunately, it is 
often impossible to make w available. In the first place, we can count neither the 
number of elementary units having or lacking a certain attribute nor the total 
number of elementary units of the population if it is infinite. In the second place, 
even when dealing with finite populations, the calculation of t is merely academic 
because observations can be made only by the physical destruction of the ele¬ 
mentary units, as in the case of testing the tensile strength of steel rods. In situ¬ 
ations such as these, where complete information cannot be made available, our 
only alternative is to reduce the uncertainty of the true population values by 
utilizing sample information so that a basis may be furnished for rational action 
in the face of uncertainty. In any case, it is worth repeating, our focus on appro¬ 
priate decision-parameters at the initial stage of a survey enables us to answer 
such questions as these: What kind of information do we need for the problem? 
How should it be used if and when made available? 


1.10 

__ — 

Arithmetic Mean 


Another property of a population used 
frequently as a decision-parameter is the measure of an “average.” In statistics, 
as we shall see, there are many types of averages. The most important average, 
however, is the arithmetic mean, which we shall briefly discuss in this section. This 
particular measure also happens to be the most common average. When people 
talk about an average they usually refer to this measure. The arithmetic mean is 
simply the sum of the variates in a population divided by the total number of the 
variates. Thus, let ^ (the Greek letter mu) be the population arithmetic mean, 
£i, x 2 , Xz, x n , the values of the N observations of the population, the formula 
for the arithmetic mean becomes 

%i + x 2 + x 3 + • • • x n 

n = - ---—- 

N 

which, by using the summation sign, may be written as 

Hx 

* = (L3 > 

The arithmetic mean is often the key decision-parameter in statistical problem 
situations. Indeed, as will be seen, the chapters on inductive statistics in this book 
are mainly concerned with this concept. It would suffice simply to mention here 
a few situations where the arithmetic mean describes adequately the true state 
of the problem and thereby serves as the basis for decision. For instance, in decid¬ 
ing whether or not a shipment of cargo should be accepted, the arithmetic mean 
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may be the appropriate decision-parameter. It may be, say, the mean durability 
of a shipment of automobile tires, or the mean weight of a lot of drained weight of 
canned meat, or the mean tensile strength of an order of steel wires. Again, in 
setting up the price of the products of a firm, management may use the arithmetic 
mean of the selling prices of all the firms in the industry as the basis for decision. 
Finally, decisions on changes in wage rates are often made on the basis of some 
price index—average of price-relatives. As a matter of fact, the wages of more than 
four million unionized workers in this country are tied by contract to the Consumer 
Price Index constructed and published by the United States Bureau of Labor 
Statistics. 

It may be observed at this point that the arithmetic mean and the aggregate 
can sometimes be used interchangeably as a basis for selecting the appropriate 
course of action. The reason is the mathematical relationship between these two 
concepts. From the properties of their formulas it is easy to see that 

jj, = A/N and A = JV/x 

In a problem situation, however, where either the mean or the aggregate can 
serve as the decision-parameter, the former is always preferred over the latter. 
This is so because the aggregate may often be misleading, whereas the arithmetic 
mean is always clear and exhaustive. For instance, if it is desired to determine the 
relative efficiencies of two firms producing an identical commodity, we may use 
either total costs—the aggregates—or the average costs—the arithmetic mean—as 
the decision-parameter. Clearly both parameters will serve equally well in this 
problem if the two firms also by chance produce the same amount of outputs. 
However, the use of total-cost data would easily lead to wrong conclusions if the 
firms have different levels of output. To avoid this possible confusion, the aggre¬ 
gate should be converted into per unit figures; that is, total costs should be 
changed into average costs of production before the decision is made. 


1.11 

The Variance and 
the Standard Deviation 


From our previous discussions on meas¬ 
uring elementary units and frequency distributions, it is easy to see that every 
population is characterized by some degree of variability. The value of one variate 
usually differs from all the rest in the same series. Thus, we may find that steel 
wires produced by the same manufacturing process may differ from each other in 
tensile strength. Radio tubes in the same shipment may have different durabilities. 
Prices of the same drug vary from store to store in the same city. Family incomes 
of all the households in the same nation are seldom the same. 

Although populations are almost invariably characterized by some variability, 
the degree of variation in one may be greater than that in another. When a 
population has a relatively small variability, we say its elementary units are rela- 
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tively consistent or uniform. On the other hand, when the elementary units in a 
population differ greatly from each other in value, they are said to have a high 
degree of variability. But how can variability, or uniformity—the lack of vari¬ 
ability—be measured? Also, why should we be concerned with variability? We 
shall answer these two questions briefly, but in reverse order. 

We are concerned with variability mainly because our decisions in many prob¬ 
lem situations depend upon the population variations. In other words, a measure 
that can describe variation adequately will serve as the decision-parameter. To 
illustrate, suppose there are available to management two different manufacturing 
processes with which to produce automobile batteries. Moreover, suppose batteries 
produced by both methods have the same mean life. Under these circumstances, 
how can management decide which process is better? There may be several 
criteria for this decision problem. However, the degree of variability should be 
considered as the key decision-parameter. The reason is that, other things being 
equal, the more uniform, or the less variable, the outputs the better the process. 

The fact that every manufacturer always strives to produce a product that 
will be as uniform as possible should not blind us to the possibility that in some 
situations a given course of action may be taken only if the population has a high 
degree of variability. Examples in which variability is a criterion for decision may 
be found in stock speculation, where speculators are interested in buying or selling 
only securities which have great variations in prices, and in the garment industry, 
where clothes are produced in different sizes. 

How can we define a procedure for obtaining a single number to represent 
the variation in a population? As a matter of fact, there are several methods for 
this purpose. However, we shall introduce only variance and its related measure, 
standard deviation, in this section. Our special attention to these measures is due 
to their mathematically definable properties and to their unique importance in 
the theory of sampling. 

The variance of the population is simply the average of the squared deviations 
of the individual values from the mean; namely, if we denote variance by a 2 , 
we have 

o (Xi — m) 2 + (%2 — m) 2 + (^3 — m) 2 + ' • • + (%n — m) 2 

' =- N — 

= ~ * )2 (!.«> 

N 

Standard deviation is defined as the square root of mean squared deviations from 
the mean; that is, _ 

a = / Z ( x ~ ^ (1.5) 

\ N 

Both the variance and the standard deviation are measures of variability in 
a population. These two measures are closely related, as indicated by formulas 
(1.4) and (1.5). It is easy to remember that the variance is the average squared 
deviations from the arithmetic mean and that the standard deviation is the square 
root of the variance. Later, it will be shown that sometimes it is more convenient 



20 STATISTICAL DECISION PROBLEMS 


to use the variance; and on other occasions to think in terms of the standard 
deviation. 

We shall have the opportunity in subsequent chapters to show the importance 
of variance and standard deviation in the development of statistical methods as 
well as their proper use and interpretation. For the time being it is necessary to 
point out two things about these two measures that you must now remember. In 
the first place, the variance or the standard deviation is a single summary number 
that describes the variability in a population. The smaller the value of a 2 or a, the 
smaller the variability or the greater the uniformity in the population. Second, in 
general, the term “variation” means the departure from a norm. Thus, a measure 
of variability is one that measures the extent to which there are differences between 
individual observations and some central or average value. Indeed, it should be 
clear from the present discussion that the definition of variance is based on the 
differences of the individual items from the arithmetic mean of the population. 


Glossary of Formulas 


(1.1) A — Lx The aggregate of a population is defined as the sum of values of ail individual 
variates of the population. This formula can be applied only to finite populations. 

(1.2) 7r = z/A T The proportion of a population is the ratio of the number of individual ob¬ 
servations having a certain attribute to the total number of observations of the population. 

Lx 

(1.3) M = — The arithmetic mean of a population is considered as the sum of values of 

all the individual observations in the population divided by the total number of observations in 
the population. 


/i n\ •> — Av 

( 1 . 4 ) o- = —- The variance of a population is the sum of the squares of the devia¬ 


tions of the individual observations from the arithmetic mean of those observations divided by 
the number of observations. 


The standard deviation of a population is simply the square root 

of the population variance. Note that the variance is the mean square of the deviations and 
that the standard deviation is the square root of the mean square of the deviations. 


(1.5) 


'"V 


S( » - m ) 2 
N 


Problems 


1.1 As you know, in any scientific study it 
is of vital importance to define precisely the 
technical terms in the field. You should 
therefore try to understand every term 
thoroughly the first time you see it. What 
are the new terms you have learned in this 
chapter? What do they mean? 

1.2 Most of you are now also taking a course 
in accounting, and you now know that both 


courses are concerned with figures. Do you 
think there is any difference between these 
two branches of studies? If so, what is it? 

1.3 Statistics has been used to study both 
social and physical sciences. Is there a basic 
difference in statistical methods as applied 
in these two different areas? Why or why not? 

1.4 In what sense do we say that a basic 
knowledge in statistics is essential to be- 
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coming an efficient citizen in a modern 
democracy? 

1.5 It was stated that there are five distinct 
stages in a statistical investigation. What are 
they? Can you regroup the chapter headings 
in the table of contents in accordance with 
these stages? 

1.6 What is the difference between de¬ 
scriptive statistics and inductive statistics? 
Can you think of some examples to illustrate 
the difference? 

1.7 “Statistics is always concerned with 
mass phenomena and never with a single 
observation.” Comment. 

1.8 What is the most difficult aspect in 
decision making? Why does this difficulty 
arise? 

1.9 What do we mean by uncertainty? De¬ 
scribe the two types of uncertainty introduced 
in the text. Which type of uncertainty is the 
main concern in decision making? Why? 

1.10 What is the meaning of statistical 
decision? Give some examples of your own to 
illustrate the process of statistical decision. 

1.11 Can we always make the right de¬ 
cision when we use statistical theory and 
methods? Why or why not? 

1.12 Give some illustrations to show the 
decision rule that decisions are related to 
observations before observations are made. 

1.13 Consider the following problem situa¬ 
tions: 

a. A 1.5 percent sales tax is proposed as a 
source of governmental revenue in a small 
town. The financial adviser to the mayor esti¬ 
mated that unless the annual yield of the tax 
is at least $15,000 it would not be worthwhile 
to consider the proposal. Thus it is suggested 
that the total annual retail sales of the city be 
determined in order to calculate the yield 
of the proposed tax. 

b. An electrician plans to open a TV service 
shop in a suburb. To provide a basis for his 
inventory policy, he feels he must have 
information about the number and make of 
television sets owned by the families in the 
area. 

c. In order to provide information on business 
opportunities in a certain state, the state 
government wishes to estimate the current 
population and per capita income in the state. 

d. A soap manufacturer wishes to determine 


whether housewives prefer floating bath 
soaps over the ordinary type. 

For each of the above problem situations: 

1. Specify the alternative courses of action, 
states of nature, and consequences. 

2. Indicate the uncertainty attached to the 
problem and explain how numerical data 
could eliminate or reduce the uncertainty. 

3. Formulate a decision rule. 

1.14 What is a statistical definition of the 
problem? 

1.15 Although we generally use sample 
information as the basis of statistical de¬ 
cision, we must always think in terms of com¬ 
plete information at the initial stage of a 
survey. What are the reasons for this rule? 

1.16 Define in your own words the following 
terms: elementary unit, observation, variate, 
attribute, and decision-parameter. 

1.17 Differentiate these pairs of concepts 
and cite some examples of your own for each: 
continuous and discrete series, and finite 
and infinite population. 

1.18 Define the population, identify the 
elementary unit, and state the characteristic 
to be observed in each of the following 
problem situations: 

Problem 1 To determine whether a roulette 
wheel is biased. 

Problem 2 To decide the premium rates of 
life insurance. 

Problem 3 To determine the farm policies of 
a central government. 

Problem 4 To decide on the type of heating 
that should be used for a new 
housing project in a small city. 

1.19 Give some examples of decision prob¬ 
lems where the frequency distribution, the 
aggregate, the proportion, the arithmetic 
mean, or the standard deviation may be con¬ 
sidered as the key decision-parameter. 

1.20 Many problems usually involve two or 
more decision-parameters. Can you think of 
any problem that might need, say, the arith¬ 
metic mean and the standard deviation for 
its solution? 

1.21 It is physically impossible to make a 
decision on the basis of complete informa¬ 
tion in mariy problems. Can you cite such 
problems? What are the reasons for your 
selection? 




FREQUENCY 

DISTRIBUTIONS 


2.1 


Introduction 


Statistical decisions are based on numeri¬ 
cal data. However, data are needed only when the state of nature is unknown 
and the decision maker is actually uncertain about the most desirable course of 
action to be taken. Again, if data are needed, we must further decide whether the 
decision should be based on complete or partial information. Thus, a decision can 
be made without any numerical observation, on the basis of some observations, or 
on all pertinent observations. Which of these three courses should be taken in a 
given problem situation? The answer to this question depends upon the statistical 
definition of the problem. Sometimes we may find that, once a problem is ex¬ 
pressed in statistical terms, no more uncertainty exists as to which course of 
action is the wisest. In such a case, no observations would be necessary to reach a 
decision. 

In many situations, however, statistical definitions of problems indicate only 
what type of information is needed and how it should be used, once obtained, 
without eliminating or reducing uncertainties associated with the problems. 
Under these circumstances, data must be collected and used for final decisions. 
Whether complete information—population data—or partial information—sam¬ 
ple data should be used in a given problem situation depends upon many factors. 
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In general, population data are preferred if the population is relatively small, if 
it is not very costly to obtain complete observations, and if observation can be 
made without destroying the elementary units. However, these conditions are 
seldom met; consequently, statistical decision, as a rule, is based on sample 
information. In using sample data, we are mainly concerned with three questions: 
How large should the sample be? How should sample data be selected? What 
constitutes a well-designed sample? These questions fall into the scope of sampling 
design—a topic to be taken up in Chapter 11. 

After data have been made available, the next step in statistical analysis is to 
describe their properties. To describe data is to compute a proportion, a mean, a 
standard deviation, a correlation, or some other summary measure of the observa¬ 
tions comprising a population or a sample. It may be recalled that a descriptive 
measure for a population is called a parameter and that the analogous summary 
measure for a sample is a statistic. Hence the term descriptive statistic refers to 
either parameter or statistic. It is important to keep clearly in mind at all times 
whether a population or a sample is under investigation. To aid in this distinction, 
as pointed out in Chapter 1, we shall use Greek letters to represent population 
parameters and Roman letters to represent statistics. We shall, beginning with 
this chapter, discuss the methods of computing sample statistics. It should be 
remembered, however, that a statistic is often needed not for its own sake but 
for learning about the corresponding parameter. In other words, the main purpose 
of computing a statistic is to furnish a basis for making inferences about a popula¬ 
tion parameter. This is important because the solution of a decision problem 
depends upon our knowledge of the population parameter. 

The type of data needed depends upon the decision problem to be solved. 
Appropriate descriptive measures, in turn, depend upon the nature of the data. 
Data may be gathered simultaneously so that the time element is not involved. 
This type of data, furthermore, may include only one variable or two or more 
variables, called, respectively, univariate , bivariate, and multivariate data. Illus¬ 
trations of univariate data include the diameters of a collection of st^el wires, the 
heights or ages of a group of people, the wages of a given type of worker, the differ¬ 
ent uses of land in a certain region, a lot of industrial output classified according 
to defective and nondefective items, and so on. For this type of data we are 
mainly interested in describing the distribution of the individual items, their 
averages, and their tendency to vary from the average. 

Income and consumption, heights and weights of college students, test scores 
and sales of the salesmen of a corporation, and prices and quantities of a com¬ 
modity bought are illustrations of bivariate data. An example of multivariate 
data may be the price of beef, the price of pork, and the quantity of beef sold. For 
data that include two or more variables, description of the relationships between 
the variables is our main concern. 

A sample may contain data that show the magnitude of a variable at successive 
points of time. Such data are called time series. Examples are the population of the 
United States since 1800, production of cars during the past fifty years, average 
wholesale prices of the years 1955-1968, and so forth. Here our interest is in 
describing the various types of change of a variable through time. 
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Summary measures for bivariate data and time series will be presented in 
Chapters 16 through 20. In this chapter and in the two that follow we shall be 
concerned with descriptive statistics for a single variable collected at a given point 
of time. 

As has just been mentioned, the description of a single variable, for which 
time is not a factor, involves three main measures: the distribution, the average, 
and the variation of the variable. Computations of the last two measures often 
need the first as the basis. Hence we shall begin our formal analysis of mass data 
with the distribution of a variable. At this point, however, it is important to 
distinguish between a numerical (or quantitative) and a categorical (or qualita¬ 
tive) distribution. A distribution is said to be numerical if the data are recorded 
m magnitudes. A categorical distribution, on the other hand, refers to data classi¬ 
fied qualitatively. (Can you think of some illustrations for each type of distribu¬ 
tion?) The sections immediately following deal with the construction of numerical 
distributions and their graphic presentation. Problems concerning the construc¬ 
tion of categorical distributions will be taken up in section 2.8. 


2.2 

Organizing Data: 

The Array and 
Frequency Table 


Statistical data in the raw form may be 
presented as in Table 2.1, which itemizes the average weekly earnings of 142 
messenger boys in New York City. What does this table mean? 

Since the figures are arranged more or less at random, to the untrained mind 
the table means almost nothing. Anyone who is good at scanning a set of figures 
will be able to discover, after a couple of minutes and with considerable effort, the 
minimum and maximum values in the table. He may also know that he can obtain 
an “average” of some kind by summing up the individual values and dividing the 
sum by the number of items in the series. But this would be all the information 
he could squeeze out of the table. 

To get more information and to get it quickly from numerical data, the data 
must be organized in some systematic fashion. The simplest device for organizing 
data systematically is to form an array, an arrangement of items according to 
magnitude. It can be formed either in ascending (from the lowest to the highest 
values) or descending (from the highest to the lowest values) order. In Table 2.2, 
the average weekly earnings of 142 messenger boys have been rearranged from 
Table 2.1 into an array of the ascending order. 

Such an array has certain distinct advantages over the data in the raw form. 
Many characteristics of the variable can be learned easily and quickly from it. 
First, simply a glance at the array tells us that the range of the average weekly 
earnings of the messenger boys in the sample is $3.91. Second, it shows clearly 
that there is a great concentration of the average weekly earnings near $67.50. 
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TABLE 2.1 


Average Weekly Earnings of 142 Messenger Boys in New York City, 1908 


$68.00 

$68.03 

$67.79 

$67.48 

$68.05 

$67.05 

$ 66.03 

66.07 

67.09 

67.49 

67.80 

68.06 

68.05 

68.07 

69.50 

69.54 

69.48 

69.46 

67.47 

67.78 

69.00 

66.10 

66.14 

67.81 

68.09 

67.51 

67.12 

68.11 

67.82 

67.53 

67.14 

67.15 

67.20 

67.17 

66.95 

67.47 

67.75 

67.96 

68.99 

68.98 

68.93 

68.85 

68.82 

68.45 

68.30 

68.20 

68.15 

66.21 

66.29 

67.20 

67.18 

67.83 

67.54 

67.85 

67.55 

68.15 

68.17 

67.85 

68.18 

69.94 

69.20 

69.15 

68.95 

67.94 

67.75 

67.44 

66.93 

66.42 

67.74 

66.93 

66.34 

66.37 

67.22 

67.55 

67.85 

68.22 

68.29 

67.88 

67.55 

67.23 

66.40 

68.91 

67.92 

67.73 

67.41 

66.92 

66.40 

67.71 

67.92 

67.91 

68.87 

68.84 

68.80 

66.91 

69.84 

69.45 

68.78 

67.90 

66.87 

67.38 

67.68 

66.84 

67.32 

67.68 

67.88 

66.73 

66.83 

66.81 

67.32 

67 66 

67.86 

68.64 

69.61 

69.65 

68.33 

67.89 

66.53 

67.25 

66.60 

67.57 

66.71 

67.25 

67.58 

67.80 

68.40 

69.73 

69.24 

68.60 

66.80 

69.21 

66.78 

69.12 

69.20 

68.47 

69.17 

66.75 

67.28 

67.61 

67.83 


67.29 

67.65 

67.85 






Total $9^2.74 


TABLE 2.2 


Array 

for Average We 

:ek!y Earnings 

of 142 Mess 

enger Boys in New 

York City, 

1968 

$66.03 

$66.91 

$67.32 

$67.71 

$67.90 

$68.30 

$69.15 

66.07 

66.92 

67.38 

67.73 

67.91 

68.33 

69.15 

66.10 

66.93 

67.41 

67.74 

67.92 

68.40 

69.20 

66.14 

66.93 

67.44 

67.75 

67.92 

68.45 

69.20 

66.21 

66.95 

67.47 

67.75 

67.94 

68.47 

69.21 

66.29 

67.05 

67.47 

67.78 

67.96 

68.60 

69.24 

66.34 

67.09 

67.48 

67.79 

68.00 

68.64 

69.45 

66.37 

67.12 

67.49 

67.80 

68.03 

68.73 

69.46 

66.40 

67.14 

67.51 

67.80 

68.05 

68.78 

69.48 

66.40 

67.15 

67.53 

67.81 

68.05 

68.80 

69.50 

66.42 

67.17 

67.54 

67.82 

68.06 

68.82 

69.54 

66.53 

67.18 

67.55 

67.83 

68.07 

68.84 

69.61 

66.60 

67.20 

67.55 

67.83 

68.09 

68.85 

69.65 

66.71 

67.20 

67.55 

67.85 

68.11 

68.87 

69.73 

66.75 

67.22 

67.57 

67.85 

68.15 

68.91 

69.84 

66.78 

67.23 

67.58 

67.85 

68.15 

68.93 

69.94 

66.80 

67.25 

67.61 

67.85 

68.17 

68.95 


66.81 

67.25 

67.65 

67.86 

68.18 

68.98 


66.83 

67.28 

67.66 

67.88 

68.20 

68.99 


66.84 

67.29 

67.68 

67.88 

68.22 

69.00 


66.87 

67.32 

67.68 

67.89 

68.29 

69.12 
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Finally, it also reveals roughly the distribution pattern of the series. Although 
there are a number of gaps among the average weekly earnings, the series does 
give a roughly continuous appearance. In addition, the array shows that about 
85 percent of the items are distributed between $66.50 and $69.50 and more items 
are below $66.50 than above $69.50. 

The array is often a practical and useful device in presenting data which 
include only a small number of items. Thus, for example, to study the subsidies 
that a state grants its cities for the operation of public utilities, the leading cities 
in the state may be arranged in an array according to population. It may also be 
instructive to array the per capita income of the various states and to consider 
the reasons for the differences. The array, however, is still a very cumbersome form 
of data organization, especially when a large sample is involved. Moreover, its 
usefulness is exhausted after a few types of information have been obtained from 
it. It is therefore desirable to compress the data into a more compact form and to 
permit the use of more complex analytical methods to reveal still other obscure 
relationships in the data. To condense and simplify data without losing the essen¬ 
tial details is the purpose of the frequency distribution, an arrangement of data 
which shows the frequency of occurrence of values in each of a relatively small 
number of size-classes. The tabular presentation of such a summary of data is 
known as the frequency table . 

To distribute a mass of raw data over the classes that have already been 
established we use either a tally sheet or the entry form. (Or, if the data are 
recorded on punch cards—a widely used procedure in handling large samples— 
the sorting and counting can be automatically made in a single procedure.) 
Tallying, as shown in Table 2.3, involves establishing classes and representing 
each item which falls in each class by one diagonal stroke; the number of items in 
each class is then counted. 

The use of the entry form is illustrated by Table 2.4. In this procedure, the 
classes are set up horizontally at the top in an ascending order from left to right. 
The actual items are entered into the appropriate classes. The items that fall into 
each class are then counted and recorded at the bottom of that class. The total 
figures in the classes constitute the class frequencies. The entry form is more 


TABLE 2.3 TALLY SHEET FOR AVERAGE WEEKLY EARNINGS OF 142 MESSENGER BOYS IN 

NEW YORK CITY, 1968 


Average Weekly 
Earnings 



Tally 



Number of 
Messenger Boys 

$66.00-$66.49 

m 

m 

/ 



11 

66.50- 66.99 

m 

m 

m 



15 

67.00- 67.49 

m 

m 

m 

mi 

mi 

24 

67.50- 67.99 

m 

m 

im 

im 

mi 



nu 

m 

m 



40 

68.00- 68.49 

m 

m 

im 

mi 


20 

68.50- 68.99 

m 

m 

mi 



14 

69.00- 69.49 

m 

m 

i 



11 

69.50- 69.99 

m 

ii 




7 
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TABLE 2.4 ENTRY FORM: AVERAGE WEEKLY EARNINGS OF 142 MESSENGER BOYS IN NEW YORK 

CITY, 1968 


$66.00- 
$66.49 

$66.50- 
$66.99 

$67.00- 
$67.49 

$67.50- 
$67.99 

$68.00- 
$68.49 

$68.50- 
$69.99 

$69.00- 
$69.49 

$69.50- 
$69.99 

66.03 

66.53 

67.05 

67.51 

68.00 

68.60 

69.00 

69.50 

66.07 

66.60 

67.09 

67.53 

68.03 

68.64 

69.12 

69.54 

66.10 

66.71 

67.12 

67.54 

68.05 

68.73 

69.15 

69.61 

66.14 

66.75 

67.14 

67.55 

68.05 

68.78 

69.15 

69.65 

66.21 

66.78 

67.15 

67.55 

68.06 

68.80 

69.17 

69.73 

66.29 

66.80 

67.17 

67.55 

68.07 

68.82 

69.20 

69.84 

66.34 

66.81 

67.18 

67.57 

68.09 

68.84 

69.21 

69.94 

66.37 

66.83 

67.20 

67.58 

68.11 

68.85 

69.24 


66.40 

66.84 

67.20 

67.61 

68,15 

68.87 

69.45 

(7) 

66.40 

66.87 

67.22 

67.65 

68.15 

68.91 

69.46 


66.42 

66.91 

67.23 

67.66 

68.17 

68.93 

69.48 



66.92 

67.25 

67.68 

68.18 

68.95 

(ID 


(ID 

66.93 

67.25 

67.68 

68.20 

68.98 




66.93 

67.28 

67.71 

68.22 

68.99 




66.95 

67.29 

67.73 

68.29 






67.32 

67.74 

68.30 

(14) 




(15) 

67.32 

67.75 

68.33 






67.38 

67.75 

68.40 






67.41 

67.78 

68.45 






67.44 

67.79 

68.47 





67.47 67.80 

67.47 67.80 (20) 

67.48 67.81 

67.49 67.82 
67.83 

(24) 67.83 

67.85 

67.85 

67.85 

67.85 

67.86 

67.88 

67.88 

67.89 

67.90 

67.91 

67.92 

67.92 
67.94 
67.96 
(40) 


laborious than tallying; however, it has certain advantages over the latter: (1) it 
is easy to find the wrong entries by scanning the columns; (2) reclassifications can 
be readily made with little effort if the original classes are unsatisfactory; (3) it 
enables us to find out how closely the mid-value of a class agrees with the average 
of the values of the items in that class. 

Note that the construction of both tally sheet and entry form can be accom- 
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TABLE 2.5 FREQUENCY TABLE: AVERAGE 
WEEKLY EARNINGS OF 142 MESSENGER 
BOYS IN NEW YORK CITY, 1968 


Average Weekly Earnings 
(dollars) 

Number of 
Messenger Boys 
(frequencies) 

66.00-66.49 

11 

66.50-66.99 

15 

67.00-67.49 

24 

67.50-67.99 

40 

68.00-68.49 

20 

68.50-68.99 

14 

69.00-69.49 

11 

69.50-69.99 

7 

Total 

142 


plished with much greater ease if an array of the series is available. However, the 
items can also be arranged—with more effort, of course—from the raw data, 
because the only thing needed for tallying or for making an entry form is the num¬ 
ber of classes, which, as will soon be shown, can be determined once the range and 
the number of items in the series are known. In practice, an array is never con¬ 
structed solely for the purpose of making a frequency distribution, since too much 
time and effort are required for making it. 

The results of the tally sheet or the entry form may now be presented in a fre¬ 
quency table, such as Table 2.5. 

There are some technical terms for the frequency table which the student 
should know. Each stated interval, such as 66.00-66.49, is called a class. The 
boundaries of classes are called class limits. The lower values of the classes, such 
as 66.00, 66.50, and so on, are called lower limits; the higher values, such as 
66.49, 66.99, and so on, are the upper limits. The width of a class is called the 
class interval, which is the difference between two successive lower class limits. In 
Table 2.5, the class interval is SO.50 or 50^. The number of values of the series 
(here, wages) which fall in a class is known as the class frequency . In Table 2.5, 
the total number of classes is 8 and the total number of frequencies is 142. Hence, 
the table summarizes 142 variates by distributing them into 8 size-classes. 

The frequency distribution achieves condensation of data by losing the identity 
of the individual values. Despite this loss of identity, a great deal has been gained 
by this condensation. First, it can be seen that all the information revealed by the 
array can be obtained from the frequency distribution with greater ease. Second, 
the frequency distribution not only shows clearly the concentration of the indi¬ 
vidual values; it also brings out the pattern of the tendency for the individual 
values to vary above and below the concentration. Third, with data formed into a 
frequency distribution, comparisons between two or more series can be made 
more readily. As will be shown later in this chapter, such comparison is further 
facilitated when frequency distributions are presented in graphic forms. Finally, 
frequency tables are indispensable for speeding up computations of many other 
descriptive measures that will be taken up in the next two chapters. 
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2.3 

Problems of 
Constructing Numerical 
Frequency Distributions 


There are many important considera¬ 
tions bearing on the construction of numerical frequency distributions. The first 
main problem is the determination of an appropriate number of classes. Although 
there is no precise rule for this decision, we generally try not to have too many or 
too few classes for a frequency distribution. The basic reason for grouping data is 
to reveal the pattern of distribution. The use of too many classes tends to produce 
irregularities in class frequencies (such as 5, 11, 8, 20, 30, 28, and so on) and to 
obscure the concentration of values. The employment of too few classes oversum¬ 
marizes the data, and some valuable information is lost in the process. In practice, 
we try not to have a frequency distribution with less than 5 or more than 15 
classes. The precise number of classes to be used for a given variable depends upon 
personal judgment and other considerations bearing on the construction of fre¬ 
quency distribution to be discussed later in this section. 

To determine the approximate number of classes, the beginner may use the 
Sturges rule as a guide: 

k = 1 + 3.3 log n ( 2 .i) 

where 

k = the approximate number of classes 

n — the total number of observations in the sample * 

log = the ordinary logarithm to the base of 10 
For instance, the series used as an illustration here is composed of 142 observa¬ 
tions; we have, then, 

k = 1 + 3.3 log 142 = 1 + 3.3(2.15229) = 8 

This is exactly the number of classes we have for the distribution of the messenger 
boys earnings. However, the student must realize that the Sturges formula yields 
only the approximate number of classes. Thus, when k = 8 we may eventually 
choose a number close to it, such as 7 or 9. Also, the use of this formula may give 
unreasonable results when the number of observations is either very large or very 
small. As a final warning, let the student be reminded that the Sturges rule is not 
a substitute for sound judgment. 

The selection of the appropriate number of classes may also be aided by two 
additional considerations: (1) The number of classes selected should result in a 
monomodal instead of a bimodal distribution. (A monomodal distribution has 
only a single peak, with class frequencies continuously increasing to a maximum 
and then decreasing progressively. A bimodal distribution contains two peaks.) 
(2) The number of classes should enable the observations to cluster around the 
class mid-point , which is the point in the middle of the class. The class mid-point, 
as will be seen, gains importance because, in a frequency distribution, the indi¬ 
vidual values in each class arc represented by its mid-point. 
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Once the number of classes is selected, the approximate class interval can then 
be derived. This is done by dividing the number of classes into the range of the 
series. The approximate class interval, for convenience in additional computations 
as well as easy reading, should be changed to some convenient number, like 1, 5, 
10, 25, and so on; a number like 7, 13, 29, and so on, should be avoided. For 
instance, the approximate class interval for the data of the messenger boys’ 
earnings is slightly less than $0.49 and the actual class interval used is $0.50. To 
meet this requirement, it is permissible to write the lower class limit of the lowest 
class below the lowest value of the series and to write the upper class limit higher 
in value than the highest value in the series. (Compare Tables 2.2 and 2.5.) 

Whenever possible, a frequency table should be formed with equal class inter¬ 
vals : uniformity facilitates comparisons of class frequencies and computations of 
certain statistical measures. Often, however, it may turn out to be impractical and 
even undesirable to observe this rule. Sometimes there are large gaps in the data 
and, consequently, the use of equal class intervals would result in great irregu¬ 
larities—with no frequencies or only a few items in some classes. Moreover, uni¬ 
form class intervals may show unnecessary details of parts of high-valued items 
and insufficient information for the distribution of those of low value. Because of 
these reasons, frequency distributions of varying class intervals are often con¬ 
structed. Table 2.6 shows a distribution of unequal class intervals. In this instance, 
class intervals vary from $1,000.00 to $500,000.00. The purpose in this case is to 
show more detailed information of the distribution of tax returns from lower- 
income groups. 

To overcome the shortcomings necessitated by varying class intervals, we 
compute what is called the frequency density. This is done by estimating what the 
class frequencies would be if a uniform class interval were used. Thus, in column 3 
of Table 2.6, frequency densities are computed, assuming the same class interval 
of $1,000.00. On the basis of frequency densities the distribution can now be 
interpreted and graphed and certain measures can be calculated. The introduction 
of the concept “frequency density” enables us to define more precisely the quan¬ 
tity measured by the size-classes. “Frequency” is a loose description of this 
quantity. More precisely, it represents the density of the observations—the num¬ 
ber of cases—per unit of the class-sizes. This idea will become more apparent 
when we discuss graphic presentations of frequency distributions later. 

After the number of classes and the class intervals are fixed, there remains 
the important problem of setting up the class limits. The following considerations 
bear on this problem. 

Class limits should be mutually exclusive: there should be no doubt as to the 
class to which a given item belongs. Thus, such class limits as those shown below 
are not mutually exclusive, and should never be used: 

$1000-$!500 
1500- 2000 
2000- 2500 
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TABLE 2.6 DISTRIBUTION OF FEDERAL INCOME TAX RETURNS 
BY SIZE OF INCOME, 1964 


Adjusted Gross Income 
(in dollars) 

Number of 
Returns 
(in thousands) 

Frequency 
Density, Num¬ 
ber of Returns 
per $1000 of 
Income 
(in thousands) 

Under 1000 

520 

520 

1000 and under 2000 

4274 

4274 

2000 and under 3000 

4231 

4231 

3000 and under 4000 

4995 

4995 

4000 and under 5000 

5365 

5365 

5000 and under 6000 

5474 

5474 

6000 and under 7000 

5315 

5315 

7000 and under 8000 

4801 

4801 

8000 and under 9000 

3858 

3858 

9000 and under 10,000 

3019 

3019 

10,000 and under 15,000 

6593 

1318.6 

15,000 and under 20,000 

1457 

291.4 

20,000 and under 50,000 

1209 

40.3 

50,000 and under 100,000 

159 

3.19 

100,000 and under 500,000 
500,000 and under 

35 

0.0875 

1,000,000 

1 

0.0020 

1,000,000 and more 

a 

0.0000 

Total 

51,306 



a Less than 500. 

Source: Data adapted from the Economic Almanac, 1967-1968, pp. 434-435. 


With such a designation of class limits, we would not know whether, say, a $1500 
item belongs to the first or the second class. 

The selection of proper class limits depends to a great extent on whether the 
data are continuous or discrete. It may be recalled that a series is continuous if, 
between any two values in it, no matter how close together they may be, there is 
always another value. Common examples cited before include heights, weights, 
time. Also, a series is said to be discrete if the variates can assume only definite 
values, such as the number of people in a family or the number of fatal automobile 
accidents occurring daily in the United States. Strictly speaking, business and 
economic data are seldom continuous. Even a variable that is inherently continu¬ 
ous may appear to be discrete because ordinary measuring units are limited in 
preciseness. Thus, if measurements for length (a continuous variable) are made 
by estimating to the nearest thousandth of an inch, the set of measurements may 
contain such figures as 0.345 and 0.346 in., but no value between the two succes¬ 
sive thousandths of an inch. In spite of this, it is standard practice in statistics to 
treat some variables as continuous if the gaps between the successive values are 
very small and can therefore be considered, without any consequence, to be non¬ 
existent. For instance, any series expressed in terms of money to the nearest cent 
may be treated as a continuous series. 
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Although a number of methods of stating class limits have been used, there are 
but two basic forms, as illustrated below: 

Overlapping Limits Nonoverlapping Limits 

Average Hourly Earnings Average Hourly Earnings 


3 

i 

aa 

1 

IS 

'Si 

la 

as 


$1.00 and under $1.25 
1.25 and under 1.50 
1.50 and under 1.75 
1.75 and under 2.00 


$1.00—$1.24 
1.25- 1.49 
1.50- 1.74 
1.75- 1.99 



II 


Both designations can be used for continuous data or data treated as continu¬ 
ous. Note that the words “and under” in the overlapping form implies that any 
earnings less than SI.25 are cast in the first class whereas an item of $1.25 belongs 
to the second class. So interpreted, it can be seen that the two forms for continuous 
data are actually equivalents. 

In dealing with discrete data, the nonoverlapping form of class limits should 
always be used. Thus, if we were making a study of accidents occurring daily in 
industrial plants in Detroit, the following classification would be employed: 


Number of 
Industrial Accidents 


0- 4 
5- 9 
10-14 


• l = 
I 

1 


In designing the class limits, consideration must also be given to the location 
of class mid-points. When observations are cast into various classes, their exact 
values are lost; computations from frequency distributions are therefore made by 
treating the series as if all were distributed evenly throughout the intervals. For 
this reason, the class limits should be so selected as to make the mid-points reason¬ 
ably representative of the values falling within the class limits. To achieve this, 
the class limits may be so written as to make the mid-points coincide with the 
concentrations of the observed values. As an example, consider the cafeteria 
checks, nearly all of which have values with a multiple of 5 cents. In such a case 
class limits may be designated as 3-7, 8-12, 13-17, and so on, which would provide 
mid-points of 5, 10, 15, and so on, as desired. 

To locate the mid-points, we use the following formula: 



J. MI i:MIA.Mill ? ..iM IMrl 
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where 

mi = mid-point of the first class 

L i = lower class limit of the first class 

Ui = upper class limit of the first class 

When the class intervals are uniform, the mid-points of the successive classes 
will be separated from the mid-point of the first class and from each other by the 
width of the class interval. It is important to note that the class interval is found 
by subtracting the lower class limit of the preceding class from the lower class 
limit of the next class. It is not always possible to find the interval by subtracting 
the lower limit from the upper limit of a class. For example, in a classification such 
as 0-9, 10-19, 20-29, and so on, the class interval is 10 and not 9. 

Here, in connection with the statement of class limits and the determination 
of mid-points, attention is called to the distinction between nominal class limits 
and actual class limits. Nominal limits are simply those which are stated in a fre¬ 
quency table. Thus, if we establish for certain observations reported classes and 
write 10-14, 15-19, 20-24, and so on, these same limits are then nominal. The 
same nominal limits are often used to accommodate data whose actual limits are 
different. The actual limits depend upon whether and how the data are rounded. 
Here we consider three alternatives. 

First, data are not rounded, as in the case of the number of industrial accidents, 
or prices originally reported in dollars and cents. In such a case, the actual class 
limits are identical with the nominal class limits as previously stated. The class 
interval is 5 and the mid-points are 12, 17, 22, and so on. 

Second, data are rounded to the nearest whole unit, such as the nearest of a 
whole dollar, or the nearest of a whole pound. If this be the case, a reported figure 
of 10 actually lies between 9.5 and 10.5; a reported figure of 14 actually falls 
between 13.5 and 14.5; and so on. This implies that an item of 14, which would be 
entered into the first class, may actually be as large as 14.5. Consequently, actual 
limits are 9.5-14.5, 14.5-19.5, 19.5-24.5, and so on, which give the same class 
interval and mid-points as in the first case. 

Third, age data are sometimes rounded to the last full year. As such, the 
actual limits become 10 and under 15, 15 and under 20, 20 and under 25, and so on. 
The class interval is still 5 but the mid-points have become 12.5, 17.5, 22.5, and 
so on. 

It can be seen from the above discussion that the mid-points are always deter¬ 
mined on the basis of actual limits. In order to avoid possible confusion, the 
student is advised to construct frequency tables with actual class limits at all 
times. 

Finally, there is the requirement that, whenever possible, there should be no 
open-end class intervals. A class is said to be open if, instead of assigning definite 
values to its limits, we write “. . . or more,” u . . . or less,” “greater than . . . ,” 
or “less than . . . .” An illustration of open-end classes is presented in Table 2.7. 

The worst feature of open classes is that they do not tell us how much “under” 
or “over” a given value may fall. Furthermore, the ranges of open classes cannot 
be defined. Consequently, we are presented with difficulties in putting them in 
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TABLE 2.7 DISTRIBUTION OF SPENDING UNITS AND TOTAL 
MONEY INCOME BEFORE TAXES, 1963 


Family Personal 

Income 

Percent 
of Families 

Percent of 
Income 

Under 2,000 

11 

2 

2,000-3,999 

18 

7 

4,000-5,999 

20 

13 

6,000-7,999 

18 

17 

8,000-9,999/ 

12 

14 

10,000-14,999 

13 

21 

15,000 and over 

8 

26 

All Cases 




Source: U.S. Department of Labor, Survey of Current Business (April 
1964), 4. 


graphic form and in basing calculations upon the data contained in the table. 
Nevertheless, there are often situations where open classes are clearly desirable. 
In dealing with data containing a few values which are much smaller or much 
larger than the rest, the use of open classes can accommodate a wide range of 
values without requiring a large number of classes or classes that hide too much 
of the relevant information. It is advisable, when this is done, that the values in 
the open classes be given in a footnote to the table. This practice will eliminate 
some of the difficulties of open classes. 

In conclusion, it may be pointed out that the frequency table, like other types 
of data presentation, is always constructed to serve some specific purpose. The 
technical requirements outlined above must be supplemented by sound subjective 
judgment if proper and useful frequency distributions are to be formed. 

2.4 

Graphic Presentation 
of Frequency 
Distributions 


A numerical distribution may be pre¬ 
sented graphically in two basic forms. One way is to picture it graphically by a 
histogram (or column diagram). For instance, if the frequency distribution in 
Table 2.5 is shown in this form, it would give a picture like Figure 2.1. The basic 
requirements in constructing the histogram are the same as those for other 
arithmetic graphs. Some special features in the construction of a histogram are 
enumerated below. 

(1) The class frequencies are plotted against the Y axis, and the class intervals 
are scaled on the X axis. The Y axis must start with zero and it must not have 
any scale break, even though it is not necessary'to show the zero on the X axis. 

(2) A space, from half to the full size of the class interval, is left at each end 
of the X axis. 
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Number of 
messenger 
boys 



Earnings in dollars 


Figure 2.1 Histogram showing 142 messenger boys’ average weekly earnings in New 
York City, 1968. (Source: Table 2.5.) 


(3) The X scale designations are usually placed at the class limits. If the data 
are continuous or treated as such, the upper limit of one class will coincide with 
the lower limit of the following class. If the data are discrete, the V scale should 
be labeled m terms of the lower class limits only, or the class frequencies may be 
indicated by vertical bars separated from each other by a small space and both 
limits of each class marked. Sometimes, the X scale is labeled by placing the mid¬ 
value of each class at the center of the base of the rectangle. 

(4) The X scale is equally spaced when the class intervals are uniform. In a 
varying class interval distribution, the Z scale should be adjusted accordingly. 
For instance, if two class intervals, 100 and 500, are used, then the space on the 
. axis for the classes of 500 intervals should be five times as wide as those for 100 

intervals. In such a case, frequency densities, not the original class frequencies, 
are plotted. 

(5) A frequency distribution with open-end classes can be plotted on a histo¬ 
gram only by eliminating the open-end classes. The information concerning them 
is given m figures on both sides of the histogram. 

(6) Each rectangle, enclosed by the vertical class limit lines on the sides, the 
horizontal line drawn on the top, and the X axis on the base, represents the fre¬ 
quencies in one class interval. 

It should be noted that the area in each bar in Figure 2.1 is equal to the fre- 
, I? 1 ® oorres P° ndin g class in Table 2.5. Also, the total area enclosed by 
e w o e diagram is equal to the total frequency. In general, from the construc¬ 
tion of a histogram, we may understand the important point that the areas above 
the various intervals on the X scale are proportional to the frequencies in those 
intervals of a distribution. From this property of the histogram, it can be seen 
that the quantity measured along the Y scale called frequency, actually represents 
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Number of 
messenger 
boys 



Figure 2.2 Histogram and frequency polygon: 142 messenger boys’ average weekly 
earnings in New York City, 1968. (Source: Table 2.5.) 

the density of the observations per unit of the X scale. Thus, in our illustration, 
instead of labeling the vertical axis as “number of messenger boys,” we may more 
precisely call it “number of messenger boys per $0.50,” $0.50 being the intervals 
we have selected for convenience. 

Another way of presenting a frequency distribution graphically is to draw a 
frequency polygon. This is done, if a histogram is already available, by simply 
placing a dot on the mid-point of the top of each bar in the histogram and then 
connecting these dots by straight lines. This method is illustrated by Figure 2.2. 
Very often, however, a polygon is constructed without setting up the rectangles. 
Without the histogram the polygon is obtained by locating the coordinates: the 
ordinates, which are the class frequencies, and the abscissas, which are the mid¬ 
points. These points are then joined by straight lines. (See Figure 2.3.) 


Number of 
messenger 
boys 



Figure 2.3 Frequency polygon showing 142 messenger boys’ average weekly earn¬ 
ings in New York City, 1968. (Source: Table 2.5.) 
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Although the histogram is a very effective and vivid graphical presentation of 
requency distributions, the polygon does not represent the basic data very well 
the outstanding shortcoming of the polygon is that the areas under it, because 
of irregularities of data, are not proportional to the frequencies. One practice 
aimed at eliminating some of this drawback, is to close the polygon at the base by 
extending both ends of the curve to the midpoints of two hypothetical classes at 
the extremes of the distribution that have zero frequencies. Note that both Figures 
2.2 and 2.3 have been drawn in this manner. 

There are, nevertheless, at least two important reasons for mentioning the 
frequency polygon. First, the polygon is especially suitable for comparing different 
distributions. When several distributions are to be compared on the same graph 
it is much clearer to superimpose frequency polygons than to superimpose histo¬ 
grams, especially when all the distributions have the same class limits. For 
instance, Figure 2.4 shows, by superimposing two smoothed frequency" distribu¬ 
tions—suggested and derived from polygons—the change in the distribution of 
meomein the United States between 1947 and 1958. It reveals clearly that, while 
the basic pattern of income distribution in 1958 remained the same as in 1947 
there were many more families in high-income brackets and fewer families in the 
low-income brackets in 1958 than in 1947. With more careful reading of the dia- 
gram, it can also be discovered that the number of families and unattached indi¬ 
viduals with incomes under $4000 decreased by 8.5 million from 1947 to 1958 
Also, the number with incomes greater than $4000 increased by 18.1 million, of 
which 9.8 million moved up to the bracket between $4000 and $8000 and 8 3 
million reached the bracket of $8000 and above. 


Millions of 
families 


Millions of 
families 
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\ 
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Annual family income before taxes 
(thousands of dollars) 

Figure 2.4 Number of families in various income brackets in 1047 and 1958. (From 

Harold I Lunde, Underwriting Prosperity, Bureau of Economic Studies 
Macalester College, 1960.) ' 
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2.5 


The Smoothing 
of Curves and 
Population Models 


A second advantage of the frequency 
polygon is that it suggests the use of a smooth curve as an idealized representation 
of the population distribution. A sample consists of only a limited number of 
items and therefore its distribution would be marked with irregularities and 
breaks. However, if the items in the sample are increased and class intervals are 
decreased continuously, we would expect the distribution to become smoother and 
smoother as well as more and more regular, since, in such a process, the accidental 
irregularities that affect a small number of items would be gradually eliminated. 
When the sample becomes very large, class intervals will become very narrow and 
yet each will contain a substantial number of frequencies. At the same time if the 
vertical scale, which measures frequency, is reduced so as to make the area of the 
histogram for this extremely large sample equal to the area for the observed sam¬ 
ple, then the histogram would practically form a smooth curve. Thus, Figure 2.4, 
which portrays the distribution income of all the tens of millions of families and 
independent consuming units in the United States, gives the results of complete 
smooth and continuous smooth curves. 

It was pointed out that the areas under the polygon are not proportional to 
the frequencies. This is due to the irregularities of the data. In a smooth curve, 
these irregularities have been eliminated. Thus, the area under the smooth curve 
between ordinates selected at given points on the X axis is assumed theoretically 
to be proportional to the frequency of observations between the given values. 

The smooth curve gains importance because it is taken to represent the true 
distribution of the population from which the sample is drawn. The derivation of a 
smooth curve by enlarging the sample, however, is generally a practical impossi¬ 
bility. What we usually do is to approximate the population distribution on the 
basis of sample data. This can be done either by smoothing out the sharp points 
in the frequency polygon with an expert hand or by fitting a smooth curve to the 
sample data with some mathematical formula. With either method there is a 
great deal of latitude in curve smoothing. Obviously, two different experts can 
hardly draw an identical smooth curve to the same data. Differences in the judg¬ 
ment of statisticians may also lead to their using different formulas for the same 
sample. Thus, a variety of smooth curves which differ considerably but appear to 
fit the data may be drawn for a given set of observations. One may conceive that 
some smooth curve fitted to sample data represents a population, but he may not 
infer from the sample what particular smooth curve is the underlying distribution 
of the population. The latter is one of the most difficult topics in what is called 
analytical statistics. What may be mentioned here is that, because of the surprising 
latitude in curve fitting, the smooth curve should always be presented with the 
histogram. 

The smooth curves are alternatively called population models. They are so 
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called because they depict the salient features of population distributions. The 
term “population moder also suggests generalizations of the shapes of population 
distributions, symmetrical, skewed, U-shaped, and so on. These generalizations 
are of great utility in statistical analysis because they provide simplified methods 
of describing the basic characteristics of populations. There are additional reasons 
for our interest in population models. One is that, as introduced in Chapter 1, 
population distribution is an important parameter for decision making. Another, 
as will be discussed in later chapters, is that statistical inferences often require 
our knowledge of population models. A third reason is that a population model, 
being represented by smooth curves, lends itself more readily to mathematical 
treatment. 

As the reader can easily imagine, population models can assume an almost 
infinite variety of shapes and sizes. We shall introduce in the following paragraphs 
some of the population models that are more frequently encountered in business 
and economic statistics. 

Curve a in Figure 2.5 is a population model of special interest and importance 
in statistics. Note that this curve of distribution is bell-shaped, or symmetrical. 
The hugest frequencies, in the center, spread out so that they are smaller and 
smaller, like a bell, with very small frequencies at both extremes. It is indeed 
stiange that whenever a trait occurring at random is measured, the curve of the 
resulting distribution often resembles the one shown as Curve a . Whether it is the 
tensile strength of steel bars produced by a given process, the height of men, the 
intelligence of students, the size of rice, or errors of repeated measurements of a 
given characteristic that we measure, the curve of distribution always looks like a 
bell. Because of this the bell-shaped model is commonly called the curve of normal 

(3) (b) ( C ) 

( cf > (e) (0 

Figure 2.5 Curves representing principal varieties of population models, (a) The 
normal curve, (b) the bimodal curve, (c) the positively skewed curve, 

(d) the negatively skewed curve, (e), the U-shaped curve, (f) the 
reversed J-shaped curve. 
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distribution or simply the normal curve . We shall have more to sa}^ about this curve 
in Chapter 7. For the time being what may be stressed is that the student should 
not take the normal curve to be an ordinary curve. As a matter of fact, the normal 
curve has very precise definition and mathematical properties. 

Curve b in Figure 2.5 portrays what is known as the bimodal distribution, mean¬ 
ing that it has two peaks. This type of distribution occurs when a population con¬ 
tains elements that can be divided into two different classes differing from each 
other in the characteristics being measured. Or we may say that the population 
is not homogeneous. For instance, the distribution for all demand deposit balances 
in the United States would assume this model. For in such a distribution we would 
find a prominent peak at a relatively low value for the balances held by consuming 
units and another distinct peak at a relatively high value for balances held by 
business firms and other organizations. Also, if we were to study the height of 
college students, a bimodal distribution would result—one concentration for men 
and another for women. 

Curves c and d in Figure 2.5 are models for skewed distributions. A skewed 
distribution has only one peak but it is located at either the lower or the higher 
end of the curve. It is thus asymmetrical. When the longer tail of the curve is on 
the right, we say the distribution is skewed to the right or positively skewed. When 
the longer tail of the curve is on the left, we say the distribution is skewed to the left 
or negatively skewed. The positively skewed model is very common in economic 
and business data. For instance, the distribution of family income (see Figure 2.4) 
is skewed to the right, indicating that some families (relatively few in comparison 
with the over-all group) receive incomes much higher than those received by the 
majority of families. Also, the distribution of the number of retail stores by 
amount of sales would be positively skewed since there are a large number of 
small stores and a few very large ones. An example of the negatively skewed model 
would be the number of firms distributed according to the ratio of cost of sales to 
net sales in an industry. The negatively skewed model describes well a population 
whose variates have an upper limit. For instance, the upper limit of the ratio of 
sales cost to net sales would be unity, or a 100 percent. A firm cannot stay in 
business very long if its ratio of sales cost to net sales is unity. 

The U-shaped curve, as illustrated by Curve e in Figure 2.5, describes a distri¬ 
bution that contains predominately low and high values, with intermediate values 
relatively scarce. The U-shaped model is rather rare, but some economic series do 
conform to it. For instance, the distribution of the nations of the world according 
to their stages of economic development would reveal bunching at two extremes. 
Most of the countries are either highly developed or underdeveloped, with only a 
few at the intermediate stages. Again, if we define the unemployed workers as 
those who do not work, the frequency distribution of the unemployed according 
to age groups would emerge as a U-shaped curve. This indicates that most of those 
who do not work are either very young or very old. 

A population may also take the J -shaped or reversed J -shaped curve , such as 
Curve / in Figure 2.5, where the frequencies of occurrence increase or decrease 
continuously along the horizontal scale. The reversed J-shaped curve would be a 
good approximation for the distribution of corporations classified according to the 
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size of assets, or the distribution of business failures with the frequencies measured 
by the duration of time in operation. Can you explain why? 

In conclusion, it may be said that although the normal distribution holds a 
very important place in statistical theory, there are business and economic vari¬ 
ables that are not normally distributed. For numerous reasons we must have a 
knowledge of various population models. It is true that most of the time we do not 
know the true underlying population distributions, but their models can be 
approximated either by fitting a smooth curve to sample data or by pure deductive 
reasoning. Our ability to do so greatly facilitates our further development of 
statistical techniques. 


2.6 

Cumulative Arrangement 
of Variates 


Up to now our discussion has been con¬ 
fined to the arrangement of numerical data in exclusive classes. For certain pur¬ 
poses it is desirable to arrange data cumulatively. Very often we may wish to 
answer such questions as these: How many people in the United States are making 
$6000 or more a year? How many salesmen in the company are selling a given 
amount of outputs or more per week? When serial bonds secured by equipment 
are issued, how much of the equipment will be in use at each maturity date of the 
bonds? How many of the automobile tires produced by a factory can last 30,000 
miles or more? How many of them can last only 25,000 miles or less? Answers to 
this type of question can be readily found if the frequency distributions are 
arranged cumulatively. 

Cumulative frequencies can be formed on either a “less than” or a “more than” 
basis. Tables 2.8 and 2.9 illustrate these two types of cumulative frequencies. 

Table 2.8 shows data cumulated upward and Table 2.9 shows data cumulated 

TABLE 2.8 CUMULATIVE FREQUENCY TABLE: 

AVERAGE WEEKLY EARNINGS OF 142 
MESSENGER BOYS IN NEW YORK CITY, 1968 


Number of 
Messenger Boys 
Earning Less Than 

Weekly Earnings a Given Value 

11 
26 
50 
90 
110 
124 
135 
142 


Less than $66.50 
Less than 67.00 
Less than 67.50 
Less than 68.00 
Less than 68.50 
Less than 69.00 
Less than 69.50 
Less than 70.00 
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TABLE 2.9 CUMULATIVE FREQUENCY TABLE: 

AVERAGE WEEKLY EARNINGS OF 142 
MESSENGER BOYS IN NEW YORK CITY, 1968 


Weekly Earnings 

Number of 
Messenger Boys 
Earning More Than 
a Given Value 

$66.00 or more 

142 

66.50 or more 

131 

67.00 or more 

116 

67.50 or more 

92 

68.00 or more 

52 

68.50 or more 

32 

69.00 or more 

18 

69.50 or more 

7 


downward. In the first case, frequencies are cumulated from smaller to greater 
values and therefore are referred to as upper class limits. In the second case, fre¬ 
quencies are accumulated on a “more than” basis. Thus they are obtained by using 
the lower class limits as references. From these tables, we may readily determine 
the number of messenger boys earning more than or less than a given value. By 
reading either table, we can also discover the number of messenger boys who are 
making more than but less than given values. For instance, can you determine 
yourself how many messenger boys are making $67.00 or more? 

Cumulative tables have many distinct advantages that lead to their wide use. 
Life tables, for example, are usually arranged in these forms. Their general utility, 
however, is necessarily limited by the classification system selected to condense 
the data. Unless a way can be found to enable us to interpolate mathematically, 
we are then limited to the values of scale actually specified as in Tables 2.8 and 2.9. 
The way of mathematical interpolation is paved by presenting cumulative fre¬ 
quencies in graphic forms. A graph for a cumulative frequency distribution often 
takes the form of an ogive , or the S curve. To construct an ogive, the Y axis must be 
drawn to accommodate the total frequencies. When the “more than” basis is used, 
frequencies accumulated for each class are plotted at the lower class limits. When 
the “less than” basis is used, cumulated frequencies are plotted at the upper class 
limits. The points are then joined by a series of straight lines and the S curve may 
be extended to the zero base of the Y axis. Two ogives for data in Tables 2.8 and 
2.9 are plotted in Figure 2.6. 

The ogive is particularly adaptable to interpolation. However, it must be 
realized that the use of straight lines to connect the series of known points is only 
an approximation to the distribution of the items within any given interval. To 
be sure, this approximation is generally considered to be sufficiently accurate 
under most circumstances. Thus, from the “more than” curve in Figure 2.6, we 
can determine that about 32 boys earned more than $68.50 per week, or about 
half of the boys (71) earned more than $67.76. Also, from the “less than” curve, we 
can approximate that about half of the boys earned less than $67.76. Here it is of 
interest to note that a horizontal line drawn from the point where downward and 
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Number of 
messenger 
boys 


Number of 
messenger 
boys 



Figure 2.6 The ogive: showing cumulative frequency distributions of 142 messen¬ 
ger boys’ average weekly earnings in New York City, 1968. (Source: 
Tables 2.8 and 2.9.) 


upward cumulated frequency curves intersect to the vertical scale would divide 
the total frequency into two equal parts. If a perpendicular be dropped from this 
point of intersection to the horizontal scale, the point thus located would be the 
value of the middle item in the distribution. This value, which is $67.76 in our 
illustration, is called the median —implying that half of the items in the distribu¬ 
tion is above and the other half is below it. The median is a type of average and 
will be discussed in the next chapter. 

From the ogive we can also determine by interpolation the number of observa¬ 
tions falling within a given interval. For instance, how many messenger boys 
earned more than $67.30 but less than $69.50? From the “less than” curve, we 
find that 135 boys earned less than $69.50 and that 40 boys earned less than 
$67.30. Subtracting, we obtain 95 as the desired number. The same number can, 
of course, be interpolated from the “more than” curve as well. Try to find this 
out for yourself. 

From the above discussion it is obvious that the ogive has eliminated in large 
part the limitations set by the specific class intervals. For the same distribution, 
the shape of the curve will be basically the same even though the class intervals 
and the class frequencies may vary. For this reason, not only do uneven class 
intervals not distort the ogive, the curve can be constructed directly from the 
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Percentage of Spending Units, beginning with the richest 



Percentage of Spending Units, beginning with the poorest 

Figure 2.7 Distribution of income before taxes in the United States in 1963 (Source- 
Table 2.7.) 

array. Moreover, different ogives can be compared on the same graph even if their 
classifications are not the same. The cumulative curve is therefore one of the 
simplest yet the most useful statistical devices. 

A particularly useful arrangement of cumulative frequencies is found in the 
Lorenz curve used to study income distribution, as shown in Fig. 2.7. This graph 
shows that if there is absolute equality in income distribution, cumulatively 
expressed, it would then be represented by the diagonal dashed line at an angle 
of 45 . That is, if each family received an equal share, 10 percent of the people 
would receive 10 percent of the income, 20 percent of the people would receive 
20 percent of the income, and so on. The solid curve shows the actual distribution 
of income in 1963. The departure of the curve from the diagonal line measures the 
degree of deviation of distribution from equality. This particular curve shows that 
the richest 10 percent of the American people received almost 30 percent of the 
total national income, whereas the poorest 50 percent received about 22 percent 
of the total. Note also that nearly half of the total income went to only 25 percent 
of income-receiving units, leaving only half to be distributed among the remaining 
75 percent. The curve therefore shows effectively the degree of inequality in the 
distribution of income in 1963. It can be seen that the Lorenz curve is also an 
effective device with which to compare the income distributions at different time 
periods or under different conditions. For instance, on the same graph, incomes in 
1963 can be compared with those of 1968 in order to discover if the degree of 



2.7 RELATIVE DISTRIBUTIONS 45 

inequality has increased or decreased during the interval of time. Or incomes in 
1963, before taxes, can be compared with the same year’s incomes, after taxes, in 
order to evaluate the effect of personal taxes upon income distribution. 

2.7 

Relative 

Distributions 


You may have already noted that in 
Table 2.7 the frequencies are given in percentages instead of in absolute numbers. 
Such an arrangement is called the relative frequency distribution. In contrast, a 
frequency expressed in terms of absolute figures is referred to as the absolute fre¬ 
quency distribution. Relative frequencies are derived by dividing the absolute class 
frequencies in each class in turn by the total frequency in the distribution. Table 
2.10 is an illustration of relative frequency distributions. 

When only relative frequencies are shown in a table, the total number of 
observations may be stated in a footnote. This is a desirable practice, since it 
enables anyone to compute the absolute frequencies for the distribution if he so 
desires. 

The area under the histogram or the smooth curve of a percentage frequency 
distribution equals 100 percent, or 1, if the frequencies arc stated in decimal 
fractions. The density interpretation of the frequency axis is then made in terms 
of the percentage or the fraction of total frequency per unit of the class axis. 

The main utility of the relative frequency distribution is that its graph—the 
histogram, the polygon, or the smooth curve-—lends more readily to the compari¬ 
son of different distributions, especially if they differ greatly in total numbers of 


TABLE 2.10 AVERAGE DAILY EARNINGS OF PHYSICIANS AND STOCKBROKERS IN NEW YORK 

CITY, 1968 




Number of Persons 

Relative Frequencies 

Daily Earnings 

Physicians 

Stockbrokers 

Physicians 

Stockbrokers 

$30 \ 

/$ 36 

1 

11 

0.1 

0.3 

36 1 i 

' 42 

24 

135 

2.4 

4.2 

42 i I 

i 48 

150 

247 

15.0 

7.7 

48 1 ' 

l 54 

322 

466 

32.2 

14.5 

54 f 

] 60 

185 

658 

18.5 

20.5 

60\ . . . 

/ 66 

120 

596 

12.0 

18.5 

)and unders 
66 / 

\ 72 

78 

579 

7.8 

18.0 

72 1 

j 78 

66 

379 

6.6 

11.8 

78 \ i 

( 84 

22 

115 

2.2 

3.6 

84 1 1 

f 90 

17 

25 

1.7 

0.8 

90 I \ 

96 

14 

3 

1.4 

0.1 

96/ 

\ 102 

1 

— 

0.1 

— 

Total 


1000 

3214 

100.0 

100.0 


Source: The author. 



46 FREQUENCY DISTRIBUTIONS 


Number of 
people 



Figure 2.8 Average daily earnings of 1000 physicians and 3214 stockbrokers, 1968. 
(Source: Table 2.9.) 

observations. This point is clearly brought out by comparing Figures 2.8 and 2.9. 
The former contains the polygons of the absolute distributions in Table 2.10. It is 
extremely difficult to discover from this graph the similarities or the differences 
between the two distributions. More serious is the fact that some wrong impres¬ 
sions may even be obtained from it. For instance, it seems to indicate that a 

Percent of 
people 



Figure 2.9 Percentage distributions of average daily earnings of 1000 physicians 
and 3214 stockbrokers, 1968. (Source: Table 2.9.) 
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greater proportion of the stockbrokers fall within the interval of $30 and $60. 
Actually, the opposite is true. 

When, however, reference is made to the polygons of the percentage frequency 
distributions of the two groups—Figure 2.9—several important conclusions can 
be drawn easily and accurately. First, both distributions are located at about the 
same value. Second, the modal earning of the physicians appears at a lower value 
than does that of the stockbrokers. Third, although the series of physicians is more 
compactly distributed around the peak, the distribution of stockbrokers resembles 
a flat top. Finally, a greater percentage of the physicians have their aveiage daily 
earnings between the interval $42 and $58, but a smaller proportion between 
$58 and $84 as compared with the stockbrokers. 

The value of comparing relative frequencies becomes even greater when we 
are dealing with series whose minimum values or maximum values or both differ 
widely from each other. An exercise for the student who wants to get a really good 
insight into the utility of relative frequencies is to draw different smooth relative 
curves and to try to interpret them verbally. 


2.8 

Categorical 

Frequency Distributions 


A categorical frequency distribution shows 
the number of observations, absolute or relative, that fall into each of the few 
qualitative classes. Table 2.11 contains such a distribution. 

On the one hand, it is relatively simple to construct categorical distributions 
since we need not be bothered with such mathematical details as class limits, 
class intervals, mid-points, and so on. On the other hand, it is much more tiouble- 
some to determine the number of categories (classes) to be used. As m the case of 
numerical distributions, the categories must be mutually exclusive and sufficient 
to accommodate all data. It is, however, very easy to err by selecting overlapping 
classes for qualitative data. For instance, to study the various kinds of food sold 
by a grocery chain store, we might adopt some unsatisfactory classes, such as 


TABLE 2.11 COSTS OF ACCIDENTAL INJURIES 
FROM MOTOR VEHICLES IN 1965 


Type of Cost 

Costs in 

Millions of Dollars 

Wage loss 

2,400 

Medical expenses 

550 

Overhead cost of 


insurance 

2,850 

Total 

5,800 


Source: Data adapted from the Economic Almanac, 
1967-1968. 
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“meat and meat products,” “vegetables,” “frozen foods,” and so forth. With 
such classes, we would have trouble in deciding to which class an item such as 
“frozen meats” or “frozen vegetables” belongs. 

There is another point concerning qualitative distributions that must be 
mentioned. The graph for the categorical distribution, absolute or relative, is the 
ordinary horizontal bar chart. Here, the student should not confuse the bar chart 
with the histogram. The frequency scale on the bar chart, unlike that on the 
histogram, does not represent density. It has no other significance except the 
absolute or relative numbers it represents. Also, neither the width nor the areas of 
the bars have any meaning, as they do in the histogram. In conclusion it may be 
said that all that the bar chart and the histogram have in common is that both are 
constructed with bars. 


member 
pends u 
nstructe 
observa - 


representation of a frequency distribution? 
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2.10 What important functions does the fre¬ 
quency polygon have? 

2.11 To a given set of sample data only one 
particular smooth curve can be fitted. True? 


2.22 If the distribution of income after taxes 
in the United States in 1963 is plotted from 
Figure 2.7, would you expect the curve to be 
closer to the 45° line or otherwise than the 
curve already plotted there? Explain. 


2.12 Why do we call the smooth curves 
“population models”? 

2.13 Which population model do you con¬ 
sider to be a good approximation of the under¬ 
lying distribution of each of the following 
populations of variates? Give reasons. 

a. the heights of American soldiers 

b. student grades on difficult problems 

c. diameters of steel bars produced by a 
given process 

d. annual earnings of American doctors 

e. number of occupants living in dwelling units 
in United States 

f. number of corporations filing corporate 
income tax returns classified by size of assets 

g. the ratio of the value of plant and equip¬ 
ment to the net worth of all the firms in the 
textile industry in the United States 

h. the monthly rents of four-room apartments 
in New York City 

2.14 Why is the concept “population model” 
important in statistical analysis? 

2.15 The normal curve is important because 
it is the most common and the best popula¬ 
tion model for business and economic data. 
Right? Wrong? Why? 

2.16 For what type of problems do we need to 
construct cumulative frequency distributions? 

2.17 What advantages or disadvantages does 
the ogive have over the corresponding fre¬ 
quency table? 

2.18 A cumulative frequency distribution is 
always set up by using the upper class limits. 
Agreed? 

2.19 At what X value in the series will the 
“more than” and the “less than” ogives 
intersect? What is the name of this value? 

2.20 What is a relative frequency distribu¬ 
tion? Under what circumstances are relative 
frequency distributions especially effective in 
comparing different sets of variates? 

2.21 With the aid of the concept of relative 
frequency, can you explain why there are as 
many expensive cars in poor neighborhoods 
as in fashionable suburbs? Also, do you think 
it is reasonable to expect that the weights of 
rats may show a greater variation than the 
weights of elephants? 


2.23 Give a critical evaluation of Table 2.12, 
which is a frequency table. 

TABLE 2.12 FREQUENCY DISTRIBUTION OF 
RENTED DWELLINGS IN TORONTO, 
CANADA, 1968 (CLASSIFIED ON THE BASIS 
OF RENTAL VALUE) 


Monthly Rental 

Number of Dwellings 
in Each Class 
(in thousands) 

Under $100.00 

327 

$ 100.00-149.99 

349 

150.00-199.99 

521 

200.00-299.99 

1039 

300.00-499.99 

1075 

500.00-749.99 

189 

750.00-999.99 

24 

1000.00 and over 

9 

Total 

3533 


2.24 According to the Sturges rule, how 
many classes would you use to a set of data 
that contains (1) 50 observations, (2) 100 
observations, (3) 1500 observations, or (4) 
20,000 observations? 


2.25 What are the (1) actual limits, (2) class 
intervals, and (3) mid-points of the following 


classifications? 

A. DATA 
REPORTED IN 
DOLLARS AND 
CENTS 


B. DATA 
ROUNDED TO 

nearest 

POUND 


C. DATA 
ROUNDED TO 
NEAREST 
TENTH OF AN 
INCH 


$15.00—$24.99 5- 9 2.0-3.9 

25.00- 34.99 10-14 4.0-5.9 


2.26 Which classification or classifications 
stated below should be suggested to group 
the sales of a 5-and-10-cent store? Give 
reasons. 


(1) 

(2) 

(3) 

(4) 

(5) 

1- 6 

3- 7 

2.5- 7.5 

5-10 

0.5- 5.5 

7-13 

8-12 

7.5-12.5 

10-15 

5.5-10.5 

14-19 

13-17 

12.5-17.5 

15-20 

10.5-15.5 
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Sample B 


Average Monthly Wage Rates of 150 Oil Refinery Employees in New Jers< 


$280.05 

$280.90 

289.94 

295.48 

304.11 

307.48 

315.01 

315.55 

319.23 

320.46 

322.53 

323.80 

326.75 

326.98 

332.45 

333.54 

340.08 

340.08 

343.35 

344.44 

345.78 

346.62 

348.67 

348.80 

352.07 

352.55 

355 64 

355.80 

359.70 

360.39 

361.97 

363.14 

366.24 

366.77 

369.51 

370.60 

373.48 

373.89 

375.54 

378.21 

380.00 

380.00 

381.50 

381.50 

384.77 

385.29 

390.22 

391.31 

397.94 

398.55 

405.48 

406.57 

411.33 

413.21 

419.38 

419.38 

421.07 

421.89 

429.25 

432.36 


Total of the series of $54,332.36. 


$281.12 

$284.49 

297.57 

301.95 

309.56 

311.75 

316.00 

317.28 

321.05 

321.44 

323.80 

324.00 

329.18 

330.27 

335.72 

336.81 

340.15 

341.23 

344.44 

344.44 

347.48 

347.78 

348.95 

349.99 

353.00 

353.00 

356.23 

357.52 

360.79 

361.88 

364.27 

365.08 

366.95 

367.33 

371.69 

372.50 

374.96 

375.54 

379.11 

379.25 

380.00 

380.31 

381.50 

382.42 

386.95 

388.04 

393.48 

394.00 

400.06 

402.21 

407.66 

408.53 

414.02 

415.29 

419.47 

420.16 

424.05 

425.10 

436.44 

437.55 


$286.50 

303.02 

312.83 

318.43 
321.65 

325.90 
331.36 

337.90 
342.26 

345.25 

347.90 

350.95 

354.25 
358.61 
361.88 
365.08 
368.42 
372.50 

375.54 
379.99 

380.55 
384.46 
389.21 

394.95 
403.31 

410.44 
419 38 
420.16 
428.19 
439.82 


2.27 The two preceding samples were col¬ 
lected by a management consulting firm. 
Both sets of data are presented as arrays. 
(Read horizontally from left to right.) 

a. Construct a frequency distribution by tally¬ 
ing for Sample A. (Use $20 as the class interval 
and start with $180.) Name it Table 2P.1. 

b. Construct a frequency distribution by the 
entry form for Sample B. (Use $20 as the class 
interval and start with $280.) Call it Table 2P.2 

c. Construct histograms for data in Tables 
2P.1 and 2P.2. 

d. Compare the distributions as presented in 
Tables 2P.1 and 2P.2. {Hint: Compute relative 
frequencies and present them as polygons in 
the same graph for analysis.) 

e. How many workers in Sample A made less 
than $200.00 per month? more than $250.00 
per month? more than $195.25 but less than 


$215.75? {Hint: What additional reorganization 
of the data is needed to answer these 
questions?) 

2.28 What categories would you establish in 
order to construct frequency distributions for 
the following sets of data? 

a. Number of policyholders of an insurance 
company according to the education of the 
head of the family. 

b. A distribution of retail stores in your home 
town. Also, where the information can be 
obtained. 

c. A distribution of foods sold in a super¬ 
market. 

d. Land use in an agricultural region. 

e. Number of banks distributed among the 
several categories established according to 
the specialized functions they perform. 


3 


MEASURES 

OF 

CENTRAL 

TENDENCY 


3.1 


Types of Averages 


In the preceding chapter we discussed 
how sample data could be reduced to compact, comprehensible, and communicable 
form by the frequency distribution. The frequency distribution is not only a 
method of organizing data; it is also a descriptive measure. Indeed, it may be 
considered as a set of descriptive statistics, since each number showing the 
density of observations in a class is a descriptive statistic. Very often, however, 
we need a single descriptive statistic that can focus attention more sharply on 
the nature of data being measured. For instance, when the consumption expendi¬ 
tures of the Russians are compared with those of the Americans, or when the 
wages of the New England textile workers are compared with those of the oil 
refinery employees in New Jersey, or when the deposits of commercial banks m 
New York are contrasted with deposits of commercial banks in London, the use of 
a single number is clearly more advantageous than the frequency distribution. 

A single number used to describe a series must be “representative” of the 
data measured by it. To be representative, the number must reflect the tendency 
of the individual items in the series to concentrate at, and be distributed about, 
certain central values. For this reason, a representative number is considered as a 
measure of central tendency. More commonly, it is known as an average. 


52 
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There are a number of statistical summary measures that are employed 
as averages. Averages, based on their mathematical properties, can be classi¬ 
fied into two main categories: computed and position averages . The former includes 
the arithmetic mean, the geometric mean, the harmonic mean, and the quadratic 
mean; the latter comprises the median and the mode. We shall follow this order 
for the discussion in this chapter. 

3.2 

Nature of the 
Arithmetic Mean 


The arithmetic mean, because of ease of 
computation and long usage, is the best-known and most commonly used average. 
Sometimes, it is simply referred to as “the mean” or “the average,” but appro¬ 
priate adjectives must be used when references are made to other types of means. 

The arithmetic mean is the sum of the observations in a sample divided 
by the number of observations in the sample. Thus, let Xi = values of in 1 - 
vidual items in the sample, n = the number of items in the sample, and x = the 
arithmetic mean of the sample, and we have 


n 

Applying the formula to the sample data in Table 2.o, we have 

2, = |%3274 g4 


Before we proceed to a detailed discussion of the computation of the mean, 
it is interesting to note its mathematical properties. 

First of all, the mean is a representative or typical value in the sense that 
it is the center of gravity—the point of balance. That is, the values of the obser¬ 
vations on one side of the mean equal the values of the observations on the other 
side of the mean. The mean is typical also in that its value may be substituted 
for the value of each item in the series without changing the total. For instance 
if each messenger boy had a weekly earning of 167.84, the total earnings of a 
the 142 messenger boys would have remained 19632.74. Conversely, if 19632.74 
were divided equally among the 142 messenger boys, each would have 167.84. 
This property can easily be seen from the formula for the mean. Since x — 2 x/n, 
we may derive, by multiplying both sides of the equation by n, the result nx = 2*. 
This feature often becomes the important consideration for us in deciding whether 
to use the mean instead of other types of averages that do not possess an analogous 
algebraic property. The application of this simple property can be illustrated 
by the use of the mean by a chain-restaurant organization m order to obtain 
an estimate of the total daily sales of a new restaurant along a certain highway : 
it is found simply by multiplying the number of cars passing by the new restaurant 
daily by the mean-sales per car in other outlets operated by the same organization. 
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Another property of the mean is that the algebraic sum of deviations from 
the mean (that is, taking due account of algebraic signs) is zero. Let d stand for 
the deviation of any item from the mean (d = x - x), and this property can be 
written symbolically, 2d = 0. Consider the following numerical illustration: 

TABLE 3.1 DEVIATIONS FROM THE MEAN 



Observations 

Deviations 


X 

d 


2 

-3.5 


3 

-2.5 

II 

l£ 

4 

-1.5 

8 

5 

-0.5 


6 

+0.5 

= 5.5 

7 

+1.5 


8 

+2.5 


9 

+3.5 


Zz = 44 

2d = 0 


Algebraically, this property is derived from the fact that nx = 2x. Since 
the sum of variables, each reduced by a constant, is equal to the sum of the 
variables, minus the constant multiplied by the number of terms in the sum, we 
can then deduce from the equation that 

(xi — x) + (x 2 - X) + * • • + (x n - x) 

= x\ + x 2 + ' • ’ + x n — x — x • • • (n times) 

= 2x — nx = 2x — 2x = 0 

As will be indicated shortly, this property, that is, 2d = 0, is the theoretical 
basis for the short-cut method of computing the arithmetic mean. 

The third mathematical property of the mean is that the sum of the squared 
deviations of the items from the mean is less than the squared deviations from 
any other point in a series. Symbolically, 2d 2 = a minimum. (Readers may wish 
to verify this by way of some numerical illustrations of their own.) Because of 
this property the mean usually serves as a basis for measures of dispersion, and 
it is essential for fitting the curves to observed data. These points will be taken 
up in subsequent chapters. 


3.3 


Proportions 
as Means 


Qualitative data are usually classified 
into two proportions: one as having a certain trait, another as not having a 
certain trait. Proportions are ordinarily thought of as fractions or percentages, 
but can be thought of as special cases of the arithmetic mean. They can be 
computed by using formula (3.1) and the properties of the mean applied to them. 


t 



3.4 COMPUTING THE ARITHMETIC MEAN 55 


Suppose we are to determine the proportion (mean) of the number of eligible 
voters in a group of citizens: we shall assign a value of 1 to each person qualified 
to vote and the value 0 to each person not qualified. The sum of the Is would 
be Xx and the mean would be obtained by dividing this sum by total number 
of persons, n, in the group. In dealing with qualitative data, we usually substitute 
x for Xx and p for x. Thus, x = Xx/n is replaced by p = x/n. In the latter equa¬ 
tion, p stands for the proportion of the items that have a certain trait in the 
sample. 


3.4 


Computing the 
Arithmetic Mean 


Formula (3.1) is suitable only for small 
samples. If samples are large, such as the sample of messenger boys, this method 
is too laborious and too subject to error. If thousands or tens of thousands of 
items are used to compute the arithmetic mean, the problem of simple addition 
would become next to impossible, even with the aid of an adding machine. An 
easier and more efficient method is to construct a frequency distribution of the 
data and then to calculate the arithmetic mean for the distribution. 

The arithmetic mean is computed from a frequency distribution under the 
basic assumption mentioned in the preceding chapter. That is, it is assumed 
that all the values included within the limits of a class interval are distributed 
evenly in it, and therefore the mid-point of each class could be used to represent 
the actual values of the cases. Three methods are available to compute the 
arithmetic mean from a frequency distribution: the basic or long method, and 
two short-cut methods. These are discussed successively below. 

THE LONG METHOD 

This method is illustrated by Table 3.2. It involves four simple steps: First, 
determine the mid-points. Second, obtain the products of frequency and mid¬ 
point fm by multiplying each mid-point by the corresponding class frequency. 
Third, sum up these products to get the total value of the distribution Xfm. 
Fourth, divide this total by the number of items in the sample n. These steps 
may be summarized by the following formula: 

Xfm 

X = — (3. 2 ) 

Note that there is a difference of 1 cent between the two values of x for 
the ungrouped data and frequency distribution after rounding. Before rounding, 
the difference is still less. Such a difference is usual rather than an exception, 
since it is only when the variable is continuous and the distribution symmetrical 
that the value of the arithmetic mean calculated from the ungrouped data is in 
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TABLE 3.2 COMPUTATION OF ARITHMETIC MEAN OF AVERAGE WEEKLY EARNINGS OF 142 
MESSENGER BOYS IN NEW YORK CITY, 1968, BY THE LONG METHOD 


Average Weekly 
Earnings 

Mid-points 

(m) 

Number of 
Messenger Boys 
(/) 

Products of Frequency 
and Mid-points 
(/m) 

$66.00-$66.49 

$66.25 

11 

728.75 

66.50- 66.99 

66.75 

15 

1001.25 

67.00- 67.49 

67.25 

24 

1614.00 

67.50- 67.99 

67.75 

40 

2710.00 

68.00- 68.49 

68.25 

20 

1365.00 

68.50- 68.99 

68.75 

14 

962.50 

69.00- 69.49 

69.25 

11 

761.75 

69.50- 69.99 

69.75 

7 

488.25 

Total 


142 

9631.50 


Source: Table 2,5. 


close agreement with the arithmetic mean from the frequency distribution. 
Otherwise, the agreement would be much less close. In any case, however, if 
the class limits and intervals are properly selected and if there are no irregularities 
in the distribution because of too small a sample, this difference would not be 
more than a few percentage points. Also, other things being equal, the narrower 
the class interval, the greater would be the agreement between the means com¬ 
puted from the ungrouped and the grouped data. 


THE SHORT-CUT METHOD IN ORIGINAL UNITS 

The short-cut methods are made possible by a unique mathematical property 
of the arithmetic mean, as has been previously discussed: the algebraic sum 
of the deviations of the values from the arithmetic mean is zero. From this 
property it can be reasoned that when any point other than the exact mean is 
selected, the algebraic sum of the deviations from this point will not be zero. 
Let us, for instance, choose 4 in the same data used before as the arbitrary 
point, known technically as the assumed mean, symbolized as A, and com¬ 
pute the deviations of other values in the series from A below: 


Individual Values 


x 

2 

3 

4 

A = 4 5 

6 

7 

8 
9 


Deviations from the 
Assumed Mean 


d 

-2 

-1 

0 

+1 

+2 

+3 

+4 

+5 


Xx = 44 


2d = +12 
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From the total deviations from the assumed mean, 2d, we can obtain the 
average deviation from the assumed mean by dividing the total deviation by 
the number of items in the series. Thus 

S d +12 

average deviation = — = ■—— = +1.5 
n 8 


Technically, the expression 2d/n is called the correction factor and is identified 
by the symbol c. When this correction factor is added to the arbitrary point, 
the assumed mean, the result will be the arithmetic mean: 


J .X + “-4 + y-6.6 

n 8 


It should be noted that the total deviation in the foregoing illustration is 
positive because the value of the assumed mean is less than the value of the 
exact mean. If a value greater than the true mean is selected as the assumed 
mean, then the total deviation, and hence the correction factor, will be nega¬ 
tive. And when the assumed mean is identical with the exact mean, then 2d = 0. 

This device can readily be applied to grouped data. Steps required in computing 
the arithmetic mean from a frequency distribution by this technique are as follows: 

First, select one of the mid-points as the assumed mean, denoted by A. 
Even though the mid-point of any class can be selected and will yield the same 
result, for convenience and ease of computation, it is advisable to select the 
mid-point of one of the center classes. 

Second, compute the deviation from the assumed mean of the items in each 
class by obtaining the difference between the mid-point, of each class interval 
and the assumed mean. That is, d = x — A. As the mid-point of each class is 
assumed to be the average value of all items in that class, the value of d represents 
the average deviation of the items in the class from the assumed mean. 

Third, obtain the total deviation for all items in each class interval by multi¬ 
plying the average deviation, d, by the frequency of the class, /. This gives fd . 

Fourth, secure the total deviation from the assumed mean of gll the items 
by adding up all the total deviations for all class intervals. This is 2fd. 

Fifth, calculate the correction factor, that is, the average deviation about 
the assumed mean, by dividing 2fd by n, the number of items in the series. 
This is 2fd/n. 

Finally, the arithmetic mean is derived when the value of the correction factor 
is added to the assumed mean. 

The formula for the computation is 

S/d 

x = A + c or x = A -\ - (3.3) 

n 


where 

A = the assumed sample mean 
c = correction factor 
/ = frequency of each class 

d = deviation of mid-point of each class from the assumed mean 
n = total number of items in the sample 
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TABLE 3.3 COMPUTATION OF ARITHMETIC MEAN OF AVERAGE WEEKLY EARNINGS OF 142 
MESSENGER BOYS IN NEW YORK CITY, 1968, BY THE SHORT-CUT METHOD 
IN ORIGINAL UNITS 


Average Weekly 
Earnings 

Mid-points 

(m) 

Number of 
Messenger Boys 
(/) 

Deviations 
from A 
{d) 

fd 

(dollars) 

$66.00-$66.49 

$66.25 

11 

-1.50 

-16.5 

66.50- 66.99 

66.75 

15 

-1.00 

-15.0 

67.00- 67.49 

67.25 

24 

-0.50 

-12.0 

67.50- 67.99 

67.75 

40 

0.00 

00.0 

68.00- 68.49 

68.25 

20 

+0.50 

+10.0 

68.50- 68.99 

68.75 

14 

+1.00 

+14.0 

69.00- 69.49 

69.25 

11 

+1.50 

+16.5 

69.50- 69.99 

69.75 

7 

+2.00 

+14.0 

Total 


142 


+11.0 


A + 


s fd 


$67.75 + 


$67.75 + $0.07746 = $67.83 


Table 3.3 is an illustration of computing the arithmetic mean by this method. 
This method is called the short-cut method with original units because the 
deviations, d, are written in the actual magnitudes—in dollars in our illustra¬ 
tion—by which the mid-point of each class deviates from the assumed mean. 

THE SHORT-CUT METHOD IN CLASS-INTERVAL UNITS 

The calculation of the arithmetic mean from a frequency distribution may 
be further simplified if the distribution has uniform class intervals. When the 
class intervals are of equal size, the deviation of the mid-point of one class 
from the next is always constant and is equal to the width of the class interval. 
The distribution shown in Table 3.3 has a constant difference of $0.50 between 
the mid-points, which is equal to the class intervals, such as, for instance, $66.00- 
$66.49. Thus, the deviations of any one class from any other class may be meas¬ 
ured in terms of class intervals and for this reason the term “short-cut method 
in class-interval units” is derived. 

The computation of the arithmetic mean by the short-cut method in class- 
interval units, as demonstrated by Table 3.4, involves the following steps: 

First, as before, the mid-point of one of the center classes is chosen as the 
assumed mean. 

Second, deviations from the assumed mean are taken in terms of class inter¬ 
vals. The mid-point of the first class deviates from the assumed mean by —4 
class intervals, the second class, by —3 class intervals, the sixth class, by +1 
class interval, and so on, in our illustration, where the mid-point of the fifth 
class ($68.25) has been selected as the assumed mean. Hence only the numbers 
— 4, —3, —2, —1, 0, +1, +2, +3 are recorded in the deviation column. It 
should be noted that each of these numbers actually represents one class interval. 
For instance, —4 actually means —$2.00 because the class interval is $0.50 in 
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TABLE 3.4 COMPUTATION OF ARITHMETIC MEAN OF AVERAGE WEEKLY EARNINGS OF 
142 MESSENGER BOYS IN NEW YORK CITY, 1968, BY THE SHORT-CUT METHOD 
IN CLASS-INTERVAL UNITS 


Average Weekly 
Earnings 

Mid-points 

(m) 

Number of 
Messenger Boys 
(/) 

Deviation 
from Assumed 

Mean 

(d f ) 

fd 1 

$66.00-$66.49 

$66.25 

11 

-4 

- 44 

66.50- 66.99 

66.75 

15 

-3 

- 45 

67.00- 67.49 

67.25 

24 

-2 

- 48 

67.50- 67.99 

67.75 

40 

-1 

- 40 

68.00- 68.49 

68.25 

20 

0 

0 

68.50- 68.99 

68.75 

14 

+1 

+ 14 

69.00- 69.49 

69.25 

11 

+2 

+ 22 

69.50- 69.99 

69.75 

7 

+3 

+ 21 

Total 


142 


-120 


* “ A + (^') i = $68.25 + (~jf °) 0.50 

= $68.25 + (-0.42254) 

= $67.83 


the illustration. That is, the mid-point of this extreme class is two dollars below 
the value of the assumed mean, but it is recorded as -4 instead of as —$2.00. 
It is this step, that is, deviations are expressed in terms of class-interval units 
instead of as original units, which makes this method simpler because it eliminates 
almost all decimal fractions and large totals. 

Third, the deviations are then multiplied by their frequencies in order to 
get the total deviation of all the cases in each class from the assumed mean, fd'. 

Fourth, the total deviation of the series from the assumed mean in class- 
interval units is then obtained by summing up the products of the deviations 
times their frequencies, S/d'. 

Fifth, now we must divide S fd' by the number of items, n, in order to get 
the average deviation. 

Sixth, since S fd'/n is the average amount by which the values vary from 
the assumed mean in class-interval units, this result must be multiplied by the 
size of the class interval in order to convert the average deviation back to original 


units. The procedure is 



which is the correction factor for the assumed 


mean. 

Last, when the correction factor is added to the assumed mean, the arithmetic 
mean results. This method is generalized into a formula as follows: 


x = A + 



(3.4) 


where all symbols have been previously defined. 

It will be noticed that the results from all three methods are, as they should 
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be, the same. Since the short-cut method in class-interval units is a great time- 
saver, it is always advisable to use it in computing the arithmetic mean from 
a frequency distribution, especially when the sample is large. 


3.5 

Weighted 
Arithmetic Mean 


Theoretically speaking, all arithmetic 
means are weighted averages. If no specific weights are given to each and every 
value in the series, each case is assigned an equal weight of 1. In computing the 
arithmetic mean from grouped data, the class frequencies may be considered as 
a series of weights for the various mid-points. Thus when the arithmetic mean 
is computed under the assumption of equal weights, it should be called the 
simple arithmetic mean , as it is often designated. 

Sometimes, in computing index numbers or averaging percentages or products, 
it is necessary to assign proper specific weights to the various items in the cal¬ 
culation of the mean if a correct result is to be secured. When varying weights 
are used in its computation, the arithmetic mean can be properly spoken of as 
weighted. ’ For the purpose of illustration, we assume that in a management 
consulting firm, 10 junior consultants receive 160.00 each, 4 seniors receive 
$85.00 each, and 1 “specialist” receives $125.00 per day. It is evident that the 
different wage rates are of varying importance and that it is necessary to weight 
these rates with the number of persons receiving the several wages in order to 
determine the correct average wage payment. The arithmetic mean becomes: 

($60 X 10) + ($85 X 4) + ($125 X 1) 

—-—-1_> 7 r\r\ 


The formula for the above may be written as 


_ ZWx 

Xw ~ 2W (3 - 5) 

where 

x w = the weighted arithmetic mean 
z = values of the individual items 

W = weight, or number of times an item of the series is counted 

_ As a matter of fact, the weighted mean is suggested by the property that 
nx = Zx. This point can be explained by the following consideration. In averaging 
a series of averages, it is necessary to weight each average with the number of 
cases used to compute that specific average. For the purpose of illustration, 
suppose there are three firms, in a manufacturing industry, which produce an 
identical commodity. The average costs and production data of the firms are 
as shown in the following table: 
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TABLE 3.5 COST AND PRODUCTION OF A CERTAIN COMMODITY 


Average Cost 
Firm (x) 

Total Production 

(IF) 

Total Cost 

(Wx) 

A $1.50 

200,000 units 

$ 300,000.00 

B 1.00 

400,000 units 

400,000.00 

G 1.05 

800,000 units 

840,000.00 

Total $3.55 

1,400,000 units 

$1,540,000.00 


It should be clear that the data in column 2 of Table 3.5 are average costs 
per unit of production. If a simple arithmetic mean is computed from these 
average costs data the result becomes $1,183. It is computed under the assumption 
that all three firms are of equal size and this average of the averages does not 
mean the average cost per unit any longer but average cost per firm. Therefore 
the new average, $1,183, is not consistent with the meaning of the original 
average costs. This point may be demonstrated by the fact that when the total 
production of the three firms combined (1,400,000 units) is multiplied by the 
new average ($1,183) a value of $1,656,200 results and this value is $116,200 
greater than the total costs of the three firms combined. 

Hence, in averaging these average costs they should be weighted by their 
respective quantities of output, as is done in the computation 

2Wx = $1,540,000 _ 

sir 1,400,000 

Now the value of x w means that the average cost per unit of output in the 
whole industry is $1.10. This result is now correct because it is consistent with 
the meaning of the original averages. It will be noticed also that this method 
of weighting, in fact, has the effect of changing the average costs per unit of 
each firm back to the original total costs of production of each firm, thereby 
back to the original total costs in the whole industry. 


3M 


The 

Geometric Mean 


The geometric mean may be defined as 
the nth root of the product of n items or values. 

For ungrouped data, the formula is 

G — \^(Xi)(X 2 )(Xz) ‘ * ‘ (x n ) (3-6) 

where 

G = the geometric mean 
n = number of items in the sample 
x = values of the items 
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For example, the geometric mean of 2 pounds, 4 pounds, and 8 pounds is 
G = "V / (2) (4) (8) = ^64 = 4 lb. 

For the same series, x = 4.7 pounds. It is always true that the arithmetic mean 
is greater than the geometric mean for any series of positive values, unless the 

items being averaged are of the same value, in which case the two averages are 
the same. 

The computation of the geometric mean is made much easier by reducing 
the formula to its logarithmic form, as 

log G = Xl x 2 -t°g x 3 —h • • * -f- log x n 

n 

_ S log x 

~ n ( 3 - 7 > 

Thus, the logarithm of the geometric mean is equal to the arithmetic mean 
o the logarithms of the values. Because of this relationship, to compute the 
geometric mean from grouped data the same technique for computing the 
arithmetic mean by the long method may be used, except that the logarithms 
of the mid-points are used in the computation instead of the actual values of 


TABLE 3.6 


COMPUTATION OF THE GEOMETRIC MEAN OF WHOLESALE PRICE 
THE UNITED STATES, MARCH, 1936 
(1926 = 100) 


RELATIVES IN 


Price Relatives 


Number of 

Relatives Mid-points 

(/) (m) 


20.0- 29.9 
30.0- 39.9 
40.0- 49.9 
50.0- 59.9 
60.0- 69.9 
70.0- 79.9 
80.0- 89.9 
90.0- 99.9 
100.0-109.9 
110.0-119.9 
120.0-129.9 
130.0-139.9 
140.0-149.9 
Total 


6 

25 

17 

35 

23 

45 

54 

55 

106 

65 

175 

75 

163 

85 

114 

95 

72 

105 

22 

115 

13 

125 

3 

135 

1 

145 


769 


log m 


1.3979 

1.5441 

1.6532 

1.7404 

1.8129 

1.8751 

1.9294 

1.9777 

2.0212 

2.0607 

2.0969 

2.1303 

2.1614 


/ log m 


8.3874 

26.2497 

38.0236 

93.9816 

129.1674 

328.1425 

314.4922 

225.4578 

145.5264 

45.3354 

27.2597 

6.3909 

2.1614 

1390.5760 


SoujGe: Leonard Ascher, “Variations in Price Relatives 
of the American Statistical Association, June, 1937. 


Distributions, 


January, 1927, to December, 1936,” Journal 


I =5 ^logm 

n 


1,390.5760 

769 


= 1.80829 


G = 64.3 
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the mid-points. The formula is 


log G = 


fx log mi + f 2 log m 2 + fz log ?n 3 + • ' ~ + fn log m n 

n 


_ (3.8) 

n 

The computation of the geometric mean from grouped data is illustrated 
by Table 3.6. These steps are involved: 

First, obtain the logarithm of the mid-point of each class. 

Second, multiply the logarithm of the mid-point by its corresponding class 
frequency. 

Third, get the sum of the products. 

Fourth, divide the sum by the number of items. 

Last, take the antilogarithm of the result. 


3.7 

Properties and Uses 
of the Geometric Mean 


It may be noted that the geometric 
mean is meaningful only for sets of observations that are all positive. In addition, 
the geometric mean possesses two mathematical properties. The first is its 
characteristic that the product of the values of series will remain unchanged 
when the value of the geometric mean is substituted for each individual value. 
For example, the geometric mean for series 2, 4, 8, 16, and 32 is 8; therefore, 
we have 

(2) (4) (8) (16) (32) - 32,768 = (8) (8) (8) (8) (8) 

The other property of the geometric mean is that the sum of the deviations 
of the logarithms of the original observations above or below the logarithm of 
the geometric mean are equal; namely, (log x — log G) — 0. Alternatively, we 
may say that the value of the geometric mean is such as to balance the ratio 
deviations of the observations from it. Thus, using the same previous numbers, 
we can see that 

(^)(%) = § = (}%y*%) 

Because of this property, we may say that the geometric mean is typical in 
the sense that its value balances the ratio deviations of the items from it. Because 
of this property, too, the geometric mean is especially adapted to average ratios, 
rates of change, and logarithmically distributed series. In certain special cases 
of averaging ratios or percentages, such as the computation of the price index, 
the geometric mean can yield meaningful and logical results that the arithmetic 
mean cannot do. For example, consider the data in Table 3.7, which shows the 
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TABLE 3.7 PRICES OF COM MODITIES A AND B IN 1962 AND 1967 


Com¬ 

modity 

Price 

1962 

Price Relatives 

= 100 1967 

= 100 

1962 

1967 

1962 

1967 

1962 

1967 

A 

$ 5 

$10 

100 

200 

50 

100 

B 

20 

10 

100 

50 

200 

100 

Average 



100 

125 

125 

100 


price changes of two commodities, A and B, from 1962 to 1967. During this 
period the price of A increased 100 percent and the price of B decreased by 50 
percent. What was the relative average change in price? 

The arithmetic mean is the wrong answer to that question. As indicated by 
the computations in Table 3.7, the application of x in this case has led to a non¬ 
sensical conclusion that the prices in 1967 were, on the average, 25 percent 
higher than those m 1962, when 1962 was chosen as the base, and that the prices 
m 1962 were 25 percent higher than those in 1967 when 1967 was chosen as the 
base. The arithmetic mean of ratios is inconsistent. 

A consistent result is reached, however, when the geometric mean is applied 
in this situation. Since 

a. if 1962 is chosen as the base, the prices of 1967 were 100 percent of the 
prices of 1962, 

G = V 7 200 X 50 = \/10,000 = 100, and 

b. if 1967 is chosen as the base, the prices of 1962, as they should be, were 
also 100 percent of the prices in 1967, and 

G = V^O X 200 = 100 

This method reduces the large upward moving relative changes to ratios 
equal to the smaller decreasing relative changes by giving each change equal 
weight when the nth root of the products of the relatives is extracted. The 
arithmetic mean has an upward bias because its method overemphasizes the large 
increasing relatives by treating them as absolute numbers instead of as relative 
numbers which they really are. 

The most useful application of the geometric mean is to average rates of 
changes, since the average of rates of changes can be measured correctly only 
by this method. Suppose the population of a certain city had increased from 
100,000 to 260,000 during the period 1910-1960. What is the average rate of 
change per decade? It must be smaller than 32 percent, as the result of the 
arithmetic mean indicates (160% - 5 = 32%), because the growth of popula¬ 
tion is compounding. Table 3.8 illustrates the correct rate of change obtained 
by the method of the geometric mean. 
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TABLE 3.8 COMPUTATION OF THE GEOMETRIC MEAN OF 
POPULATION CHANGE OF A CERTAIN CITY BY 
DECADES, 1910-1960 




Relatives of 

Log of 



Previous Figure 

Relatives 

Year 

Population 

(V) 

(log x) 

1910 

100,000 



1920 

120,000 

1.200 

0.07918 

1930 

145,000 

1.208 

0.08207 

1940 

180,000 

1.241 

0.09377 

1950 

220,000 

1.222 

0.08707 

1960 

260,000 

1.182 

0.07262 

Total 



0.41471 


logG =^=^i = 0.0B 29 4 

G = 1.21043, or about 21% per decade 


The average rate of increase in population for the last decade is 

S log X 0.07262 AA70A9 
log G = —= —— = 0.007262 

G = 1.01687, or about 1.7% 

These calculations of average rates of change are based upon the assumption 
of a constant rate of change. When the calculation involves a considerable number 
of years, it is usually undertaken by using the formula 

p,, = p„(l + r) a ( 3 - 9 > 

where 

p Q = the amount at the beginning of the period 
p n — the amount at the end of the period 
r = rate of change 
n = number of time periods 

Solving for r from the above equation, we have 

— — (1 + r) n or 


J— = (1 + r) or 

X Vo 




This expression is commonly called the compound interest formula because 
it is used to compute the relationship of compound interest. For example, at 
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what rate of interest would $1000 double 
by this formula, we have 


in 10 years? Solving this simple problem 


-A 


12000 

$1000 


- 1 = ^2 - 1 


Solving the above by the use of logarithms, we have 

Wfr-i-n lo § 2 0.30103 „ 

log () + 1) = = ——— = 0.030103 

r + 1 = 1.0718 

r = 1.0718 - 1 = 0.0718 or 7.18% 

Observe that in the previous computation logarithms were used; hence the 
compound interest formula may be rewritten as 


log 




= log (1 + r) 


or the computation may be made without computing the natural number of 
ratios but by subtracting the logarithms so that 


log p n - log p 0 


n 


= log (1 + r) 


Also, in finding the amount at the end of the period, considerable labor 
becomes ^ USm ^ ^°^ ar ^^ ms instead of natural numbers. The expression 

log Pn = log p 0 + n log (1 + r) (3 . 10) 

The pattern of the frequency distribution of a series is often an important 
consideration m selecting the most representative average. If the absolute 
values of the distribution, plotted on an arithmetic scale, are fairly symmetrical, 
the arithmetic mean is definitely preferable to the geometric mean. However 
if a series is logarithmically distributed, that is, if the distribution is markedly 
skewed to the right m such a way that, when a logarithmic X scale is used in 
plotting or when the logarithms of the mid-points are plotted on an arithmetic 
scale, a symmetrical frequency polygon results, then the geometric mean would 
appear to be more representative. A logarithmically distributed series is encoun- 
tered when the series has a definite limit at one extreme and theoretical infinity 
at the other. A good illustration of this type of distribution is the percentage 
changes m prices. In theory as well as in practice, the price of a commodity may 
increase infinitely from a given base, but it can never decrease more than 100 
percent, thus, the percentage changes, as natural numbers, would distribute 
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themselves asymmetrically, with the range of deviations above th§ arithmetic 
mean greatly exceeding the range below. However, the logarithms of percentage 
changes would tend to group themselves symmetrically about the logarithm of 
the geometric mean. In conclusion, the geometric mean is preferred for a loga¬ 
rithmic distribution because in such a distribution not the absolute deviations 
but the deviations of ratios about central tendency tend to be symmetrical. 


3M 


The 

Harmonic Mean 


If the reciprocal of the value of each 
item is taken, the arithmetic mean of the reciprocals is computed, and the recip¬ 
rocal of this mean is taken, the result is known as the harmonic mean. Or, more 
compactly, the harmonic mean is the reciprocal of the arithmetic mean of the 
reciprocals of the observations. Symbolically, 

1 1 _ n 

H = \jX\ + 1/32 + • • ■ +T/x n = Z(l/s) " 2(1/®) <3 ' U) 

n n 


To make computation easier, formula 3.11 may be rewritten as 


l/H 


1/X\ + 1 /%2 + ' * * + 1 /%n _ S(l/ X) 

n n 


(3.12) 


The harmonic mean of the three values 2, 4, and 8 is 

_! _ ^ ^ 

H ~ 3 


H = 3.43 

For the same data, the arithmetic mean is 4.7 and the geometric mean is 4. 
For any series, the values of which are not all the same and which does not have 
any value of zero, the harmonic mean is always smaller than both the arithmetic 
mean and the geometric mean. Thus the harmonic mean is considered to have 
a downward bias, whereas the arithmetic mean has an upward bias. 

The harmonic mean is limited to average time rates under certain conditions 
and certain types of prices. Nevertheless, within this limited area, the harmonic 
mean yields consistent results in most cases. The arithmetic mean has often 
been used when the harmonic mean should have been employed. For instance, 
during World War I, the estimate of the transport capacity of American ships 





68 MEASURES OF CENTRAL TENDENCY 


was made by dividing the round-trip distance by the arithmetic mean speed of 
the ships to be used. The result, allowing for turn-around time, delays, and so 
forth, gave an estimate of shipping capacity that proved unattainable. Actually 
m such a case the harmonic mean should have been used. The arithmetic average 
number of hours per mile could have been obtained and multiplied by the number 
of miles to get the mean number of hours per trip. Since the harmonic mean 
speed is the reciprocal of the arithmetic average number of hours per mile 
such a procedure is mathematically equivalent to dividing the number of miles 
by the harmonic mean speed. 

Because of the absolute necessity of using the harmonic mean in some cases 
and the confusion between the application of the arithmetic and harmonic 
averages, the harmonic mean deserves more attention than it receives in most 
elementary textbooks. The proper use of the harmonic mean depends upon a 
number of considerations. First of all, we must remember that an average refers 
to some class of units that must be appropriate to the use that the average is 
to serve. As an example, suppose two workers, A and B, in a clothing factory 
can make two and three neckties per hour, respectively, their speeds being 
recorded in either one of the following two forms: 


Form 1 . Worker A 
Worker B 
Form 2. Worker A 
Worker B 


2 neckties per hour 

3 neckties per hour 

30 minutes per necktie 
20 minutes per necktie 


. In the first form > time is he ld as a constant and production a variable; that 
is, the outputs are weighted with equal time periods. Under this assumption, 
the interest is centered around the average output per hour, and it is proper 
to use the arithmetic mean, which in this case is 2.5 neckties per hour (2 + 3) 2 

If 2.5 neckties are produced, on the average, per hour, how much time is required’ 

on the average, to produce one necktie? The answer is 24 minutes because 
60 -f- 2.5 = 24. 

When the time rate is expressed as in the second form, however, time is 
treated as the variable, and production, the constant; that is, time is weighted 
with equal amounts of output. With this change in the assumption, interest has 
now been shifted to the average time required to complete one unit of product* 
therefore, the harmonic mean should be employed. Thus, ’ 


— = + /2 0 _5_ 

H 2 “120 

H = 24 minutes per necktie 

or, on the average, 2.5 neckties are produced per hour: 60 — 24 = 2.5. 

It may be pointed out here that, since workers usually work a fixed number 
of hours each day, the real interest in time study is the number of hours, rather 
than the number of outputs, which should be considered as a constant. This 
being the case, the ratio of form 1—units per hour—should be stated and the 
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arithmetic mean used. If, however, the time rates are recorded as in form 2— 
length of time per unit of output, where the factor, time, desired to be constant, 
is made variable—only the harmonic mean gives the correct answer. 

Next, the harmonic mean is especially adapted to a situation where the 
observations are expressed inversely to what is required in the average. That 
is, for example, when average cost per unit is desired but the data show the 
number of outputs per amount of cost. This point may be made clear by the 
following illustration. 

Suppose you have spent one dollar for 3 dozen oranges in one shop, another 
dollar for 4 dozen oranges and still another dollar for 5 dozen oranges in two other 
different stores. What is the “average price” per dozen of oranges? You may easily 
make the mistake of computing the arithmetic mean for your data. Since you 
may reason that the average prices in the three different stores are 33^ cents, 
25 cents, and 20 cents respectively, the average price per dozen oranges in the 
three stores must be (33^ + 25 + 20)/3 = 26 cents. You can see that this is 
incorrect by the following argument: you have spent only three dollars for 
12 dozens of oranges; if the average price is 26 cents you would have spent 
(26) (12) = $3.12! Or you may note that your data are expressed in the form 
so many dozens per dollar,” but you wish to know the average price of “so 
many cents per dozen oranges.” These two are inverse expressions. Consequently, 
the appropriate average can be obtained by the harmonic mean, as is done 
below: 


_i __ V33M + 3d?5 + 
H 3 

H = 1/0.04 = 25 cents 


You may note that, in this present case, the weighted arithmetic mean also 
yields accurate results. Here the weights are the quantities of oranges bought. 

3.9 

The 

Quadratic Mean 


The quadratic mean is defined as the 
square root of the arithmetic mean of the squares of the observations (root- 
mean-squares). Symbolically, 


quadratic mean = 



(3.13) 


Practically, this measure is never used to average values. It is used, however, 
to compute standard deviation and to average deviation. Such uses of the 
quadratic mean will be discussed in the next chapter. 
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3.10 

Nature and Uses 
of the Median 


Thus far the averages considered are 
computed averages in the sense that they are computed from all observations 
in the sample. In contrast, a position average, such as the median or the mode, 
is found by locating the place of a value in a series. Thus, the values of the 
individual items in the sample will have no influence upon the value of a position 
average. We shall first consider the median. 

The median, as its name indicates, is the value of the middle item in a series 
when the items are arranged according to magnitude. Its position in a series 
is such that it divides the series into two equal parts, with an equal number 
of items on either side of it. If there are five items in a series, say, $2, $4, $5, $7, 
and $8, the median is the value of the third item, $5, which is exceeded by as 
many values as it exceeds in the series. There are two values above and two 
values below $5 in the series. If there are six items in a series, say, 3 pounds, 

4 pounds, 6 pounds, 7 pounds, 8 pounds, and 10 pounds, then any value between 
6 and 7 pounds would divide the series into two equal parts, with three items above 
and three items below it; therefore, any such value could become the median. 
However, in practice, we usually assume the median to be halfway between the 
two central items. In our example, therefore, the median would be 6.5 pounds. 
The median may have values identical with its own on both sides of it. For 
instance, in a series of 1, 2, 3, 4, 5, 5, 5, 6, 7, 8, 9, the median is 5. Because of 
this characteristic, the median may now be formally defined as that value which 
divides a series in such a fashion that at least 50 percent of the items are equal 
to or less than it and at least 50 percent of the items are equal to or greater 
than it. 

From the above discussion it is clear that the value of the median cannot 
be located from ungrouped data unless an array is made. The value of the middle 
item is meaningless as a measure of central tendency in a disorderly series because 
it may have larger as well as smaller values on both sides of it. If the number 
of items in a series is odd, the median is the value of the middle item. If the niunber 
of items is even, the median is the arithmetic mean of the values of the two 
middle items. Therefore, the value of the median coincides with that of one of 
the existing items in an array if there is an odd number of items; the value of 
the median does not necessarily coincide with one of the items in an array if 
there is an even number of items. 

As a position average, the median is influenced only by the number of items 
and not by the values of items in the series. As cited earlier, the median of the 
series of 2, 4, 5, 7, and 8 is 5. The median would still be 5 had we changed the 
series to 1, 2, 5, 9 and 10. 

The typical characteristic of the median is that it divides the distribution 
into two equal parts. In a sense, the median is also a point of balance: it balances 
the number of items in the series. Thus, the median is especially meaningful 
in describing observations that are scored, such as rates, grades, and ranks, 
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Compared with the means, the median has an advantage in that it can 
belocated even when the frequency distribution has open classes. However 
it has a disadvantage because, if the full distributions are not shown, it is impos¬ 
sible to determine from the medians of different groups the median for the com- 
bmed group. 

The median has the interesting property that the sum of the absolute devia- 
10 ns of the observations (deviations whose signs are ignored) from the median 
are less than the sum of the absolute deviations from any other point in the 
distribution. In symbols, 2|d| = a minimum. What we are interested in pointing 
out here is that this measure is often selected because of this property. For 
instance, insurance rates are usually medians because in this field it is much 
more important to have rates that are on the average as close as possible to 
claim costs and other expenses than to have rates which are precisely accurate 
as often as possible but which, at the same time, are seriously off for other risks. 

nother simple application of this property is the decision on the optimum 
location of a plant. For example, suppose a restaurant chain organization has 
seven restaurants on a certain turnpike: 


B 


D 


E 


F 


G 


0 


12 


40 


76 


96 


124 132 


148 


Each restaurant must send each day for fresh food from a central storehouse. 

o minimize the total of distances from the seven restaurants to the central 
storehouse, where should it be located? Clearly, it should not be located at the 
far west or the far east, but somewhere m the center. But where exactly in the 
center should the location be? Remembering that the sum of absolute deviations 
from the median is a minimum, it can be easily decided that the central store- 
house should be located at Restaurant D or in its vicinity. The median distance 
is 96 miles and from it the total amount of travel would be minimized, at 276 
miles each way To locate the central storehouse at any other point, the sum 
of distances will be greater. For instance, at Restaurant C, this sum is 286 
miles. Ihe student may check these computations in Table 3.9. 


TABLE 3.9 

COMPUTATION OF MEDIAN 

DISTANCE 



Distance 

Restaurant 

Location 

From D 

From C 

A 

12 

84 

64 

B 

40 

56 

26 

C 

76 

20 

0 

D 

96 

0 

20 

E 

124 

28 

48 

F 

132 

36 

56 

G 

148 

52 

72 

Total 

532 

276 

286 
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3.11 

Locating the Median 
from Grouped Data 


There are two methods of finding the 
median from a frequency distribution: by interpolation and by graphic analysis. 
Both methods will yield identical results, but the value may not be the same as 
the value obtained from an array. 


LOCATING THE MEDIAN BY INTERPOLATION 

The method of interpolation is based on the assumption that the data are con¬ 
tinuous and that the items in the series are distributed evenly within the class 
intervals. Here, as for the array, to locate the median the first thing to do is to 
find the position in the distribution that would divide the series into two equal 
parts. Using the average weekly earnings of the messenger boys as an illustra¬ 
tion again (see Table 3.10), we first locate this position by computing 
n /2 = 142,/ = 71. This indicates that the median is the value on either side 

of which 71 of these frequencies will fall. . r , , 

Next we discover the class in which the point 71 lies. This is accomplished 
by accumulating the frequencies. It can be seen from Table 3.10 that the cumula¬ 
tive frequency in the fourth class is 90, and we know that it is m this class the 
space of n/2 (which equals 71 in this instance) lies. In other words th ® value 
of the median must be within the range of the fourth class, from $67.50 to $67.99. 
This class which contains the median value, is called the median class. 


TABLE 3.10 LOCATING MEDIAN AVERAGE WEEKLY 
EARNINGS OF 142 MESSENGER BOYS IN NEW 
YORK CITY, 1968 


Average Weekly Number of Cumulative 

Earnings Messenger Boys Frequencies 


$66.00-$66.49 

66.50- 66.99 
67.00- 67.49 

67.50- 67.99 
68.00- 68.49 

68.50- 68.99 
69.00- 69.49 

69.50- 69.99 
Total 


Med = L + i 

= $ 67.50 +$°- 5 ° 

= $67.50 + (0.525)$0.50 
= $67.50 + $0.2625 
= $67.76 


Source: Table 5.5. 
n/2 = 71 
2/i = 50 
/med — 40 
L = $67.50 
i = $ 0.50 


11 

11 

15 

26 

24 

50 

40 

90 

20 

110 

14 

124 

11 

135 

7 

142 

142 
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Since m a frequency distribution the values of the individual items are lost 
except that they are represented by the mid-points of the classes, the exact 
value of the median can then only be estimated by interpolation from the limits 
of the median class. But how is the method of interpolation carried out? 

Under the assumption that the items are evenly distributed within the 
class limits, it is clear that if the result of n/2 were 50 instead of 71, the median 
value would be $67.49,. the upper limit of the third class, because it lies at the 
50 point. Or if the position of the median were 90, by the same reasoning the 
median value would be $67.99. Or if 70 were the median point, it would be 
equally clear that the median value would be $67.75; since the point 70 falls 
at the center of the fourth class, it would be represented by the mid-point value 
of that class, which is $67.75. 

The actual median value, however, must be greater than the mid-point 
value of the median class, that is, $67.75, because the actual position of the 
median is 71, which is more than midway through the median class. Now, in 
order to locate the actual median value, we must determine the proportion of 
the frequencies, which are distributed from the lower class limit to the median 
point in the median class, to the total frequencies in the median class. This 
proportion is found by dividing the number of items we are short to make up 
n/2 when we enter the. median class by the total number of frequencies in the 
median class. In our illustration this proportion is (71 — 50) 40 = 0 525 

This means that the position of the median is 52.5 percent through the median 
class. Obviously, this proportion is in terms of frequencies and must be converted 
into an actua! value in the series by multiplying this proportion by the width 
of the class interval of the median class. Thus, 0.525 X $0.50 = $0 2625. When 
this value is added to the lower class limit of the median class ($67.50 + $0 2625) 
we have $67.76, which is the median. ‘ 

The preceding discussion of locating the median by interpolation may be 
summarized as follows: 

First, compute the value of n/2. 

Second, accumulate the frequencies. 

Third, find the class whose cumulative frequency is the first to exceed n/2 
This is the median class. 

Fourth, perform the following operations: 

a. deduct the cumulative frequency of the class immediately preceding the 
median class from n/2; 

b. divide this difference by the number of frequencies in the median class; 

c. multiply this quotient by the size of the class interval of the median 
class; and 

d. add this product to the lower class limit of the median class to obtain 
the value of the median. 

These steps may be generalized by the following expression: 
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where 

Med = the median 

L = the lower class limit of the median class 
n ~ total number of items in the sample 
S/i = the sum of all the frequencies accumulated just before entering the 
median class 


/med = the frequencies in the median class 

i = the size of the class interval of the median class 


The value of the median obtained in our illustration is $67.76. It is the value 
that divides the items in the distribution into two equal parts. It means that 
half of the 142 messenger boys received average weekly wages less than $67.76 
and half of them had wages greater than this amount. 


LOCATING THE MEDIAN BY GRAPHIC ANALYSIS 

It was mentioned in Chapter 2 that when a frequency distribution has been 
accumulated on the “more than” and “less than” basis, and when they are 
properly plotted into ogives, the median can be located by dropping a per¬ 
pendicular from the intersection point of these curves to the X axis (see Figure 
2.6). The median can also be easily obtained from either the “more than” ogive 


Number of 
messenger 
boys 



Figure 3.1 Graphic location of median average weekly earnings of 142 messenger 
boys in New York City, 1968. 
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or the “less than” ogive alone. To estimate the value of the median from a single 
cumulative frequency curve, we first locate the point of n/2 on the Y scale. Then 
a horizontal line is drawn from this point to the ogive, and a perpendicular is 
dropped from the point where this horizontal line cuts the ogive to the X scale. 
The point where this perpendicular meets the X scale is the median. The applica¬ 
tion of this method is illustrated by Figure 3.1. 

3.12 

Nature and Uses 
of the Mode 


The mode is that value of a series which 
appears more frequently than any other. Thus it is found by discovering the 
value that appears most frequently. This value can be discovered immediately 
when the data are arrayed. For example, in the series 1, 2, 3, 4, 4, 5, 6, and 7, 
the mode is 4. We can therefore consider the mode as typical in the sense that it 
is the most probable value in a series. The mode differs from other types of 
averages discussed before in that the mode of a monomodal distribution (for 
ungrouped data) always coincides with an actual value in the series. 

The mode is often the concept in the mind of most people when they speak 
of “averages.” When students say the average grade in their classes is C, for 
example, they usually mean that this, more than any other, is the grade received 
by students. The “average consumer” often means that type of consumer who 
appears more frequently with regard to his pattern of consumption or other 
quality. The term “typical wage” refers to the modal wage most of the time. 
The modal size of men’s shoes is the typical size bought because more people 
will buy this size than will buy any other. Thus, we use the mode in preference 
to other averages if we like to point to the most typical value of the series. 

Consider the problem of managing operations of the basement of a depart¬ 
ment store. Typically, people go shopping in the basement foi- inexpensive 
merchandise. Among other things, to make low prices possible, tfiere must be 
a large turnover per square foot of space. This, in turn, requires that the base¬ 
ment carry sizes and items demanded by the largest number of people possible, 
such as kitchen utensils, toilet equipment, children’s wares, and so on. Similarly, 
the volume sales of 5- and 10-cent stores, discount houses, grocery chains, counter 
restaurants, and so forth, are all pitched to the modal customer. 

Another interesting application of the mode is the checking of calculations. 
If a calculation is repeated a number of times, the result accepted is the result 
that appears the greatest number of times. 

Although the mode is a very simple and useful concept, its application pre¬ 
sents many troublesome aspects. First, a distribution may reveal that two 
or more values repeat themselves an equal number of times, and in such a situa¬ 
tion there is no logical way of determining which value should be chosen as the 
mode. Strictly speaking, with a discrete series, any value is called a mode if 
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its number of appearances is not exceeded by either of the adjacent values. As 
long as the frequencies of the modal values are not equal, however, we might 
decide to select the value with the highest frequency as the mode for the series. 
This practice implies the assumption that the population may not contain such 
irregularities. 

Second, in dealing with a continuous series whose values follow each other 
in a continuous sequence, there would be no mode unless the data are grouped. 
Also, even for discrete data, we may not find any value that appears more than 
once, as in the case of the populations of the large cities in the United States. 

Finally, the mode is a very unstable value. It changes radically if the method 
of rounding the data changes. For illustration, let us assume a series of weights 
with different methods of rounding as follows: 


Actual Weight 


3.000 

3.500 
3.571 
3.784 

4.500 
4.831 
6.115 
6.115 


Rounded to 
Nearest Pound 


3 

4 
4 
4 

4 

5 

6 
6 


Rounded to 
Last Pound 


3 

3 

3 

3 

4 
4 
6 
6 


From the above, the mode for the series in actual weights is 6.115 pounds; 
when the data are rounded to the nearest pound, the mode becomes 4 pounds; 
when the data are rounded to the last pound, still another mode value appears— 
3 pounds. This erratic behavior gives reason to doubt the significance of the 
value of the mode determined by this method. 

All these difficulties can be overcome totally or in part when the data are 
arranged into a frequency distribution. In such a distribution, any tendency 
of the data to cluster around a certain value is more clearly shown and therefore 
the problem created by the first situation may be solved. Moreover, the erratic 
nature of the mode obtained from an array due to different methods of rounding 
can be stabilized to a great extent by determining the mode from the frequency 
distribution of the same data. This is so because when they are grouped into 
classes, those items which differ in values only on the right of the decimal points 
may still fall in the same class irrespective of the method of rounding. Finally, 
a modal value may appear in grouped data even though there is no repetition 
of any value in the array, or because the data are continuous. A good illustration 
of this point would be the series of the population of each large city in the 
United States, cited earlier; no repetition of any single value can be found from 
its array, but a modal population appears when the same data are grouped. 

Let us now discuss the methods of finding the mode from grouped data. 
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3.13 

Mode for 
Grouped Data 


It should be stated at the very beginning 
that it is only possible to determine the “true” mode from grouped data by 
advanced mathematical methods that are clearly beyond the scope of this book. 
A number of methods are available in elementary statistics, however, by which 
reasonably accurate approximations of the value of the mode may be obtained. 
Three such methods will be discussed in this section: (1) estimating the mode by 
algebraic interpolation within the modal class; (2) locating the mode by geometric 
interpolation; and (3) determining the mode by the empirical method. 


METHOD OF ALGEBRAIC INTERPOLATION 

To estimate the mode by the method of algebraic interpolation we first find 
the modal class by inspecting the frequency distribution. The modal class has 
the highest class frequency. It is clear that the modal class for the distribution 
of the average weekly earnings of the 142 messenger boys in Table 3.10 is the 
fourth class, because it includes more cases—40—than any other class. 

Next, we must estimate where, within the class interval of the modal class, 
the value of the mode lies. The mid-point value of the modal class can be used 
as the modal value if, and only if, the situation is such that there are an infinite 
number of cases in the distribution and an infinitely small class interval is used. 
The logic behind this statement is that when the class interval is being reduced, 
the value of the mode tends to be delimited by a smaller and smaller range 
of values, and it tends to come closer and closer to the mid-point value of the 
class of the highest frequency. However, this reduction in the size of the class 
interval is definitely limited by the number of cases contained in the series. 
In reality, this ideal situation does not exist; therefore, an approximation of the 
modal value must be interpolated around the mid-point of the modal class. 

To interpolate the modal value within the modal class, we must observe 
the fact that despite our previous mid-point assumption, the items within a 
class are not distributed evenly and smoothly. There is usually a tendency for 
the items to gravitate toward the point of the greatest density. This point of 
gravity will pull the modal value away from the mid-point of the modal class 
toward either the lower or the upper class limit. In the distribution of the average 
weekly earnings of the messenger boys the frequency in the premodal class 
(the class that precedes the modal class) is 24, while the frequency of the post- 
modal class (the class which follows the modal class) is 20. This suggests that 
the point of the greatest concentration is pulled toward the lower limit of the 
modal class and the modal value will be below the mid-point of that class. 

The method of algebraic interpolation for the value of the mode is made by 
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resorting to the formula: 



where 

L = the lower limit of the modal class 

Ai = the difference between the frequency of the modal class and the fre¬ 
quency of the premodal class (signs neglected) 

A 2 = the difference between the frequency of the modal class and the fre¬ 
quency of the postmodal class (signs neglected) 
i = the size of the class interval of the modal class 

From Table 3.10, we find 

L = $67.50 
At = 40 - 24 = 16 
A 2 = 40 - 20 = 20 
i = $0.50 

Applying the above formula to these data, we have 

Mo = $67.50 + ( 16 A $0.50 = $67.72 

\16 + 20/ 

This mode means that approximately $67.72, rather than any other amount, 
was the weekly wage received by more messenger boys in New York City in 1968. 

Before turning to the other methods we should consider briefly some of the 
problems involved in estimating the mode from a frequency distribution. First 
of all, it may be noticed that the erratic nature of the mode is not totally elimi¬ 
nated by estimating it from the grouped data, since the concentrating point 
in the distribution depends upon the system of classification. The position of 
the mode changes if the size of the class interval changes. Thus we are obliged 
to conclude that the modal value is the most unstable measurement of central 
tendency among all the averages. 

Further, the modal value from a highly skewed distribution is meaningless 
because it is too close to one end of the data to be very representative of the series. 

Also, if a series has two separate and distinct points of concentration- 
two modal classes the mode is largely a useless device for measuring central 
tendency. If, however, a distribution has two distinct modal classes which are 
adjacent, their combined class interval may be used as the base for interpolating 
the modal value. 

METHOD OF GEOMETRIC INTERPOLATION 

Geometric interpolation to find the mode is made from the histogram of the 
distribution. This method is illustrated in Figure 3.2. Here we first draw a 
diagonal from the lower limit of the modal class at the point established by 
the frequency in the premodal class to the opposite point in the rectangle 
delimited by the modal class. Next, we draw another diagonal from the upper 
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Number of 
messenger 
boys 



Figure 3.2. Geometric interpolation of the mode, average weekly earnings of 142 
messenger boys in New York City, 1968. 


limit of the modal class at the point established by the postmodal class frequency 
to the opposite point of the rectangle described by the modal class. Then, if we 
drop a perpendicular from the point of intersection of these two diagonals, the 
modal value is found at the point on the base line where this perpendicular 
cuts. It should be noted that the two methods of geometric and algebraic inter¬ 
polation are comparable to and therefore may be expected to yield the same 
result. 

It will be noticed that the value of the mode estimated by the graphic approach 
is approximately $67.72, the same as that obtained by the method of algebraic 
interpolation. 

THE EMPIRICAL METHOD 

The empirical method is based upon the relationship among the positions of 
the mean, the median, and the mode in a smooth distribution, such as the three 
polygons in Figure 3.3. 

These three averages are of identical value if they are computed from a 
symmetrical distribution, as demonstrated by Figure 3.3a. From This figure it 
can be seen that the modal value corresponds to the maximum point (ordinate) 
of the polygon. This maximum ordinate, which divides the symmetrical curve into 
two equal parts, is, therefore, the median value. Because it is a symmetrical distri¬ 
bution, furthermore, the extreme low values and the extreme high values exert 
equal influence upon the mean; consequently the value of the mean would.be at 
the middle of the range of the distribution that corresponds with the maximum 
point of the curve. 
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Mean 




Figure 3.3 Hypothetical frequency polygons showing theoretical position of mode 

TwcTTb rr n /ia a) S: T mmetricaI distribution, (b) distribution 
skewed to the left, (c) distribution skewed to the right. 


If, however, the distribution is skewed, either positively or negatively the 
mean, the mode and the median will pull apart. In Figure 3.3b, for instance 
the mode is still located at the highest ordinate in the distribution, but the 

sTnsT d PU d le *b° the l6ft ° f th ® m0d ®’ t0Ward the direction of the low values 
so as to divide the area under the curve into two equal parts. The mean, being 

a value most influenced by the extreme values, will be pulled still further toward 

the direction of the extreme values than will the median. If we are to consider 

shfn w t'T Tu 6 “ iS that ° f FigUre 33c - the same relation- 

ship will occur, but m the opposite direction. 

Ordinarily, in a moderately skewed distribution, when these average values 

diverge the median will be found to be approximately one third as far away 

from the mean as the mode. Since the mean and the median can be exactly 

determined, the value of the mode may be estimated from the former two values. 
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The formula used to describe this relationship is 

Mo = Mean - 3 (Mean - Median) < 3 - 16 > 

For the average weekly earnings of the messenger boys, the mean is $67.83 
and the median is $67.76. Substituting these data in the above formula, we 

have 

Mo = $67.83 - 3(167.83 - $67.76) 

= $67.83 - $0.21 
= $67.62 

Observe that the result obtained by this method is different from that secured 
by algebraic interpolation. This point leads us to two important conclusions 
concerning the mode. First, the empirical estimate is based upon the assumption 
that the theoretical relationship of the positions of the mean, the median, and 
mode usually found in moderately skewed frequency distributions exists. How¬ 
ever, this relationship may not exist in a particular frequency distribution. 
Thus, the uncertainty of the true mode remains. Second, since the elementary 
methods of estimating the mode discussed in this chapter may not be expected 
to yield the same result, the student who limits himself to them should use 
his own judgment as to which of the modal values should be selected to describe 

the series. 


3.14 

Summary 
and Conclusions 


Several types of averages have been 
discussed in this chapter. Except for some specific situations, different averages 
usually yield different, values for the same group of data. Moreover, each average 
has a unique meaning of its own. Because of these considerations, a very important 
and often difficult question arises. What average should be used to describe or 
represent a given series? Perhaps before this question, another fundamental 
question must be asked: Should an average be used at all in a given situation? 

As to whether or not it is appropriate to use a single number to describe a 
series, we must remember that an average is a measure of central tendency. 
Hence, unless the data show a clear, single concentration of observations, an 
average may not be meaningful at all. This evidently precludes the use of any 
average to typify a bimodal, a U-shaped, or a J-shaped distribution. With this 
in mind, we may then proceed to determine what average to use by first consider¬ 
ing the following queries: 

(1) What purpose is the average designed to serve? 

(2) Should we permit extreme values in the series to influence the average? 

(3) Should the average be used for further computation? 
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(4) What is the model of the distribution? Is it symmetrical or skewed? 
If it is positively skewed, is it of the logarithmic type? 

(5) How are we to record the observations to be averaged? natural numbers? 
ratios? rates? averages? 

(6) What class of units should be used for the average? Are the observa¬ 
tions expressed inversely to what is required in the average? 

(7) In what sense do we expect the average to be typical? to balance the 
individual values? to balance the ratios? to balance the number of items? to 
typify the most frequent value? 

(8) What weights, implicit or explicit, if any, should be used? 

With answers to these questions clearly in mind, we can then make a rational 
selection of averages with reference to the characteristics of the averages and the 
numerical relationships among them. 

The characteristics of various averages are summarized below: 

(1) The arithmetic mean, (a) It is affected by every observation and is influ¬ 
enced by the absolute magnitudes of the extreme values in the series, (b) As a 
computed average, it is capable of algebraic manipulation. From its basic equa¬ 
tion, x = 2x/n, when two of the magnitudes are known, the third can also be 
obtained. That is, 2* = nx and » = 2x/x. (c) The sum of algebraic deviations 
from the mean is zero, 2d = 0, and the sum of the squared deviations from the 
mean is a minimum, 2d 2 = a minimum, (d) In a sampling sense, the mean is a 
stable statistic. This concept will be developed in a later chapter, (e) The mean 
is typical in the sense that it is the center of gravity, balancing the values on 
either side of it. 

(2) The geometric mean, (a) It is also affected by all items in the series, but 

it gives less weight to extremely high values than does the arithmetic mean, 
(b) It is strictly determined for positive values but cannot be used to average 
negative values or values with a zero term, (c) It balances the ratio of the values 
to the geometric mean, (d) It is thus adapted to average rates of change, to ratios 
between measures, and to ratios of price change, (e) It is also capable of algebraic 
manipulation. When it is substituted for the values from which it is computed 
the same product is secured. ’ 

(3) The harmonic mean, (a) As a computed average, it is also affected by 
all observations. However, since the reciprocals are averaged, it gives more 
weight to the smaller values. This is just the opposite of the mean, (b) It is capable 
of algebraic manipulation, (c) It is adapted to average time rates and price 
movements. It is also useful when the observations are expressed inversely to 
what is required in the average. 

(4) The median, (a) It is a position average that is affected by the number 
of items, not by the values of the observations. Thus, it (b) is not influenced 
by the magnitude of the extreme deviations from it, and (c) it can be located 
from open-end distributions, (d) The sum of absolute deviations from the median 
is a minimum, (e) It is typical in the sense that it balances the number of items 
in the series, (f) It is meaningless for completely qualitative data but meaningful 
as long as data can be ranked, such as the grades, A, B, C, D, E, F. The median 
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is the most suitable average to describe observations that are scored rather than 
computed or measured. 

(5) The mode, (a) Since it is the point of greatest concentration, the mode 
is the most typical average for a distribution. Because of this property, (b) the 
mode is meaningless unless the distribution includes a large number of observa¬ 
tions and possesses a distinct central tendency, (c) Like the median, the mode 
is not influenced by extreme values, is not capable of algebraic manipulation, 
and can be located from an open-end distribution, (d) Unlike all other averages, 
the mode is always represented by actual items in the series, except when it is 
calculated by the empirical method, (e) The mode is the most unstable average 
and its true value is difficult to determine. 

Certain numerical relationships exist among the averages: 

(1) For any series, except one whose observations are of identical value, 
the arithmetic mean is always greater than the geometric mean, which, in turn, 
is greater than the harmonic mean. 

(2) For a symmetrical and unimodal distribution, mean = median = mode. 

(3) For a positively skewed distribution, the mean has the largest value, 
the mode the smallest value, and the median about one third the distance from 
the mean toward the mode. 

(4) For a negatively skewed distribution, the mean is the smallest, the 
mode the largest, and the median is again about one third the distance from 
the mean toward the mode. 

In conclusion, it may also be pointed out that a complete description of a 
distribution occasionally calls for two or more of these averages. It is true that 
presenting two or more averages creates an added burden for the investigator 
as well as for the consumer of statistics. However, the work this extra burden 
entails is fully justified if it presents a more complete description of the data than 
is possible from a single measure. 


Glossary of Formulas 


(3.1) x = — The arithmetic mean of a sample. It is defined as the sum of all individual 

n 

observations in the sample divided by the number of observations in the sample. 

(3.2) x = This formula is used to compute the sample mean from a frequency dis- 

n 

tribution by the long method. Here, m stands for mid-points, and/ refers to the class frequencies. 

(3.3) x - A + The sample mean may be computed by the short-cut method in original 

n 

units. It is done by selecting one mid-point as the assumed mean, A, and adding to it a correc¬ 
tion factor, 'Efd/n. Here, d - x - A. This method can be applied to both equal and unequal 
class intervals. 
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(3.4) x = A + 


(*)■- 


The mean can also be obtained by the short-cut method in class- 

\ / 

interval units if the distribution is of equal class intervals. This formula differs from (3.3) in that 
here d! instead of d is used. Note that d' is the deviation step. Consequently, the correction 
factor must be converted back to the original units by multiplying it by the class interval, %. 


(3.5) 


2 Wx 
2W 


This equation is used to compute the weighted arithmetic mean. W is the 
weight assigned to the individual observations that are being combined into the average. 

(3.6) G = •%/ (^i)(x 2 )(x 3 ) • • • (x n ) The general equation for the geometric mean. It is the 
ttth root of the product of the n items in the sample. This formula is seldom used unless n is 
very small. With larger n, formula (3.7) is usually employed. 

2 log a: 

(3.7) log G — - ; [G - antilog (log G)] This is the standard formula for the compu¬ 

tation of the geometric mean. Note that this equation transforms the observation into logarithms, 
and takes the arithmetic mean of the logarithms. Therefore, the antilogarithm of the result must 
be taken to obtain the geometric mean. 

2/ log m 

(3.8) log G = --- This formula is used to compute the geometric mean for grouped 

data. 


(3.9) p n = p 0 (l -f r) n This equation is commonly known as the compound interest formula. 
It can be rearranged to solve for r, which is the average rate of growth of a variable. 

(3.10) log p n = log p 0 + n log (1 -f r) This is the logarithmic form of the previous formula. 

ii\ rr 1 /l 

(3.11) H = = x(l/x) The general formu,a for computing the harmonic mean. Note 

n 

here that the natural numbers are transformed into reciprocals and then back to natural 
numbers after the arithmetic mean of the reciprocals is taken. 


(3.12) 1/H = —-— This is the reciprocal of formula (3.11). It is used instead of (3.11) in 

order to make computations easier. It should be noted that the reciprocal of the result must 
be taken to get the harmonic mean if this formula is used. 


V 2x 2 

— This formula for th 

n 

seldom used as a measure of central tendency. 


quadratic mean (root-mean-square) is 


nf 2 - 2/i 

fmed 

from grouped data. The median is the lower class limit, L, of the median class plus the pro¬ 
portion of the distance of the class interval of the median class at which the total frequency is 
divided into two equal parts. 


y i This equation is used for the computation of the median 


(3.14) Med = L + 


(3.15) Mo - L + ^ i This equation is employed to compute the mode from 

grouped data. The mode is the lower class limit of the modal class, L, plus the term in which Ai 
is the absolute difference between the frequency of the modal class and the frequency of the 
premodal class, A 2 is the absolute difference between the frequency of the modal class and 
the frequency of the postmodal class, and i is the class interval. The mode is therefore located 
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by this equation at a point in the modal class that is determined by the relative frequencies of 
the two classes on either side of the modal class. 

(3.16) Mo = Mean - 3(Mean - Median) The empirical method of estimating the mode. 
This equation is recommended when it is desirable to measure the mode but when the data 
are not sufficient for its computation. This formula is derived by an assumed relationship 
between the arithmetic mean, the median, and the mode in a smooth distribution. 


Problems 


3.1 What is the meaning of the concept 
“average"? 

3.2 What are the reasons for using averages? 

3.3 Give various interpretations of the arith¬ 
metic mean, the geometric mean, the har¬ 
monic mean, the median, and the mode. 

3.4 Is the arithmetic mean always weighted? 
Why or why not? 

3.5 Why is the arithmetic mean the most 
widely used average? Do you think it should 
be? 

3.6 The arithmetic mean is often preferred 
over the median and The. mode because, the. 
mean can be used for further computation. 
Why is this property of the mean important? 

3.7 Why cannot the geometric mean be used 
to average observations which have zero 
or negative values? Do you think this property 
to be an important disadvantage of the 
geometric mean? Explain. 

3.8 Why is the arithmetic mean greater than 
the geometric mean, and which, in turn, is 
greater than the harmonic mean when they 
are computed from the same series? 

3.9 Would it be possible for more than 50 per¬ 
cent of the production workers to receive a 
wage lower than the mean wage of these 
workers in the same plant? In connection 
with your answer, what average would you 
expect to be used by the public relations man 
of the plant? by the business agent of the 
labor union? 

3.10 if the average height of the American 
soldiers were 5 feet and 7 inches, could the 
most typical height of the American soldiers 
be greater or smaller than this value? Why or 
why not? 


3.11 If a salesman says he has to call on four 
prospects “on the average” to make a sale, 
which average do you suppose he means? 
Explain. 

3.12 Alfred Kinsey and others reported in 
their Sexual Behavior of the Human Male that 
“nearly all the distribution curves on human 
sexual behavior are strongly skewed to the 
right. The means are quite regularly higher 
than the location of the body of the population 
would lead one to expect. A few high rating 
individuals apparently raise the mean, give a 
distorted picture using the arithmetic mean." 
What average would be most appropriate 
under the circumstances? Why? 

3.13 Give a specific example of your own for 
each of the following cases: 

a. The median is preferred to the arithmetic 
mean. 

b. The geometric mean would be more satis¬ 
factory than the arithmetic mean. 

c. The harmonic mean must be used instead 
of the arithmetic mean. 

d. The mode would be preferred to the 
median. 

e. The median would be preferred to the 
mode. 

f. No average would be meaningful. 

3.14 Which average—the mean, the mode, 
or the median—would you use in each of the 
following situations? Explain your choice. 

a. the average number of rooms in apart¬ 
ments in Queens, New York 

b. the average annual earnings of Boston 
lawyers 

c. the average temperature for the summer 
months in your native city 

3.15 Indicate (but do not compute) whether 
you can derive the mean, the mode, or the 
median from the following distribution. Ex¬ 
plain in each case. 
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SIZE OF ELECTRONICS DISTRIBUTORS IN 
NORTHEASTERN UNITED STATES 


Volume Group 

Number of 
Distributors 

under $ 100,000 

84 

$100,000 under 250,000 

144 

250,000 under 500,000 

98 

500,000 under 1,000,000 

70 

over 1,000,000 

54 


450 


3.16 A laundry uses two different makes of 
washing machine. According to its past ex¬ 
perience, the following results have been 
recorded: 

Make of 

Machine Median Life Mean Life 

A 3500 hours 4000 hours 

B 4000 hours 3500 hours 

If both makes are of the same price, which 
make should the laundry purchase from now 
on? Give reasons. 

3.17 A traveling salesman made five trips 
during the past two months, making the sales 
tabulated below: 


Compute the arithmetic mean, the mode, and 
the median for the series. 

3.19 The following data represent the Decem¬ 
ber, 1967, indices of department store sales in 
the twelve federal reserve districts: 

111, 105, 113, 116, 133, 136, 115, 118, 113, 

113, 134, and 118 

Compute the geometric mean of these index 
numbers. 

3.20 On a certain trip a motorist bought 10 
gallons of gasoline at 29 cents per gallon, 
15 gallons at 31 cents per gallon, 20 gallons at 
33 cents per gallon, and 15 gallons at 28 cents 
per gallon. What is the average price per gallon 
of gasoline paid by the motorist? 

3.21 M r. X went to City B from City A by plane 
at 250 miles an hour and returned by train at 
40 miles an hour. The distance between A and 
B is 1000 miles. What is his average speed? 
Check to see if your answer is logical. 

3.22 If A can finish a certain operation in 30 
minutes, B in 20 minutes, C in 25 minutes, and 
D in 40 minutes, what is the average time 
required to finish the operation? 

3.23 From Problem 2.27, 

a. Compute the arithmetic mean for Sample A 
by the long method. (Data in Table 2P.1.) 


Trip 

Number of 
Days 

Value of 

Sales 

Sales per 
Day 

1 

3 

$ 100.00 

$ 33.33 

2 

5 

250.00 

50.00 

3 

7 

400.00 

57.14 

4 

4 

90.00 

22.50 

5 

6 

210.00 

35.00 

Total 

25 

$1050.00 

$197.97 


The sales manager criticized the sales¬ 
man’s performance as not very good since 
his mean sales are only $39.59 (197.97/5 = 
39.59). The salesman replied that the sales 
manager was unfair in making such a state¬ 
ment for his mean sales were as high as $42.00 
(1,050.00/25 = $42.00). (a) What does each 
average mentioned here mean? (b) Which 
mean seems to you appropriate in this case? 

3.18 The following are the starting monthly 
salaries of ten college graduates: 

$325, $400, $350, $336, $384, $319, $420, 

$400, $425, and $399 


b. Compute the arithmetic mean for the same 
data again by the short-cut method in original 
units. 

c. Locate the median and the mode for the 
data in Table 2P.1. 

d. Compute the mean, the median, and the 
mode for the data in Table 2P.2. (For the mean 
use the short-cut method in class-interval 
units.) 

3.24 Compute the mean, the mode, and the 
median for data in Table 1.1 in Chapter 1. 

3.25 Compute the mean, the mode, and the 
median for data in Table 1.2 in Chapter 1. 



4 


MEASURES 

OF 

VARIATION 

AND 

SKEWNESS 


4.1 

Other Characteristics 
of Frequency 
Distributions 


In the preceding chapter we began the 
description of frequency distributions with averages. An average, as a single 
significant value adopted to represent the central tendency of a series, is a very 
useful and powerful measure. However, the use of a single value to describe a 
distribution conceals many important facts. Decision making often demands 
the revelation of these concealed characteristics of the distribution. We must 
now, therefore, develop statistical measures to summarize and describe those 
concealed characteristics. 

In the first place, not all the observations in a series are of the same value 
as the derived average. Almost without exception, the items included in a dis¬ 
tribution always depart from the central value, although the degree of departure 
varies from one series to another. Moreover, little can be revealed about the 
dispersion even when several averages are computed for the series. For instance, 
we cannot tell at all which distribution has a greater or a smaller degree of 
dispersion from the information given below: 



Distribution A 

Distribution B 

Mean 

15 

15 

Median 

15 

12 

Mode 

15 

6 
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Thus, a measure of the degree of dispersion or variation is needed in order to 
give a more complete description of the chief characteristics of a distribution 
or to make possible effective comparison of two or more distributions. 

Second, distribution shapes differ from series to series. Some are symmetrical; 
others are not. Hence, to describe a distribution we also need a measure of the 
degree of symmetry or asymmetry, of the balance or lack of balance, on both 
sides of the central tendency. The descriptive statistic for this characteristic 
is called the measure of skewness. 

Finally, there are differences of the degree of peakedness among different 
distributions. This attribute is known as kurtosis. To measure kurtosis is to 
define the pattern of scatter of observations among the classes near the central 
value as compared with the scatter of observations near both ends of the dis¬ 
tribution. Kurtosis is measured with reference to the peakedness of the normal 
distribution, which is of ‘ ‘intermediate peakedness”; that is, the normal curve 
is mesokurtic. A distribution with a flat top is called platykurtic and one with a 
pronouncedly peaked top is referred to as leptokurtic. (See Figure 4.1.) 

Variation is by far the most important characteristic of a distribution: it 
may be either a basis for decision making or a measure for developing further 
statistical theory and method. Although skewness is an important characteristic 
for defining the precise pattern of a distribution, it is rarely calculated in business 
and economic series. As to kurtosis, we hardly use it at all in elementary statistics. 
For these reasons, we shall devote the major portion of this chapter to discussing 
various measures of variation, and the remaining space to skewness. We shall 
not consider the measurement of kurtosis. 


4.2 

Significance 
of Variation 


Variety is not only the spice of life but 
also the essence of statistics. Quantitative data, the raw material for statistical 
analysis, are always characterized by differences in values among the individual 
observations. These quantitative differences are as important as the tendency 
of the items to cluster around a central value in a series. Just as we say that 
statistics is the science of averages, we can say that all statistical methods are 
techniques of studying variation. After all, different patterns of frequency 
distributions are caused by different degrees of variation. Furthermore, many 
other powerful analytical tools in statistics, such as the correlation study, the 
testing of hypotheses, the defining of confidence limits of generalizations, the 
analysis of fluctuations, techniques of production control, and so on, are based 
on the measures of variation of one kind or another. The significance of the 
study of variation should thus be clear. 

Our immediate concern with the measures of variation is to stress their 
importance as a supplement to the measures of central tendency in analyzing 
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of prices through time in order to achieve economic stability without serious 

disturbances in the economic structure. . 

In production, a small amount of variation or, conversely, a high degree 
of uniformity of output is often of vital importance. In mass production, the 
supposedly identical manufactured parts must be interchangeable.. Interchange- 
ability requires uniformity in dimensions. It can be easily imagined that t e 
degree of variability may be as important—perhaps more important—as the 
average value of manufactured items. The variability in the lifetime of light 
bulbs, for instance, is more crucial than the average life if the bulbs are used in 
inaccessible places where replacements are extremely difficult to make. Also, 
the variability in the durability of motorcycle tires used by the police may be 
more critical than the average. Again, you may have heard the saying that 
even though the average strength of the links of a chain is great, the variability 
also contributes to its strength. 

An average, as a typical value, may be used to compare two or more sales. 
For instance, we may compare the average annual income of two nations. Sue 
a type of comparison is significant in that it may reveal the relative standards 
of living in two countries. However, the difference in or the similarity of the 
material well-being of the countries cannot be told fully by such a comparison 
alone The material welfare of a people depends on the size of per capita income 
as well as on the degree of variation of individual incomes. In other words we 
may find that both countries may have the same annual average income, 00 
but that in one nation the individual incomes vary from $1,000 to $10,000 
whereas in the other they vary from $200 to $1,000,000. It is quite likely that the 
majority of the people in the first nation belong to the middle class, receiving 
about $3,000 a year, whereas in the second nation there may be many very 
poor as well as many very rich people with a relatively small number of middle- 
class citizens. Thus, the wide difference in the social and economic structure 
an important factor in determining economic welfare—between the two nations 
can be revealed only by the measures of variation in individual incomes together 

with the averages. . , , T . , 

Perhaps the significance of variation was most vividly expressed by Uarre 
Huff when he wrote in his delightful little book entitled How to Lie with Statistics. 
“There is another kind of little figure .... It is the one that tells the range 
of things or their deviation from the average that is given .... Place little 
faith in an average or a graph or a trend when those important figures are missing. 
Otherwise you are as blind as a man choosing a campsite from a report of mean 
temperature alone. You might take 61 degrees as a comfortable annual mean 
giving you a choice in California between such areas as the inland desert and 
San Nicolas Island off the south coast. But you can freeze or roast if you ignore 
the range. For San Nicolas it is 47 to 87 degrees but for the desert it is 15 to 104. 

Let us now move on to see how the degree of variation is measured. 

Variation may be expressed either in terms of the units of measurement 
used for the original data or in terms of a relatiye number—a ratio or a per¬ 
centage. When absolute variation is being measured, the answer is expressed 
in the original units. When a measure of relative variation has been computed, 


4.3 THE RANGE 91 


the answer is expressed either as an abstract number or as a percentage. In 
this chapter we shall consider four basic measures of absolute variation: (1) 
the range, (2) the semi-interquartile range, (3) the average deviation, and (4) 
the standard deviation. Three measures of relative variation will be discussed 
in this chapter: (1) coefficient of variation, (2) coefficient of average deviation, 
and (3) coefficient of quartile deviation. 


4.3 


The 

Range 


The simplest measure of variation is the 
range. It is the difference between the highest and the lowest values in a series. If 
the largest item is 100 and the smallest item is 20, the range is then 100 — 20 = 80. 
For grouped data, the range is obtained by subtracting the value of the lower 
class limit of the lowest class from the upper class limit of the highest class. 
Thus, the range of average weekly earnings of 142 messenger boys in Table 
3.2 is $69.99 — $66.00 = $3.99. Very often the ranges for the same data in 
grouped and ungrouped forms may differ from each other. For instance, the 
range of the messenger boys’ average weekly earnings computed from the un¬ 
grouped data in Table 2.1 is $69.84 — $66.03 = $3.81 instead of $3.99, which 
is the range for the same data in the form of a frequency distribution. Such a 
difference is brought about by the fact that the class limits extend slightly 
beyond the actual data. 

Judging from the method of obtaining the range, we may see that the range 
is not only the simplest but also the crudest measure of dispersion. The range, 
therefore, has certain defects. Most important of all, the range, being a positional 
measure and depending on the highest and lowest items alone, may be unduly 
influenced by one unusual value in the sample. Besides, for the same reason, the 
range is in no way a measure of scatter of the intervening items relative to the 
typical value. The fact that most of the items in many distributions tend to 
concentrate in a few classes near the center indicates that narrower and weighted 
measures should be employed to describe the distribution. Finally, the range 
is highly sensitive to the size of the sample. The range tends to change, though 
not proportionately, in the same direction as the size of the sample varies. 
This is so because an increase in the number of items in a sample cannot possibly 
decrease the range already determined. When the number is increased it is 
possible that some item may have a greater value than the maximum and some 
item a smaller value than the minimum values in the previous sample. For this 
reason the range cannot be interpreted properly without the number of obser¬ 
vations. This disadvantage is especially serious in comparing the variability of 
different distributions. 

The range, despite its numerous shortcomings, may be used quite fruitfully 
as a measure of dispersion for many purposes. It is perhaps most useful in a 
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situation where one desires to know only the extent of the extreme dispersion 
under “normal” conditions. If either the largest or the smallest item is unusual, 
the range reveals nothing about the “normal” distribution of the items. Thus,' 
stock market reports are frequently stated in terms of their ranges, by quoting 
high and low prices of stocks over a period of time. When no exceptional move¬ 
ments of stock prices occur, the quoted range may measure the “normal” variation. 
When, however, exceptional movements are present, the range reveals the effects 
of temporary disturbing conditions in the market. Consequently, a comparison 
of price ranges of stocks through time may show the effects of exceptional factors 
upon different stocks as well as the fluctuations of stock prices caused by ordinary 
trading conditions. Sometimes the range may have certain distinct advantages 
in measuring the dispersion of a symmetrical and continuous series; in such a 
case, the mean can be approximated by taking the average of the two extreme 
values. For instance, the difference between the heights of the shortest and the 
tallest may be used to measure the variation of heights of the male students 
of a certain college and the mean of these two values will give an average, often 
called the mid-range, which would generally agree with the figure obtained by 
averaging the heights of all the boys. As a matter of fact, it is the practice of 
meteorologists to derive the daily mean temperature by averaging only the 
maximum and minimum temperatures instead of using all the twenty-four 
readings of the day. 

The range can also be used to advantage when the sample is small, especially 
when the same sampling operation is repeated often and an average of each 
successive result is utilized, as occurs in statistical quality control. In quality 
control, since the same sample size is used repeatedly, comparisons between 
ranges are not affected by differences in sample size. Furthermore, the range 
reveals almost as much about the variability as do the values of all the individual 
observations when the sample size is small, such as in the case of statistical 
quality control. 

Finally, the range, being easy to compute and a common way of describing 
dispersion, is often used in engineering and medical reports. 


4.4 

The Interquartile 
Range and the 
Quartile Deviation 


The range just discussed expresses 
the extreme variability of the observations. It is therefore subject to the 
chance of erratic extreme items; also, it fails to take account of the scatter 
within the range. From this there is reason to believe that if the dispersion of the 
extreme items is discarded, the limited range thus established might be more 
instructive. For this purpose there has been developed a measure called the 
interquartile range, the range which includes the middle 50 percent of the dis- 
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tribution. That is, one quarter of the observations at the lower end and another 
quarter of the observations at the upper end of the distribution are excluded 
in computing the interquartile range 

To obtain the interquartile range, we begin by finding the first and third 
quartiles and then subtract the first quartile from the third. The process of 
locating the first and third quartiles parallels that of locating the median. As 
a matter of fact, the median is identical with the second quartile, which is found 
at the point indicated by n/2. Similarly, the first quartile, as the value in the 
series at or below which one fourth of the items lies, is at the point indicated by 
n/4. Also, the third quartile, as the value of the variable at or below which three 
fourths of the observations fall, is found at the point indicated by (3n/4). Thus, 
to find the quartile values, as with the median, a certain degree of hairsplitting 
is required for precision. Formulas for locating the quartiles from grouped data 
can be written as 


Q i 


L + 


W4 - ZA 


) 


i 


(4.1) 


where 


Qi = the first quartile 

L = the lower class limit of the Qi class—the first class whose cumulative 
frequency exceeds n/4 items 

S/i = the sum of all frequencies in the classes preceding the Qi class 
f Ql = the frequency in the Qi class 
i = the class interval of the Qi class 


Q 2 — the median 


Q% — L -\- 


/ 3n/4 - Sfc 

V Iq 3 


) 
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where 


Q 3 

L 


2/i 

/<?, 


the third quartile 

the lower class limit of the Qz class—the first class whose cumulative 
frequency exceeds (3n)/4 items 

the sum of all frequencies in the classes preceding the Qz class 
the frequency in the Qz class 
the class interval of the Qz class 


To get quartile values from an array, we simply locate the rank of items 
by (n + l)/4, (n + l)/2, or (3n + l)/4 and read off the value for Qi, Q 2 , or 
Qz. If fractional values occur, interpolation is made between the two values 
corresponding to the two items between which a fraction falls. For example, 
if there are 20 items in the sample, the position of Q 1 is (20 + l)/4 = 5.25 
spaces. This indicates that the value of Qi is that of the fifth item, plus 25 per¬ 
cent of the difference between the values of the fifth and sixth items. Thus, if 
the value of the fifth item is $10 and that of the sixth, $12 then Qi = $10 + 
($12 - $10) (0.25) = $10.50. 
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Now, let us find the interquartile range for the average weekly earnings 
of the 142 messenger boys in New York City by using formulas (4.1) and (4.2). 



/142^ _ 26\ 

= $67.00 + i -) $0.50 

= $67.20 


/3 n 

[7 ~ 2/1 

Qi — L + l--- 

X JQz 

= $68.41 

And thus the interquartile range in the present case is Q z — Q x = $68.41 — 
$67.20 = $1.21. This range is a measure of the variability in earnings of the 
messenger boys. It indicates that the central 50 percent of the average weekly 
earnings of the 142 messenger boys varies within the value of $1.21. 

Very often the interquartile range is reduced to the form of the semi-inter- 
quartile range or quartile deviation by dividing it by 2. Thus, let QD be the semi- 
interquartile range; in symbols we have 



QD = —-— 1 

2 


(4.3) 


QD is a very convenient expression because the dispersion can now be asso¬ 
ciated with and stated in terms of the median. As for the present case, the 
median is $67.76, the interquartile range $1.21, and the semi-interquartile 
range 60 cents. Were the distribution of the messenger boys’ weekly earnings 
normal, we could then say that exactly 50 percent of the cases fall within the 
range of $67.76 ± $0.60; that is, the median plus and minus the semi-inter¬ 
quartile range. The logic behind this conclusion is not difficult to follow. In a 
normal distribution, the first and third quartiles are equidistant from the median. 
It follows, therefore, that the interquartile range and the range of the median 
plus and minus the semi-interquartile range are the same distance. Moreover, 
since exactly 50 percent of the observations fall within the interquartile range, 
the range of the median ±QD would also include exactly 50 percent of the items. 

In reality, however, one seldom finds a series in business and economic 
data that is perfectly symmetrical. Nearly all distributions of social series are 
asymmetrical. In an asymmetrical distribution, Qi and Q z are no longer equi¬ 
distant from the median; if it is positively skewed, Qi is closer to the median 
than Q z ; if it is negatively skewed, the opposite is true. Thus, in a moderately 
skewed distribution, the median ±QD yields values close to, instead of exactly 
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at, the values of Q 3 and Q 1 . As a result, the median ±QD for a skewed series 
includes only approximately 50 percent of the observations. 

Another statistical measure, K ± QD , will include exactly 50 percent of the 
items of an asymmetrical distribution. K is obtained by the following expression: 

K = Qi + QD (4.4) 

Applying this measure to the data of average weekly earnings of the messenger 
boys, we secured this result: 

K = $67.20 + $0.60 = $67.80 

It may be noted that if the distribution is perfectly symmetrical, the value 
of K is the same as those of the median, the mode, and the mean. The difference 
between the values of the K and the median in this case, therefore, indicates 
that the distribution of the average weekly earnings of the messenger boys 
in our example is skewed. 

As pointed out earlier, the interquartile range or the semi-interquartile 
range is a measure that excludes the highest 25 percent and the lowest 25 per¬ 
cent, giving a range within which the central 50 percent of the observation falls, 
and unlike the crude range, is not affected by the extreme values. The proper 
interpretation of the semi-interquartile range is that if it is very small it then 
describes high uniformity or small variation of the central items. Because of 
this, QD can be used to compare the degrees of variation in different distributions. 

This measure, however, has an outstanding shortcoming: it does not make 
use of the values of all the observations; consequently QD is not affected by the 
different distribution patterns of those items below the first and above the 
third quartiles. In addition, QD is only a distance on a scale and is nbt measured 
from an average. If we really desire to measure variation in the sense of showing 
the scatter around an average, we must include the deviation of each and every 
item from an average in the measurement. Furthermore, the quartile deviation, 
being a positional measure, is not amenable to algebraic manipulation; there¬ 
fore, it is impossible to find the quartile deviation for combined groups. Another 
drawback of this measure is that it is not often useful for statistical inference. 


4.5 


The 

Average Deviation 


The average deviation or the mean devia¬ 
tion , as it is sometimes called, is simply the arithmetic mean of the deviations 
from an average value, either mean or median. Theoretically, because the sum 
of deviations of the items from the median is a minimum when signs are ignored, 
it is desirable to use the median as the point of reference when the average 
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deviation is emplo 3 T ed as a measure of variation. In practice, however, the mean 
is more frequently used. In any case, the average used must be clearly stated 
in a given problem so that no confusion in meaning may arise. 

Computing the average deviation from a list of values involves the following 
steps: 


(1) Compute the deviation d of each observation x from the arithmetic 
mean x: symbolically, d = x — x. 

(2) Obtain the sum of the deviations from the mean and ignore the signs 
of the deviations, 2|d|. (The symbol \d\ indicates that signs are to be ignored.) 

(3) Divide the sum of the deviations from the mean by the number of obser¬ 
vations in the series. The result so obtained is the average deviation. 


Letting AD stand for the average deviation, the general formula becomes 


AD 


2|z — x\ 
n 


SjdJ 

n 


(4.5) 


For a large sample with a mean having decimal fractions, the task of com¬ 
puting the average deviation by this formula becomes time-consuming and very 
tedious. Under such conditions it is more convenient to obtain the average 
deviation from a frequency distribution. Deviations may be measured from the 
mean and multiplied by class frequencies. This precedure is summarized by the 
following expression, in which the symbols have all been previously defined: 


AD 


2 /\m — x\ 
n 


V\d\ 

n 


(4.6) 


The value of AD is always interpreted in connection with an average. If 
the distribution is symmetrical, the average (mean or median) ±AD is the range 
that will include 57.5 percent of the items in the series. If it is moderately skewed, 
then we may expect approximately 57.5 percent of the items to fall within this 
range. Hence, if AD is relatively small the distribution is highly compact or 
uniform, since more than half of the cases are concentrated within a small range 
around the mean. 

The average deviation is useful in dealing with small samples with no elaborate 
analysis required. It is rarely used for large samples and grouped data. The 
limited employment of the average deviation is due to its mathematical peculi¬ 
arity. The student may have already noted that if the average deviation is to 
be calculated the plus and minus signs of the deviations must be ignored. If the 
signs of the deviations are not ignored, the net sum of the deviations will be zero 
if the reference point is the mean, or approximately zero if the reference point 
is the median. This procedure, however, is algebraically illogical. Perhaps the 
most important reason for studying the average deviation is that it will help 
the student to understand another superior measure of dispersion called the 
standard deviation. 
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However, the serious drawbacks of the average deviation should not blind 
us to its practical utility. Because of its simplicity in meaning and computation, 
it is especially effective in reports presented to the general public or to groups 
not familiar with statistical methods. It may also be mentioned in passing that 
the National Bureau of Economic Research has found that the average deviation 
is the most practical measure of variation to use in forecasting business cycles. 


4.S 

Nature and Uses 
of the 

Standard Deviation 


The standard deviation is by far the 
most important statistic among all the measures of variation. It may be considered 
as a special form of the average deviation from the mean. The standard devia¬ 
tion differs from the average deviation in that it is computed by using the squared 
deviations from the mean whereas the average deviation is derived by employing 
the absolute deviations. Obtaining the standard deviation involves five simple 
steps: 

(1) Take the deviation of each observation from the mean, (x — x), denoted 
as d. 

(2) Square the deviations, (x — x) 2 or d 2 . 

(3) Sum up the deviations. This sum may be considered as the variation and 

is symbolized as S(a: — x) 2 , or 2d 2 . 

(4) Obtain the mean of the squared deviations, 2d 2 /n. This value is called 

the sample variance and is denoted by s 2 . _ 

(5) Extract the square root of the variance, Hd 2 /n. The result thus derived 
is the sample standard deviation and is represented by the symbol s. 


Thus the standard deviation is the square root of the variance which, in 
turn, is the mean of the squared deviations from the mean. These two measures 
may be written fully as follows: 


- x) 2 
n 


(4.7) 


lz(x — x) 2 


To use these formulas, it is necessary to carry I to a sufficient number of 
decimal places in order to obtain greater accuracy. To illustrate the application 
of these formulas, we shall use two hypothetical samples, both of which contain 
the results of the measurements of the resistance of a certain electrical product 
produced by two different companies, A and B. 
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Product of Company A _ Product of Company B 


Resistance 

(ohms) 

(x - x) 

(x - x ) 2 

3.5 

-0.53 

0.2809 

3.6 

-0.43 

0.1894 

3.7 

-0.33 

0.1098 

3.8 

-0.23 

0.0529 

3.9 

-0.13 

0.0169 

4.0 

-0.03 

0.0009 

4.2 

+0.17 

0.0289 

4.3 

+0.27 

0.0729 

4.4 

+0.37 

0.1369 

4.9 

+0.87 

0.7569 

40.3 ohms 


1.6455 


x = 4.03 ohms 
s 2 = 2(x - xy(n 
= 1.6455/10 
= 0.16455 

s = V2(z - xyIn 
- VO. 16455 
= 0.405 ohm 


Resistance 

(ohms) 

+ - x ) 

(x — x ) 2 

2.7 

-1.33 

1.7689 

2.8 

-1.23 

1.5129 

2.9 

-1.13 

1.2769 

3.4 

-0.63 

0.3969 

4.0 

-0.03 

0.0009 

4.5 

+0.47 

0.2209 

4.7 

+0.67 

0.4489 

4.8 

+0.77 

0.5929 

5.2 

+1.17 

1.3689 

5,3 

+1.27 

1.6129 

40.3 ohms 


9.2010 


x = 4.03 ohms 
s 2 = s(.r — x) 2 /n 
= 9.2010/10 
- 0.92010 

s = V s(x - xy/n 
= Vo. 92010 

= 0.959 ohm 


Formulas (4.7) and (4.8) are introduced first because they give the definitions 
o the variance and standard deviation. Their application, however is unduly 
time-consuming, since the mean must be subtracted from each observation. 
It becomes especially laborious when x contains a large number of digits or 
decimal places. As indicated before, if x is rounded in order to save time and 
labor, the variance and standard deviation will sacrifice accuracy. For these 
reasons, we wish to develop more efficient methods of computation. This is 
done by taking advantage of the relationship that 

X(x - x) 2 = 2(x 2 - 2xx + x 2 ) 

= 2a: 2 - 2x2x + 2x 2 
= 2a: 2 — 2x2a: + x2x 
= 2a: 2 — xLx 
= 2a: 2 - (2 x) 2 /n 

From this relationship, we can then convert formulas (4.7) and (4.8) into the fol¬ 
lowing forms: 

e2 = Zpc - x y _ Sx* - (2 xY/n 2a: 2 /Sx\ 2 

n n IT “ W <4 ‘ 9) 



. 11 1S ln teresting to note that when formula (4.9) or (4.10) is employed, devia¬ 
tions are taken from an assumed mean of zero. Thus, the algebraic sum of the 
deviations is, in effect, identical with the sum of the original values, 2a;. But 
the sum of square deviations from any value other than the actual mean must 
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be greater than that from the actual mean. As a result, the variance computed 
from an assumed mean of zero must be greater than the variance from the actual 
mean: 2x ! /« is greater than 2(x - x) 2 /n. Therefore to compensate for this 
error, from the variance computed from the assumed mean of zero we must 
subtract a correction factor, which is equal to the square of the mean, (Sx/n) 2 . 
When this is done, the variance and the standard deviation computed by adopting 
formulas (4.9) and (4.10) should be identical with those derived from formulas 
(4.7) and (4.8). This is illustrated by the calculations shown below. 


Product of Company A 

Resistance 

(ohms) 


x 

3.5 

3.6 

3.7 

3.8 

3.9 
4.0 

4.2 

4.3 

4.4 

4.9 
40.3 


The standard deviation, though the most important and the most widely 
used measure, has the least obvious interpretation among all the measures of 
dispersion. Both its importance and its utility are derived from the fact that not 
only is it the most reliable summary descriptive measure of dispersion; it also 
plays a vital role in statistical inference. 

As a descriptive measure, the standard deviation is essentially a mean. 
From the process of its computation, it can be seen that it is the root-mean- 
square of the deviations about the arithmetic mean. More precisely, as noted 
in the previous chapter, the quadratic mean is the root-mean-square average 
of a set of observations; hence we may say that the standard deviation is the 
quadratic mean of the deviations. The standard deviation is a kind of mean 
of algebraic deviations that give positive values. These positive values increase 
when the variability increases and are in the same units as the original obser¬ 
vations. This observation furnishes us with a proper interpretation of the standard 
deviation. Returning to the previous illustrations of the electrical products 
produced by Company A and Company B, we note that both products have 
an identical mean resistance of 4.03 ohms; but the standard deviation for B s 
product is 0.959 ohm, which is much greater than A’s 0.405 ohm. From these 
results, we can conclude that A’s product is superior to B J s: A's product is much 
more uniform in quality and more dependable in resistance than B s. To argue 
in the reverse, we may point out that although B s product has the same mean 


12.25 

12.96 

13.69 

14.44 

15.21 

16.00 

17.64 

18.49 

19.36 

24.01 

164.05 


} 2 = 2x7n - (Xx/ny 
= 164.05/10 ~ (40.3/10) 2 
= 0.164 
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resistance as A J s, the former shows much greater variability with some items of 
very high and others of very low resistance. 

The standard deviation, as the student may have already sensed, is also 
useful in judging the representativeness of the mean. A small s means a high 
degree of uniformity of the observations as well as homogeneity of a series* 
a large s means just the opposite. Thus, if we have two or more comparable 
series with identical or nearly identical means, it is the distribution with the 
smallest standard deviation that has the most representative mean. 

The analytical function of the standard deviation in statistical inference 
rests on its relation to the normal distribution. A normal distribution is completely 
defined by its mean, fx, and its standard deviation, a. (Note that fx and <r are 
referred to here because, when we speak of the normal distribution, we are think¬ 
ing m terms of a specific type of population model. A sample, unless it is as 
large as the population itself, can never assume the exact shape of the normal 
distribution.) That is, the mean plus and minus a given number of standard 
deviation will include a precise proportion of the number of observations in the 
normal distribution. (See Figure 4.2.) To make a decision on the basis of a sample, 
we must allow for sampling variability. This is so because a sample statistic can 
never be expected to be the same as the corresponding population parameter. 
Moreover, if we were to collect a large number of samples of the same kind 
from the same population, we would expect the same statistic computed to vary 
from sample to sample. Frequently, however, the variability of a sample statistic 
can be approximated by a normal distribution which, as has already been noted, 
is completely defined by its mean and standard deviation. It is because of this 
that the standard deviation plays a vital role in statistical inference. This point 
will become clear to the student in the following chapters. 

As for the distribution of a sample, as long as it resembles a normal distri¬ 
bution-only moderately skewed and not of the leptokurtic or platykurtic 
type—the standard deviation is a good estimate of the percentages of observa¬ 
tions included by given distances from the mean. Hence the following relation- 



Figure 4.2 Percentage of items included under normal curve for selected values of <r. 
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ships may be expected to hold approximately. 

x ± s includes about 68 percent of the items 

x ± 2s includes about 95 percent of the items 

x ± 3s includes about 99 percent of the items 

The property of the standard deviation that it is an accurate gauge of the 

proportions of items falling within given distances from the mean leads us to 
two more important applications of the standard deviation. The first is to use 
it as a basis for prediction. For instance, suppose a laboratory test finds that 
the average burning life of a sample of 100 television picture tubes is 500 hours 
and the standard deviation of burning lives is 50 hours. Assuming that the 
burning lives of all television picture tubes which could have been pioduced 
by the same process are normally distributed and that its mean and standard 
deviation are about the same as found in the sample, we may then predict that 
practically all burning lives would be in the range of 350-650 hours; 95 percent 
would be in the range of 400-600 hours; 68 percent would be in the range of 
450-550 hours. It is interesting to note that in this example we have used the 
sample mean and sample standard deviation as the estimates of the population 
mean and population standard deviation, respectively. The reliability of the 
prediction depends upon the accuracy of these estimates, which, in turn, and 
among other things, depends upon the size of the sample. A sample of 100 in 
this case should be considered as sufficient. We shall have opportunity in the 
subsequent chapters to discuss the problems of estimation, the determination of 
sample size, and other matters of statistical inference. 

The other use of the standard deviation is to consider it as a standard unit 
of measurement, measuring the deviation of a given observation fiom the mean. 
That is, we consider an x value as being a given number of standard deviations, 
denoted by z, from (above or below) the mean. To obtain the z value, which 
is often called the standard measure, or the standardized value, is to convert the 
difference between the mean and an individual observation into units of the 
standard deviation. Thus, for the population we have 


X fJL 

z — - 

cr 

and for the sample, 

x — x 

z = - - 

$ 


(4.11) 


(4.12) 


The standardized value will be used frequently in later chapters to determine 
the probability of an item of a specified value in a normal population. We wish 
to point out here that the 2 value can be employed to compare two individual 
items, even when they belong to different distributions. To illustrate, suppose 
a student scored 90 in an intelligence test when he entered a college, the mean 
for all entering students being 100 and the standard deviation 25. Then 


2 


90 - 100 
25 


-0.4 
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This indicates that the student in question is not very bright because his intelli¬ 
gence is 0.4 standard deviation below the average. Now, suppose that, by the 
end of the freshman year, this same student achieved an average in his examina¬ 
tions of 79 points while for all the students p = 70 and <r = 10. Then 


This reveals that his actual achievement is 0.9 standard deviation above the 
average. Evidently, the individual being considered is a better student than 
the intelligence test indicated. 

There are still other important uses of the standard deviation: fitting the 
normal curve to a frequency distribution and analyzing the coefficient of corre¬ 
lation discussed in later chapters. In any case, the student must have realized 
by now the value of the standard deviation. It is therefore vital for him to have 
a thorough understanding of this concept, and he should review this section 
before he proceeds. 


4.7 

Computing the 
Standard Deviation 
from Grouped Data 


Very often the standard deviation is 
computed at the same time as the mean, and a similar short-cut method, applied 
for computing the mean, can be used for the standard deviation. The basic 
formula for computing the standard deviation from grouped data is written as 


s = 



(4.13) 


where d - (m x). Equation (4.13) is analogous to equation (4.8). A more effi¬ 
cient method uses a formula analogous to equation (4.10), as 

IWm* /2/roY 

* = - y,r) 

Better still, we can compute the standard deviation by the short method. 
Here, as m the case of the arithmetic mean, we work with deviations from an 
assumed mean, A. These deviations may be stated in original units or in class- 
interval units. The formula for the short method in original units is 

„ IZfd* 7Wd V 


where d = {m — A). 
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The formula for the short method in class-interval units is identical with 
equation (4.15) but for two exceptions. First, d! instead of d is used, where d' = 
(m — A)/i = d/i. Second, because of the use of d f , the result must be multiplied 
by i } the class interval, in order to convert it back into original units. Thus 
we have 

*/ /s/(d') a 7m f v\. 

5 = “ wr) ) * <4 - 16) 

Formulas (4.13), (4.14), (4.15), and (4.16) can be" expected to yield the same 
results when they are applied to the same distribution with the same grouping. 
In general, however, the standard deviation tends to be slightly greater when 
calculated from grouped data than' when calculated from ungrouped data. 
Also, as in the case of the mean, the narrower the class interval, the closer would 
the standard deviation computed from grouped data be in agreement with 
that derived from ungrouped data. For analytical purposes, the class interval 
should be less than one fourth of the standard deviation. For descriptive purposes, 
the error introduced by intervals as large as half of the standard deviation is 
usually acceptable. 

As to the selection of formulas in practice, we may note that equation (4.13) 
is a definitional formula and its use is too laborious. Formulas (4.14) and (4.15) 
can be used for both equal and unequal class intervals, but the latter is usually 
preferred because it is less time-consuming than the former. In dealing with 
equal class intervals, however, equation (4.16) is the most efficient formula. 
Tables 4.1 and 4.2 are illustrations of the application of Formulas (4.14) and 
(4.16), respectively. 


TABLE 4.1 COMPUTATION OF STANDARD DEVIATION OF AVERAGE WEEKLY EARNINGS OF 142 
MESSENGER BOYS IN NEW YORK CITY, 1968, BY THE EFFICIENT METHOD 


Average Weekly 
Earnings 

Mid-points 

m 

/ 

fm 

fm 2 

$66.00-$66.49 

$66.25 

11 

728.75 

48,279.69 

66.50- 66.99 

66.75 

15 

1001.25 

66,833.44 

67.00- 67.49 

67.25 

24 

1614.00 

108,541.50 

67.50- 67.99 

67.75 

40 

2710.00 

183,602.50 

68.00- 68.49 

68.25 

20 

1365.00 

43,161.25 

68.50- 68.99 

68.75 

14 

962.50 

66,171.88 

69.00- 69.49 

69.25 

11 

761.75 

52,751.19 

69.50- 69.99 

69.75 

7 

488.26 

34,055.44 

Total 


142 

9631.50 

653,396.89 



n 

2/m 

2/m 2 


Source: Table 2.5. 



= V653,396.89/142 - (9631.50/142) 2 
= V4601.3865 - 4600.5698 


= VO. 8167 


= $0.90 
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TABLE 4.2 COMPUTATION OF STANDARD DEVIATION OF AVERAGE 
WEEKLY EARNINGS OF 142 MESSENGER BOYS IN NEW YORK 
CITY, 1968, BY SHORT METHOD IN CLASS-INTERVAL UNITS 


Average Weekly 
Earnings 

/ 

d' 

fd ‘' 

W) 2 

$66.00-$66.49 

11 

-3 

-33 

99 

66.50- 66.99 

15 

-2 

-30 

60 

67.00- 67.49 

24 

-1 

-24 

24 

67.50- 67.99 

40 

0 

0 

0 

68.00- 68.49 

20 

+1 

+20 

20 

68.50- 68.99 

14 

+2 

+28 

56 

69.00- 69.49 

11 

+3 

+33 

99 

69.50- 69.99 

7 

+4 

+28 

112 

Total 

142 


+22 

470 


s = (Vzfid'y/n -&fd'/n¥)i = V470/142 — (22/142) 2 (0.50) 

= V3.30986 - 0.02400 (0.50) = (1.81)(0.50) = $0.90 

Here for the first time in this book, the detailed steps required to compute 
a major statistic are not given. It is time for the student to learn how to set up 
the computation table for applying a formula to a given set of data. This is 
actually not a difficult skill in applied statistics, but it is an important one. 
Generally speaking, the computation table must contain columns that will 
yield the necessary quantities to be fed into the formula. The relationships 
among the variables in the formula, in turn, suggest the columns required. 
Each column, except those that contain the original data, may be considered 
as a distinct step in computing a given measure. These rather general statements 
should become clear to the student when he studies Tables 4.1 and 4.2 carefully, 
together with formulas (4.14) and (4.16). He will find it even more instructive 
to write out the steps required to compute the standard deviation by all the four 
formulas introduced in this section. 


4.8 


Characteristics 
of Measures of 
Absolute Variation 


To recapitulate, let us restate the chief 
characteristic of the various measures of variation discussed so far in order to 
gain a better understanding of their significance. 

THE RANGE 

(1) The range is easy to compute and simple in meaning. (2) It is based on 
two extreme values and is therefore a highly unstable measure. Its value may 
change greatly if a single figure is added or withdrawn. (3) This measure is a 
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distance along tlie scale, which includes 100 percent of the cases but gives no 
indication of the pattern of distribution between the two extreme values. (4) 

It is useful as a rough measure of the degree of variation and a good measure 
for presenting variations to the general public. 

THE QUART! LE DEVIATION OR SEMIQl ARTILE RANGE 

(1) The quartile deviation is also easily calculated and readily understood. 

(2) It is a distance along the scale, which includes the middle 50 percent of 
the items within its range. Thus, it is not a measure of dispersion from any 
specific average. (3) The measure is determined by the number of cases rather 
than by their values and therefore is not suitable for further algebraic manipula¬ 
tion. (4) The semiquartile range is affected neither by the distribution of the 
items between Q\ and Qz nor by that outside these quartiles. Thus it is not an 
accurate measure of dispersion. (5) As a rough measure of dispersion, however, 
the quartile deviation is superior to the crude range and is especially useful in 
the case of open-end distributions. 

THE AVERAGE DEVIATION 

(1) The AD is determined by the value of every item in the series. (2) But it 
is less affected by the extreme deviations than is the standard deviation. (3) 
It may be computed from either the arithmetic mean or the median, though 
the average deviation from the latter is a minimum. (4) In a normal distribution, 
57.5 percent of the items in the series fall within the range of the mean or median 
±AD. If the distribution is moderately skewed, this range will include approxi¬ 
mately 57.5 percent of the cases. (5) Mathematically, the AD is neither as logical 
nor as convenient as the standard deviation. Consequently, its use is limited 
and it is overshadowed as a measure of variation by the superior standard 
deviation. Meanwhile, it should be recognized that easy computation and 
obvious interpretation have made the average deviation an efficient practical 
measure under certain circumstances. 

THE STANDARD DEVIATION 

(1) The standard deviation is affected by the value of every item in the series. 

(2) It places greater stress upon extremes than does the average deviation 
because all values are squared in computing the standard deviation. (3) Its 
definite mathematical property makes it perfectly adaptable to further alge¬ 
braic computation. (4) It is always computed about the mean, for the sum 
of the squared deviations from this point is a minimum. (5) The standard 
deviation is usually used to define areas under the normal curve. Under a normal 
curve, 68.27 percent of the area (or cases) will be included within the range 
of the mean, plus and minus one standard deviation; 95.45 percent of the area 
will be included if two standard deviations are measured off from both sides 
of the mean; and 99.73 percent of the area will be included if three standard 
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deviations are measured off. In a moderately skewed distribution these per¬ 
centages are approximations. (6) Because of its inherent properties, the standard 
deviation has great practical usefulness in sampling, correlation, statistical 
inference, and other advanced statistical measurements. (7) One drawback of 
the standard deviation is its lack of obvious interpretation. To say that it is 
the root-mean-square of the deviations about the arithmetic mean or the quadratic 
mean of the deviations will mean nothing to the statistically unsophisticated 
public. 


4.9 

Relative 

Variations 


. . 11 is valid to compare the standard 

deviations if we wish to compare the dispersions of two or more series that have 
the same or nearly the same mean and that are expressed in the same unit. 
There are situations, however, where different distributions may have different 
means or are stated in different units. Thus, it becomes impossible to compare 
the standard deviations. For instance, we may find the standard deviation for 
the annual incomes of physicians to be $1500, while for college professors the 
standard deviation is $1000. Does this prove that the variation in incomes of 
the physicians is 150 percent as large as the variation in the incomes of the pro¬ 
fessors? The answer, of course, depends upon the mean incomes of the two 
groups of people. If the mean income of the physicians is $20,000 and that of 
the professors is $12,000, the relative degree of dispersion of the professors’ 
incomes is actually greater than that of the physicians’. Clearly, the difference 
between two absolute values of variation around different means furnishes no 
comparable basis for comparison in itself. 

Again, suppose we wish to compare the degrees of uniformity in the produc¬ 
tivity and mental ability of the same group of workers. For this problem, as to 
productivity, we may find the mean to be 95 percent of a certain standard in 
production and the standard deviation to be 25 percent; as to the mental test 
the mean number of points scored may be 45 while the standard deviation is 
10 points. Here a direct comparison between the two standard deviations will 
not make any sense. It is impossible to say whether 25 percent is a greater or 
smaller spread than 10 points. 

Thus two or more series with averages of different values or different units 
of measurement cannot be compared by using their respective absolute measures 
of dispersion. Under these circumstances, to achieve comparability the measures 
of absolute variation must be changed into relative forms. The procedure is to 
express a given measure of absolute variation as a percentage of the average 
around which the deviations are taken. The result becomes a relative number; 
therefore the name measure of relative variation . Such a measure of relative 
variability of a given distribution can then be compared readily with similar 
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measures obtained from other series irrespective of the sizes of averages and the 
nature of the original units of the distributions. 

The most commonly used measure of relative variation is the one developed 
by Karl Pearson called the coefficient of variation. It is a ratio of the standard 
deviation to the mean and is represented by the symbol V. Thus, 


V = - (4-17) 

x 

for the physicians, V = 1500/20,000 = 0.075, or 7.5% 
for the professors, V = 1000/12,000 = 0.0831, or 8.3% 

These results reveal that the incomes received by the physicians are more uniform 
than those of the professors in our illustration. 

Again, 

for productivity, V = 2 %*> = 0.263, or 26% 
for the mental test, V = x %5 = 0.222, or 22% 

The greater variability in productivity indicates that productivity also depends 
on such factors as diligence, interest, strength, concentration, and so forth, m 
addition to the mental ability of the workers. 

Another commonly used relative measure of dispersion is the coefficient of 
average deviation. This measure is represented by the letters V a d- It is expressed 
in terms of a ratio of the average deviation to the mean. 


x 


A third measure is the coefficient of quartile deviation. It is especially appropriate 
when the distribution has open ends or when there are extreme values or when 
it is desired to make only a quick estimate of dispersion and the measure of 
dispersion is not needed for further computation or other purposes. The coefficient 
of quartile deviation is symbolized by V q and is calculated by the formula 


__ Q'i — Qi 
Qz + Q 


As in the case of V, both V„d and V, can be expressed in either decimal 
or percentage form. 

To summarize the comparison of the variability of two or more distributions, 
absolute measures of variation are comparable only when the distributions have 
the same or nearly the same mean and when they are expressed in terms of the 
same units; otherwise, measures of relative variation should be used. For the 
purpose of comparison, furthermore, the same measure must be used for all the 
distributions. In other words, the students should be careful not to compare V 
of one distribution with V a d or V q of another distribution. Nor is it valid to 
compare the standard deviation of one with the AD or QD of another series. 
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4.10 

Measure 
of Shewness 


. . To summarize and describe a frequency 

distribution, besides measures of central tendency and measures of concentration 
or dispersion about the central tendency, another measure—one which indicates 
the degree of skewness—is needed. Skewness, as was mentioned at the beginning 
of this chapter, is lack of symmetry in a frequency distribution. Two distribu- 
tions may have the same mean and the same standard deviation; yet they may 
differ m the degree of skewness or asymmetry. The concept of skewness gains 
importance from the fact that statistical theory is often based upon the assump¬ 
tion of the normal distribution. A measure of skewness is therefore necessary 
m order to guard us against the consequence of this assumption. 

Several measures of skewness are available, but we shall introduce only the 
two currently in use. 

The first is the Pearsonian measure of skewness. This measure is based on 
the nature of and relationship among the mean, the mode, and the median. 

he mean is influenced by the size of the extreme values, the median is influenced 
only by their positions, and the mode is not influenced by them at all. These 
three averages are identical in a symmetrical distribution, but the mean moves 
away from the mode when the observations are asymmetrical. Consequently 
the distance between the mean and the mode could be used to measure skewness’ 
t at is, skewness = mean - mode. The greater this distance, whether positive 
or negative, the more asymmetrical is the distribution. Such a measure, however 
has two outstanding defects in application. First of all, being an absolute measure’ 
the result is expressed m terms of the original unit of the distribution. Second’ 
the same absolute amount of skewness has different significance for different 
series with different degrees of variation. Thus, this absolute measure of skewness 
must be expressed m relative terms in order to provide a valid basis for com- 
panson The obvious procedure to accomplish this is to eliminate the influence 
of the dispersion, and this is achieved by dividing the absolute skewness by the 
standard deviation. This result is called the Pearsonian coefficient of skewness 
and may be symbolized by Sk p . The formula is 

^ _ x — Mode 

OtC p " (4.20) 


The use of equation (4.20), however, involves another difficulty which grows 
out of the fact that the modal value of most distributions obtained by ele¬ 
mentary methods is only an approximation, but the location of the median can 
be more satisfactorily found. As has been shown, in moderately skewed distri¬ 
butions, the mode - 5 - 3(3 - Med). Thus, we can remove the mode from 
the foregoing formula for skewness by substituting the median in it because of 
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this relationship. Therefore, the new expression becomes 

x - [x - 3(3 - Med)] 
Sk v =-;- 


3(x — Med) 
s 


(4.21) 


Applying this formula to the average weekly earnings of the 142 messenger 
boys for which x = $67.83, Med = $67.76, and * = $0.90, we have 

_ 3(67.83 - 67.76) = 3(0.07) = 33 

^ kp ” 090 0.90 

According to the Pearsonian measure, skewness will be zero for a sym¬ 
metrical distribution because in such a case 2 = Mode = Med. If the distribu¬ 
tion is skewed to the right, the mean is greater than the mode as well as the 
median: the skewness is positive. For a distribution skewed to the left the result 
of this measure will be negative, for the mean now is smaller than the mode 
and median. Furthermore, theoretically this measure varies within the limits 
of ±3; however, in reality, it is only upon rare occasions that the values exceed 
the limits of +1. Thus, the distribution of the messenger boys’ earnings just 
computed may be considered as mildly skewed. 

Another measure of skewness is Bowley’s measure of skeumess, computed 
from the quartile values. It has been seen that if the distribution ip symmetrical, 
the first and third quartiles are equidistant from the median. Ip other words, 
in a symmetrical distribution, (Q, - hied) = (Med - Q i). In asymmetrical 
distributions, the first difference becomes larger relative to the second m the case 
of skewness to the right, and vice versa in the case of skewness to the left. Clearly 
the difference between the values of (Q» ~ Med) and (Med - Qi) is a possible 
basis for measuring skewness. From this reasoning, Bowley has suggested the 
following relative measure of skewness: 

(Q 3 — Med) — (M ed — Qi) 

Skq = (h-Qi 


_ Q3 + Qi — 2 Med ^_ 22 ) 

Q^Qi 

As in the Pearsonian measure of skewness, this measure will be zero for a 
symmetrical distribution, positive for right skewness, and negative for left 
skewness. Furthermore, according to this measure, skewness falls withm the 

limits of +1. . 

In conclusion, a few interesting points concerning skewness may be men¬ 
tioned The J-shaped and reverse J curves are illustrations of extreme left and 
right skewness, respectively. It is quite common to encounter positively skewed 
distributions in economic and business data, particularly in production and 
price series wdiich can be only as small as zero but can be infinitely large. It is 
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believed that positive skewness is produced by multiplicative forces. For instance 
income distribution is usually positively skewed because it is affected by a 
number of factors, such as education, race, sex, “lucky breaks.” Negatively 
skewed distributions are quite rare, and it is often difficult to furnish a rational 
explanation for their existence. al 


Glossary of Formulas 


(4.1) Q, = L + 


Q‘ is the first quartile. It is the value at or below which one 


( n /4 - Z/A . 

v /«. ) x 

fourth of the items in the series lies. It is at the point indicated by n/ 4. 
/3«/4 - S/i 


(4.2) Q, - L + 


fa 3 


6 ) 


Qz is the third quartile. It is the value at or below which 


three fourths of the distribution lies. It is at the point indicated by 3n/4. 
(4.3) QD = Q 


The quartile deviation, or semi-interquartile range, is half the distance 
normal distribution, median ±QD includes 


between the first and the third quartiles. For 
50 percent of the items in the series. 

+ , e f E „ K iS the point half way between the first and the third quartiles 
_ Q will include 50 percent of the observations in an asymmetrical distribution. 

(4.5) AD = ^ The average deviation, or the mean deviation, is the arithmetic average 
of the absolute deviations of the observations about the mean of the same observations The 

is^onnterestTnd 0 ^' 1 si7 — ° f * T XT the f ° rmU ' a: that is ' 0nly the absolute size °f d 

„ eo ., b * h g ignored. AD can also be computed from the median in which 

of the ob 0 servattons! m “ ^ arithmetic avera S e of the Solute deviations about the median 


(4.6) AD = 


2/MI 


This equation is used to compute AD from grouped data. 

The variance of series of observations is defined as the arithmetic 
observations/ SqUar6S * ^ deViati ° nS ° f the ° bservations the arithmetic mean of the 


(4.7) s 2 = 


n 

S(x — x ) 2 
n 


(4.8) 


-4 


'Z(x - x ) 2 


The standard deviation of series of observations is the square root 

t°h f p th ^nnt lanCe ° f th ° Se observations - ]t is the s T u are root of the mean square of the deviations- 
the root-mean-square deviation. Thus it is the quadratic mean of the deviations. 

This is a more efficient formula for computing the sample variance 


(4.9) s 2 = 


2z 2 




from ungrouped data. 


(4.10) a 




deviation from ungrouped data. 


This is a more efficient formula for computing the standard 
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X — H 

(4.11) 2 =- 


2 is the x value expressed as the deviation from the mean of the distribu- 


a 

tion measured in standard deviations of the distribution. 


(4.12) 2 


This equation is identical with (4.11) except for one difference: equation 


(4.11) refers to the population, whereas (4.12) refers to the sample. 


A 


This is the definitional equation for computing the standard deviation 


(4.13) 

from grouped data. It is analogous to equation (4.8), where d = (m - x). 


(4.14) 


/s/m 2 ( S/mV 


This is a more efficient method of computing the standard 


deviation by the long method. It is analogous to equation (4.10). 


/s/d 2 /s/dV 


(4.15) s =* a/- 2 — - l — J This is the short method in original units of computing the 

standard deviation from grouped data. In the equation d = m — A, where A is the assumed 
mean. This equation can be applied to a distribution grouped with equal or unequal class- 
intervals. 


(4-16) 


= ^ i This is the short method in class-interval units of com¬ 

puting the standard deviation from grouped data. In the equation, d' — (m — A)/i. This is the 
most efficient method of computing s, but it should be used only when the distribution is 
grouped with equal class intervals. 


(4.17) V - - The coefficient of variation is defined as the ratio of the standard deviation 

x 

to the mean of the same series of observations. It may be used to compare two or more differ¬ 
ent series with different means and/or of different units. 

(4.18) Vad = — The coefficient of average deviation is the ratio of the average deviation 

to the mean. As in the case of AD, this measure can also be computed by referring to the 
median. 

(4.19) V q = ~ The coefficient of the quartile deviation is symbolized by V q . This 

Q 3 + Q i 

measure is especially useful when the distribution has open ends or extreme values. 

(4.20) Sk p = ——This is the Pearsonian coefficient of skewness. The direction of 

skewness is influenced by the relative values of the mean and the mode. When the mean is 
larger, Sk p takes a positive sign. When the mode is larger, Sk p takes a negative sign. Dividing 
the difference between the mean and the mode by the standard deviation is to express the 
measure in relative rather than in absolute terms. 

(4.21) Sk p — — -— - This equation is identical with equation (4.20), except that here 

s 

the modal value is estimated by the empirical method. 

(4.22) Sk q = — 3 ^- This is Bowley's measure of skewness. It is based on the 

Q 3 ~ Q i 

relative distances between the first and second quartiles and the second and the third quartiles. 
When the second quartile, or the median, is closer to the first quartile than it is to the third 
quartile, the distribution is positively skewed, and vice versa. 
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Problems 


4.1 Comment fully on the following state¬ 
ments: 

a. “The average has its limitations, but pro¬ 
vided they are recognized, there is no single 
statistical quantity more valuable than the 
average."—L. H. C. Tippett, Statistics, 1943. 

b. “Variation seems inevitable in nature • • • 
Whether one is attempting to control a dimen¬ 
sion of a part which is to go into a precision 
assembly, the resistance of a relay, the acidity 
of a solution used for dyeing textiles, the 
weight of the contents of a container, or any 
other quality of a manufactured product, it is 
certain that the quality will vary.”—E. L. 
Grant, Statistical Quality Control, 1952. 

c. Before the representativeness of an aver¬ 
age can be assessed, an appropriate measure 
of variation for the data must be known. 

4.2 Despite its numerous disadvantages, the 
range is one of the two most commonly used 
measures of variation. What are the disad¬ 
vantages of the range? What are the reasons 
for its common use? 

4.3 Compared with the range and the stand¬ 
ard deviation, respectively, what are the 
advantages and disadvantages of the semi- 
interquartile range? 

4.4 The average deviation is not a particularly 
good measure of variation; yet at times it may 
be more useful than the standard deviation. 
Explain. 

4.5 What are the characteristics of the stand¬ 
ard deviation? How should it be interpreted? 

4.6 State clearly, step by step, how to com¬ 
pute the standard deviation from the grouped 
data by using formulas (4.15) and (4.16). 

4.7 The following table contains wheat yields 
on 150 farms: 


Bushels of Wheat Number of Farms 


6.5V 

/ 8.5 

5 

8.5 j 

[10.5 

10 

10.5 f 

U2.5 

13 

12.5V 

. + ^ )l4.5 

but under < 

22 

14.5^ 

jlb.b 

26 

16.5 \ 

j 18.5 

35 

18.5 J 

1 20.5 

23 

20.5/ 

'22.5 

21 

150 


a. Apply appropriate methods to the above 
data to compute 

1) the range 

2) the range within which the middle 50 per¬ 
cent of the farms fall 

3) the average deviation 

4) the standard deviation 

b. Which measure computed in (a) would you 
use, if your purpose were 

1) to report the variation to the general 
public? 

2) to make prediction or inferences? 

4.8 In order to initiate a production bonus 
plan, the management wishes to know what 
proportion of the workers should be made 
eligible for the bonus. What measure would 
you suggest if 

a. only the top 2.5 percent are to receive the 
bonus? 

b. only the top 25 percent are to receive the 
bonus? 

c. only the top 50 percent are to receive the 
bonus? 

4.9 What is the relationship between the 
mean, the mode, and the median in 

a. a normal distribution? 

b. a positively skewed distribution? 

c. a negatively skewed distribution? 

4.10 Why is the coefficient of skewness zero 
for a symmetrical distribution? 

4.11 Consider the following distributions: 



Distri- 

Distri- 


bution A 

bution B 

Mean 

100 

90 

Median 

90 

80 

Standard deviation 

10 

10 


a. Distribution A has the same degree of 
variation as Distribution B. Do you agree? 

b. Both distributions have the same degree 
of skewness. True? 

4.12 Experience shows that if an automatic 
can-filling machine is set to pour a given 
amount into each can, the mean fill is identical 
with the setting but the amount of fill in each 
can varies above and below the setting. A can¬ 
nery desires to specify the contents as 15 
ounces of drained weight. In order to measure 
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the variability of the machine, a sample of 200 
filled cans was observed. The results show 
that the distribution can be approximated by 
the normal distribution with x = 15 ounces 
and s = 0.08 ounce. 

a. Within what range of amounts of fill would 
all the cans filled by the machine practically 

b. Within what range of drained weight would 
95 percent of the cans contain? 

c If it is decided that the can will contain at 
least 15 ounces of drained weight and, at the 
same time, avoid excessive overfill, what 
amount should the machine be set to fill? 
Why? 

d In your answer to the preceding question 
are your predictions about the mean fill and 
the standard deviation reasonable? Defend 
your reply. 

413 A necktie factory employs 250 girls. The 
mean number of neckties per worker per day 
is 35, with a standard deviation of 4 neckties. 
The distribution is approximately normal. 

a. What is the total number of neckties pro¬ 
duced by all the workers each day? 

b. How many of the girls can produce 40 

neckties or more each day? 

c„ How many girls can produce only 30 or less 

each day? 

d The girls work eight hours a day and are 
paid on a piece rate of $0.50 per necktie. The 
legal minimum wage is $1.60 an hour. Are 
there any girls whose earnings are below the 
minimum wage? 

e. How many girls are making more than 

$18.00 per day? nn 

f. How many girls are making less than $15.00 

per day? 


4.14 If the mean height of American males is 
68 inches and the standard deviation is 2.5 
inches, and the corresponding figures for 
American females are 64 and 2.5 inches, which 
shows greater variability? How do you know? 

4.15 Two workers on the same job show the 
following results over a long period of time? 



Worker 

A 

Worker 

B 

Mean time of completing 

30 

25 

the job (minutes) 
Standard deviation 

(minutes) 

6 

4 


a. Which worker appears to be more consist¬ 
ent in the time he requires to complete the 
job? Explain. 

b. Which worker appears to be faster in com¬ 
pleting the job? Explain. 

416 a Compute the standard deviation 
from data contained in Table 2P.1 by formula 
(4.15). 

b Compute the standard deviation from data 
contained in Table 2P.2 by formula (4.16). 

c. Which distribution is more uniform? 

d. Which distribution has a greater degree of 
skewness? 

417 Compute the following measures with 
data in Table 1.1: the range, the quartile 
deviation, the average deviation, the variance, 
the standard deviation, the coefficient of 
variation, and the Pearsonian coefficient of 
skewness. 

4.18 Compute the same statistics as in¬ 
structed in the preceding problem for data 
in Table 1.2. 
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certainty only by investigating the entire population itself—a task that is some¬ 
times impossible and usually impractical. When the parameter is not known, 
the most that can be done is to discover the approximate limits of the difference 
between a parameter and a statistic. This is done by expressing the risk of an 
error as a probability and giving it a numerical value. With measures of prob¬ 
ability, the degree of uncertainty attached to general conclusions can be ascer¬ 
tained, and consequently sample studies can be utilized to reach the best possible 
approximations of the attributes of the population. 

Precisely, a statistical hypothesis is some assertion about a population char¬ 
acteristic which may, or may not, be capable of verification. For instance, to 
return to the coin game mentioned in Chapter 1, recall that you decided the 
coin was biased by 10 trials because all the tosses turned up tails. In that case 
you rejected the hypothesis that the coin was lair and perfect.. But suppose 
the coin was indeed unbiased: you would have rejected a true hypothesis. 

Again suppose you are very fond of unshelled peanuts, but you are repelled 
whenever you find wormy meats in them. One day, passing a nut store, you see 
a sign on its window that says: “There are no wormy meats in our unshelled 
peanuts.” You go in and open ten shells and find no wormy meats. You decide 
that the shop’s claim is true and buy a bag. Before you finish it on your way 
home, however, you discover wormy meat in one shell. You feel, disappointed 
because through your sampling technique you made the wrong decision by 
concluding that the shop’s claim was true. Technically, we say that you accepted 
a false hypothesis. 

These two examples illustrate that in testing a hypothesis we are subject 
to two classes of error: (1) the rejection of a true hypothesis and (2) the accept¬ 
ance of a false hypothesis. To commit the first type of error leads a person to 
make the wrong decision of not doing what should be done; to commit the 
second type of error leads him to make the wrong decision of doing what should 
not be done. The important lesson to be learned here is that it is almost impossible 
to avoid both types of error in decision making. Statistics is mainly concerned 
with establishing decision rules by evaluating the risks involved in a particular 
decision rule. The evaluation of risks is made by probability considerations. 
The student may also be reminded that statistics cannot aid a person to make 
the right decision every time; it can only assist him to control the probability 
of being wrong at specified levels. For instance, if we establish a decision rule 
for a given type of problem, with the probability of the risk of being wrong at 
0.01, then in the long run our decisions would be right 99 out of 100 times. 

Probability theory, in addition to being the foundation of the classical 
decision procedures of estimation and testing, is an indispensable tool for all 
kinds of formal studies that involve uncertainty. Indeed, since its humble begin¬ 
nings at the gambling tables in seventeenth-century France, probability theory 
has been developed and employed to treat and solve many weighty problems. 
It is involved with the observation of the life span of a radioactive atom, of the 
phenotypes of the offspring, and of the crossing of two species of plants. It is 
concerned with the construction of econometric models, with managerial decisions 
on planning and control, with the occurrence of accidents of all kinds, and with 
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random disturbances in an electrical mechanism. It is used in discussions about 
the sex of an unborn baby, the position of a particle under diffusion, and the 
number of double stars in a region of the heaven. 

The universality of the phenomenon of uncertainty thus gives importance 
to the consideration of probability theory. We shall introduce in this chapter 
various interpretations of the concept of probability and the basic rules for cal¬ 
culating probability values. In the chapters that follow, we shall discuss applica- 
tions of probability theory. 


5.2 

Sample Space 
and Sample Points 


The concept of probability is employed 
not only for various types of scientific investigations, but also for many problems 
in everyday life. We often hear and make such statements as these: “It is likely 
to rain tonight.” “My chance of passing the course of statistics is better than 
even.” “The odds against candidate A to win are 3 to 2.” And so on. In each 
case, the statement refers to a situation which is uncertain, but the speaker 
nevertheless expresses some degree of confidence that his prediction will be 
verified. Furthermore, the degree of confidence may be considered to range 
from zero, for an impossible outcome, to one, for an outcome that is certain to 
happen. We shall see that probability provides a mathematical foundation for 
such assertions. Now, let us develop the concept of probability formally in terms 
of sample space, sample points,” and “events,” all of which are associated 
with what we call a random experiment. 

Suppose we are interested in finding out what is going to happen if a certain 
act is performed. We can proceed to perform the act one or more times under the 
same specified conditions. Such a process is called a random, a chance , or a stochas¬ 
tic process and it has a number of unique features. First, each performance is 
called a trial. All trials conducted under the same conditions form an experiment. 
Different types or different numbers of trials are therefore different experiments. 
Note that an experiment may consist of a single trial. The result of a trial is 
called an outcome , a sample point, or an elementary event. The collection, or the 
set, of all possible outcomes (that is, the sample points) of an experiment consti¬ 
tutes a sample space. Let us introduce a few examples to clarify these concepts. 

Consider the flipping of a coin. Here, we have a single-trial experiment 
whose sample space consists of two sample points, a head and a tail. Let S be 
the sample space and H and T be the elementary events; we may write 

S = {H,T} 

In future discussions, we need to know the number of sample points in a sample 
space. It would be convenient for us to use a symbol, such as n(S), to denote 
it. Thus, for the experiment of a single coin, we have n(S) = 2. 
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An ordinary die is tossed. For this experiment, we have n(S) - 6, and 

S = {1,2,3,4,5,6} 

This sample space can also be represented by six points on a one-dimensional 
space as in Figure 5.1 below. 



Figure 5.1 Sample space of one die. 


A coin is tossed twice, or two coins are tossed together. Now, we have an 
experiment with two trials and four possible outcomes. Namely, 

S = {(HH),(HT),(TH),(TT)} 

An alternative way of showing this sample space is the Venn diagram , see Figure 
5,2. 

A coin and a die are tossed together. For this experiment, there are twelve 
outcomes in the sample space as listed below: 

S = {(HI),(#2), * * • ,(H6),(T1),(T2), * * * ,(T6)} 

Another way of showing this sample space is by a two-dimensional space, as 
in Figure 5.3, where each point is an ordered pair (x,y), such as (HI), (T4), 



1 2 3 4 5 6 

Die 


Figure 5.3 Sample space of a coin and a die. 
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and so on. We should note that sample points may be single elementary events 

as in the first two examples, or joint elementary events, as in the last two 
examples. 

Suppose we receive a shipment of 100 radio tubes, each of which is either 
defective (bad) or nondefective (good). If we draw 4 tubes at random from the 
shipment; what constitutes the sample space? 

Solution of this problem requires an understanding of the phrase random 
selection. An item is selected at random from a collection of items-the popula- 
tion—if the selection procedure is such that each item in the collection is equally 
likely to be drawn. Random selection is one of the most important tvpes of 
sampling experiment, and it may be conducted with or without replacement. 
Whem selection is made with replacement , each item is drawn and returned to 
the collection after observation before another item is selected. Thus the same 
item may be chosen more than once. However, at each selection, each and every 
item m the population has the same chance of being chosen. When random 
selection is made without replacement , we may have either of two procedures 
hirst, the items are drawn one at a time; in this case, at each selection all the items 
m the population at the time have an equal chance to be chosen. Second, a num¬ 
ber of items, called a sample, may be drawn simultaneously; for this method 
all samples of the same size have the same chance to be drawn. 

Returning to our example, we shall see that there are many ways to express 
the sample space, depending upon the purpose of our analysis. One method of 
determining the sample space is by a tree diagram. For each trial, there are two 
possible outcomes: nondefective (G), and defective (£). This experiment consists 
ot tour trials, and the trials may be made with or without replacement; therefore 
there are sixteen sample points as indicated by Figure 5.4. 

The above example leads to another important property of sample points. 
In some cases, sample points in a given sample space are equally likely; in other 
cases, they are not. We can see intuitively that in each of the first four examples 
the sample points are equally likely to occur; that is, each outcome has the same 
chance to occur as another. However, for the last example, the sixteen outcomes 
are equally likely only if the numbers of defective and nondefective items are 
the same m the shipment. In reality, however, we are quite certain there are 
fewer defective items than nondefective items. For instance, if there are only 

20 ^ ^ shipment ’ then we would expect the sample point, 

say, GGGG, to have a much greater chance than the sample point, say, BBBB, 
to occur, since there are four times as many nondefective tubes as defective 
ones. But how much greater chance does GGGG have to appear than BBBB? 

This is one of the many interesting questions that the theory of probability 
attempts to answer. 

As the last example of sample space, let us consider this: A bag contains 
five identical chips, numbered 1, 2, 3, 4, and 5. The chips are stirred and two 
chips are taken from the bag blindly, one after the other without replacement. 
How can we describe the sample space of this experiment in terms of the numbers - 
on the chips? 

To answer this question we shall let AT be the number on the first chip and Y 



Figure 5.4 Sample points of four random draws obtained from 100 radio tubes via 
tree diagram. 

be the number on the second chip. Both X and Y can have any one of the five 
numbers. Each possible outcome of the experiment is an ordered pair of numbers, 
(x,y). Furthermore, since drawings are made without replacement, no sample 

TABLE 5.1 SAMPLE SPACE OF TWO NUMBERED CHIPS 

x: Number y: Number on second chip 

on first —... .— -—■ — : ^-.v .... 
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point in the sample space can have the same value: that is, x * y. Then the 
whole sample space can be described by way of a table (Table 5.1). 

likely? ^ ^ 2 ° eleme,ltar - v events in the above sample space are equally 


5.3 

Events 


„ We have just seen that a sample space 

is a set 3 which contains all possible outcomes of a random experiment, and that 
any trial within the experiment results in one outcome which corresponds to 
exactly one element m the sample space. For example, the toss of a perfect coin 
yields two possible outcomes, a head and a tail. However, any particular toss 
of the com will produce either a head or a tail, not both. Thus, we say the dif¬ 
ferent sample points are mutually exclusive in the sense that no two elementary 
events can occur simultaneously at a single trial. 

We have so far been concerned only with finite sample spaces; namely, those 
with a finite number of elementary events. In a finite sample space, any subset 
of sample points (that is, any combination of elementary events), is "called a 

subsets”^ eWnt ’ ° r SimPly EV6ntS indUde particularl y the following three 


(1) An elementary event is also an event because it is a subset which contains 
only one sample point in S. 

(2) The sample space S is an event in the sense that it is a subset which 
contains all the elementary events in S. 

(3) A subset which contains no sample points, called the null set , is also an 
event. It refers to an event which can never happen—an impossible event. 

We shall denote an event by E and the number of sample points in the event 
set by m^). If we are concerned with more than one event, we denote them 
as h E 2 , * * • , or as A, B, • • • . Now, a few examples of events are in order. 

, , n „. sam P le s P ace tossing two coins, the event “appearance of two 

heads is the subset E x whose element is the sample point ( HH) in S. Namely, 

E x = {(HH)} and m(E) = 1 

In the same sample space, the event “tails on the first coin” is 
Ei = {(TH),(TT)\ and m(E) = 2 

See Figure 5.5. 

In the sampling experiment which involves the selection of 4 radio tubes 
from a shipment of 100, the event “at most 1 bad tube” is the subset which con¬ 
tains either no or one defective tube. From Figure 5.4, we can see that this event 
has five sample points; that is, 

E = l(GGGG),(GGGB),(GGBG),(GBGG),(BGGG)} 
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Figure 5.5 The events = [HH\ and E 2 = [TT,TH\ in the two-coins experi¬ 
ment. 

Two dice are tossed. Let E x be the event “the sum of spots on the dice is 
greater than 12”; E 2 be the event “the sum of spots on the dice is divisible by 
3”; and E* be the event “the sum is greater than or equal to 2 and is less than 
or equal to 12.” Then we have, 

Ei = {tf>} 

E 2 = {(1,2),(1,5),(2,1),(2,4),(3,3),(4,2),(5,1),(6,6)} 

But what constitutes the sample space S in this experiment? 

Note that E x = <$> refers to the fact that E x is the null set, the set with no 
element in it. 

In concluding this section, let us observe two important aspects of “events.” 
First, an event is said to have occurred if at least one of its elements has occurred. 
Second, only events have probabilities. The theory of probability is concerned 
with” assigning weights (probabilities) to elementary events, and calculating 
event probabilities from them. While all the rules of probability calculus are 
basecTupon the operations of ratios, there are three different schools of thought 
on the interpretation, or the definition, of probability: the classical, the relative 
frequency, and the subjective theories. We shall now introduce them in that order. 

5.4 

Classical Definition 
of Probability 

The classical approach to probability 
is the earliest. This school of thought assumes that all the possible outcomes 
of an experiment are mutually exclusive and equally likely. The words “equally 
likely” convey the notion of “equally probable” to the classicists; that is, to 
them, each outcome of an experiment has the same chance of appearing as any 
other and, therefore, can be assigned the same weight (probability) for its occur¬ 
rence as any other. Thus, if there are n possible outcomes of an experiment, each 
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sample point is assigned a number of 1/re as its probability. For example, in the 
tossing of a coin, the probability of a head is equal to the probability of a tail, 
and is equal to )/. Again, when an ordinary and well-balanced die is thrown', 
each of the six possible outcomes has y as its weight. Each card drawn at random 
from a well-shuffled bridge deck has the same chance to be drawn, that is, 1 
chance in 52, or J^ 2 . * 

The above remarks lead to the rather obvious classical definition of proba¬ 
bility. If the sample space of an experiment has n(S) mutually exclusive and 
equally likely outcomes, and if an event, as defined on this sample space, has 
m(E) elements, then the probability of this event, denoted as PT) is the ratio 
of m(E) to n(S). That is, 


m(E) 




(S) 


(5.1) 


For example, a die is tossed. Let A be the event that an odd number will 
occur, B be the event that the number will be greater than 4, and C be the event 
that either a 1 or a 2 will occur. Then the probabilities of these events, by (5.1), 
are 


P(A) 

P(B) 

P(C) 


m(A) _ 3 1 

n(S) ~ 6 = 2 

m{B) _ 2 _ 1 
n(S) ~ 6 = 3 

m(C) _ 2 1 

n(S) ~ 6 = 3 


We draw a card at random from a bridge deck and we have these probabilities: 

P(an ace) = % 2 = V 13 

P (a heart) = 1 % 2 ~ 34 
P (a black card) = 2 % 2 = 34 
P(an ace or a king) = %2 =%3 

Note that the last event refers to either an ace or a king. This means that any 
one of the 4 aces or any one of the 4 kings is considered as, favorable. We have, 
therefore, for this subset 8 sample points. 

We should point out that the classical theory, under the assumption of 
equally likely outcomes, depends upon a priori analysis. Thus, we meet no 
difficulty if we are concerned with a well-balanced coin, an unbiased die, an 
honest roulette wheel, or any other experiment whose outcomes are symmetrical 
and can be deduced by logic. But what about a coin that is unbalanced? A 
loaded die? A crooked roulette wheel? In each of these cases, the classical approach 
of assigning equal probability would offer us nothing but confusion. Fortunately, 
when a priori reasoning fails due to the lack of symmetry, we can consult the 
relative frequency theory of probability. 
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5.5 

Relative Frequency 
Theory of Probability 


The relative frequency theoreticians 
agree that the only valid procedure for determining event probabilities is through 
repetitive experiments. For example, when a coin is tossed, what is the proba¬ 
bility that the coin will turn up heads? The relative frequency theorist would 
approach the problem by actually tossing the coin, say, 100 times under the 
same conditions, and then calculating the proportion of times the com fell 
heads up Suppose the coin falls heads 45 times out of 100, then the ratio oo 
is used as the estimate of the probability of heads, P(H), of this particular com. 
A moment’s reflection will show that even if the com were perfect, we might not 
have exactly 50 heads out of 100 tosses. In other words, we cannot expect to 
obtain the true probability from repeated experiments. However, if the com 
were perfect, the estimate would approach the true ratio (probability) as the 
number of trials increased. 

The above discussion leads us to two definitions of probability m terms of 
relative frequency: 

(1) If an experiment is performed n times under the same conditions and 
there are m outcomes, m < n, favoring an event, then an estimate of the proba¬ 
bility of that event is the ratio m/n. 

(2) The estimate of the probability of an event m/n approaches a limit, 
the true probability of the event, when n approaches infinity; that is, 

m 

P(E) = Lim — 
ri—»os n 

Clearly, in reality we can never obtain the probability of an event as given 
by the above limit. In practice, we can only try to have a close estimate of 
P(E) based on a large n. For convenience and application, we shall treat the 
estimate of P(E) as if it were actually P(E) and write the working relative fre- 
quency definition of probability as 


To define P(E) as a limit as n approaches infinity, however, does emphasize 
that probability involves a long-run concept. This means that when we toss a 
balanced die six times, it is almost impossible for each of the six numbers to 
appear exactly once. If, however, we toss the die over and over again, for a 
large number of times, we can expect, in the long run or on the ayerage, each o 
the six faces of the die to appear about H of the time. It is exactly m this 
sense that we say the probability of getting any one of the numbers on a die m 

a random toss is . . . , , , . 

The relative frequency theory is also called the objective or empirical dehni- 

tion of probability. It is so called because, according to the relative frequency 
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theorists, the probability of an event is 
empirical observations. 


determined objectively by repetitive 


5.6 

Personalistic View 
°f Probability 


about probability in connection with “ fT* 

of a mass-produced output. He can readily think of the number of anufact “^ e 
tires produced vis-a-vis the probability of 

ratio of the number of defective tires to the total number of tires produced 

fnc W0Uld ’ h ° wever - be helpless at unique events-events which occur ust 
once or which cannot be subjected to repetitive experiments Th„s TJ , m 
not care to talk about the probability of a Columbus discovering America^or 
o a Senator Edward Kennedy becoming the Democratic candidate for PresTden 

« hmll a 

assumption of symmetry theory has prompted the birth of the personalistic 
view of probability. While the relative frequency theorv is still tb^ mnd T 
definition of probability, the personalistic position is steadily gaining strength 
The personalistic or subjective theorist regards probabilitv t, „ b j 

personal confidence in a particular proposition such afa belief that PedTv 
will be admitted to the United Nations no Uter the Sd I970^s A 

his degree^f^teTeff & Zer ° “ d ° n6 * 0 “ event ’ acc °rdmg to 

nis degree of belief for its possible occurrence. For example if he is twiee 

confident of the occurrence of event A as he is of event R , , , . 

judgment he would decide that P(A) = % and P(B) = if A andfifare the 

to vSs evSST/ a SitUati ° n ' lD generaI ’ the probabilities b e assigns 
to various events foi a given proposition are weighted averages, adding up to 

ms, T |rff SUbje l 1Ve J° int 0f view grants that different reasonable individuals 
y differ m their degrees of confidence, even when offered the same evidence. 
f 0aS ® cluen ^ Personal probabilities for the same event may differ in the eyes 

b litter „ C1 r n ma n erS - Furtl “re, the subjectivist can apply proba- 

more When th^onlfr f* ° T “ ° bjectivist studies, and to many 

more. When the condition of symmetry is met, the personalist would obviously 

acknowledge a priori reasoning, and when the amount of data is large the sub^ 
a personXt wouH f l g6t aMWerS “ the ob i e etivist. But in’addition, 

Chhl u itis stride SUCh Pr ° P0Sltl0nS aS C0lUmbuS ’ ail d Red 

.,77 th T exist 1 three differeilt positions 011 the interpretation of probability 

matTca fevel ^Tch ‘ ^ f ° Undation of Probability at the mathe¬ 

matical level. Each school defines probability as a ratio, or a proportion Thus 

once weights are assigned to sample points, or probability of events are deter¬ 
mined, by any one of the three procedures, the same probability calculus can be 
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W Dlied We also realize that each interpretation has its own merits, and we shall 
use" whichever approach is convenient and appropriate for the problem under 
consideration. 


5.7 


Axioms of 
Probability 


Probability calculus has set theovy as its 

foundation and is developed from three axioms, or postulates of ^ent proba¬ 
bilities. In this section we shall discuss these axioms with reference to finite 

^ThersTaxiom is posUiveness. The probability of an event is nonnegative; 
it is either zero or positive. When P(E) = 0, we say E is the null set with no 
sample point in it. Clearly, the null set refers to an impossible event; for example, 
the probability that a human being can live forever is zero. The axiom o posi- 

tlVe The second axiom is certainty ^his postulate states that the probability of 
a whole sample space is 1; that is, P(S) = 1. Alternatively, we say that the 
probability of an event which will definitely occur is 1; for example, the proba¬ 
bility of one individual’s eventual death is 1. 

Note that the first two axioms indicate that the probability of any event 

ranges from 0 to 1. We have, therefore, 0 < P(E) < 1. 

The third axiom is called unions. Suppose E is a composite result, say, o 
two simple events a and e 2 , what is the probability of the occurrence of L. 
Since on each trial of an experiment exactly one simple event (or sample point) 
oToZv we must then have P(F) = P(*) + P(e,). This is the consequence 
of the axiom of unions, which may be stated as: The P"ty of a compose 
event E is the sum of the probabilities of the simple events of which P is composed. 

The axiom of unions permits us to concentrate our attention on the elementary 
events when we assign probabilities. As soon as we know the weights of the sample 
points, we know that the probability of any event defined on the sample space 
fs the sum of probabilities of these sample points, whose union is the even is. 

From these three axioms we can now deduce the basic probability calculus 
rules— rules to use in computing the probabilities of various types of events. 


5.8 

Mutually Exclusive 
Events 


Two events, A and B, are said to be 
mutually exclusive, or disjoint, if A and B do not contain any sample points in 
common. Thus, disjoint events cannot occur simultaneously. (See■ 1 igure oA) 
The probability of either A or B occurring is the sum of their separate 
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Figure 5.6 Mutually exclusive events. 


probabilities: 


P(A or B) = P(A \J B) = P(A) + P(B) 
where A KJ B reads “A union B.” 

Equation (5.3) is sometimes called the additive rule Jar mutually exclusive 

that HI eht 1S rand ° m fr ° m a bridge deck ’ what is ^e prob 

card or a 3? “ ^ ^ a qUee “ ^ appear? (2) a heart or a olub? (3) an 

To solve this problem, note that there are 52 cards (that is, 52 equally 

to ” “ i,>: —' n— 

tens Thus J n ° r Cards are aces ’ kin § s > <!«««*, i** 


events. 

ability 

honor 

likely 
s, and 
.s, and 


(1) P(an ace or a king) 


+ H2 = 


(2) P(a heart or a club) = i% 2 -f i^ 2 = ^ 

(3) P(an honor or a 3) = ^ 


The law of addition for disjoint events can be generalized to any number of 
," S ' F ° r exa “P le > n even ts are said to be mutually exclusive if no two of them 
S^ te ~ e POmtS 111 —• are n disS 

P(El W E *V ■ ■ ■ U E n ) = P ( El ) + P( Es ) + ■ ■ ■ + P{E n ) (5.4, 

“T? ?5°cr"n-fjr fT,f “ lie event “Ho or H6,” it be the event 
eve,'., to oL"'i,£n C ^ ” V “ “ T >“ >"**“>■ »' “V ,h„, 

P(A W B W C) = P(A) + P(B) + P(C) =y 12 + y 12 + y 12 = y 

s o „‘t e "“s.” ”Shtof’> ( r) i ° t ’ in the pre ” rfi "* “‘”“ i ‘"i U'* 1 — 

P the events E h E„ ■ ■ ■ , E n are disjoint and exhaustive—that is, their 
umon .s the sample space-then we say that the « events form a partition of S 
into n subsets, and P( El VJ E. t W • • • \j E ) = P(S) = i vZ\l 
sample space is shown by Figure 5.7. % ’ tl0n ° f a 
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Figure 5.7 Partition of sample space. 


5.9 

Overlapping 

Events 


Two events, A and B, are said to be 
overlapping or joint if they have sample points in common. Those sample points 
which belong to both A and B form a subset which is called the intersection of 
A and B, denoted by A C\ B (read U A intersection B”) or by AB (read A 
multiplied by B”). We know that, in the case of disjoint events, P(A \J B) is 
the sum of probabilities of the points in the set A U B. That is, P(A). + P\B) is 
the sum of probabilities of the points in A and the sum of probabilities of the 
points in B. Now, for overlapping events, the quantity P(A) + P(B) includes 
the probabilities of the sample points in the intersection set twice. Therefore, 
if we subtract P(A (A B) —the probability of the intersection—once, we will 
have the sum of probabilities of all points in AB , each taken just once. The 
logic of this procedure is shown by Figure 5.8. We finally conclude that, if A 
and B are joint events, then the probability of obtaining either A or B is 

P(A UB)= P(A) + P(B) - P(A H B) (5.5) 

For example, if a card is drawn at random from a bridge deck, what is the 



Figure 5.8 Overlapping events. 
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probability that either a spade or a king will occur? Clearly a spade and a king 
are not mutually exclusive events, since one of the four kings is a spade. It is 
also clear that there is only one sample point in the intersection set, the king 
of spades. Thus, by (5.5), we have 

P(a spade or a king) = P (spade) + P(king) — P (spade and king) 

= 1 %2 + %2 ~ 2 = 

A coin and a die are thrown. Let A be the event that the coin turns up tails 
and B be the event that a 3 or a 4 shows up on the die. What is the probability 
that either A or B will appear? In this example, as shown by Figure 5.9, there 
are two sample points, T 3 and T4, in the intersection. Thus, 

P(A B) = + % — Y\2 — % 


Coin 



Die 

Figure 5.9 The event that the coin turns up tails and that the die shows 3 or 4 in 
the coin-die experiment. 


Let us consider another application of the additive rule for overlapping events. 
In a lot of 1200 golf balls, 40 have imperfect covers, 32 cannot bounce, and 
12 have both defects. If a ball is selected at random from the lot, what is the 
probability that the ball is defective? 

The probability for the balls to have imperfect covers is 4 % 200 , and the 
probability for the balls not to bounce is 3 % 200 - Here we have two joint events, 
and a ball that has both defects is counted as a defective twice, once for its 
imperfect cover and once for its inability to bounce. We are told there are 12 
balls which have both defects. Consequently, 

P (defective) = P (imperfect cover) + P (inability to bounce) 

— P (imperfect cover and inability to bounce) 

= 4 K200 + 3 K200 “ 1 %200 = 0.05 

The additive rule for overlapping events can be extended to cover any num¬ 
ber of joint events. In particular, if A, B, and C are three joint events, as suggested 
by Figure 5.10, the probability that any one of these events will occur is 

P(AKJ B \J C) — P(A) + P(B) + P(C) - P(A C\ B) — P(A P\ C) 

- P(B n c) -f np(A DBnc) w 


{ 
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Figure 5.10 Three joint events: A, B, and C. 


5.10 

Complementary 

Events 


Two events, E and E, are said to be 
complementary events if the second is a subset which contains all the elementary 
events in the sample space that are not in the first; that is, complementary 
events are mutually exclusive and their union is the sample space S. (See figure 
5.11.) It follows, then, that 


P(E) = PCS) - P(E) = 1 - P(E) 


( 5 . 7 ) 


which in particular implies that the null set is the complement of S. 

What is the probability of obtaining a 1, 2, 3, 4, or 5 when an ordinary die 
is tossed? In a problem like this, it is much more convenient and compact to 
obtain P(E) by first obtaining P(E), which is P(6) in this case, and then applying 



Figure 5.11 Complementary events. 
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White die 



Figure 5.12 Sample space for two dice with E: the sum is 7; A : W > 5- and B: 

b < 4. > — , * 


the law of complementation . Hence, 

P(l,2,3,4 or 5) = 1 - P( 6) = 1 - % = % 

What is the alternative way to calculate this probability? 

Consider one more example. If two ordinary dice are tossed, what is the 
probability that the sum of the points on the dice will not be 7? In this experi- 
ment there are 36 possible outcomes, and 6 of these correspond to the event 
that the sum is 7 as shown by Figure 5.12. Assuming equally likely outcomes 
and denoting the event “7” by E, then we have 


P(E) = 1 - P(E) = l 




= % 


5.11 

Independent 

Events 


... , . Two or more events are said to be 

joint or compound if they occur in unison or in sequence. If, for example, a head 
is ollowed by a tail m two tosses of a coin, we say that the occurrences of the 
ead and the tail are compound events. Furthermore, joint events are said 
to be independent if the outcome of one does not affect, and is not affected by 
the other. That is, if events are independent, the occurrence or nonoccurrence 
o any event m one trial will not in any way affect the probability of any other 
event m any other trial. For example, the probability of heads in a toss of a 
com is / 2 , and the probability of getting another head is still % in another 
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trial. Thus, the two events, H and H , and the two trials are independent. If 
A and B are independent, then the probability that A and B will occur in unison, 
denoted by P(A C\ B), is the product of their separate probabilities. Namely, 

P(A C\B) = P(AB) = P(A)P(B) (5.8) 


As an example, a white die, w, and a blue die, b, are tossed. What is the 
probability that w > 5 and b < 4? 

For solving this problem, we note that the sample space consists of the 
36 possible combinations of the white and the blue die, each with 6 possible 
outcomes, and that the event under consideration requires that the two condi¬ 
tions must be satisfied simultaneously. If A is the event that w > 5 and B is the 
event that b < 4, then what is required is to know the number of sample points 
that both sets have in common; that is, the intersection, A C\ B. In Figure 
5.12, we can see that there are 8 points in the intersection set. We have then 
P(A C\ B) = By counting we find that there are 12 sample points in A 
and 24 sample points in B. As a result, P(A) ~ 1 %e and P(B) = Thus, 

P(A n B) = (i% 6 )( 2 «6) = He 


which verifies that the multiplicative rule gives the correct answer. 

The above example reveals two important aspects of the multiplicative rule 
for independent events. First, if two events are independent, they must satisfy 
(5.8). Second, if A and B are two independent events with nonzero proba¬ 
bilities, then there must be at least one common elementary event in the inter¬ 
section set A r\ B. 

A coin and a die are tossed. Show that the event “head on the coin” arid the 
event “the die shows even” are independent. 

To solve this problem, we may let A be the first event defined on the sample 
space for outcomes of the coin S i, and B be the second event defined on the 
sample space for outcomes of the die S 2 , and then proceed to find the proba¬ 
bility of the joint outcomes of A and B to see if the multiplicative law for inde¬ 
pendent events is satisfied. From the statement of the problem, we have 


P(A C\ B) 


m(A) w m(B) 

MSO X M&d 


We know that P(A) = since 

A = [H J and Si = {H,T} 
Similarly, P(B) = % = Y, s i n ce 

B = {2,4,6} and S 2 = {1,2,3,4,5,6} 

Now, we note that 


A n B = { (H 2) , (HA) , (H 6)} and 

-S = {(Hl),(H2), • • • ,(m),(Tl), • • • ,(T6)} 

Therefore, 

P(A r\B) = Yi2 = K = p(A)P(B) = (HHH) 
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This result verifies that A and B are independent. It is interesting to observe 
that if two events are independent, their joint probability is the product of their 
separate probabilities defined on their respective sample spaces. 

When there are more than two independent events, the probability of their 
simultaneous occurrence is the product of the separate probabilities. For example, 
if A, B, and C are three independent events, we then have 

P(A C\ B C\ C) = P(A)P(B)P(C) (5.9> 

The probability of a 1 to occur on a certain die is estimated to be }/§. Assuming 
this is the true ratio, what is the probability to obtain three Is in three tosses of 
this die? answer: P (three Is) = = K 25 


5.12 

Conditional 

Probability 


Often when we are concerned with event 
probabilities we already have some information with respect to an experiment. 
The .avajla^ information in effect reduces the orig inal sample space 

That is, we are dealing with probabilities of a section rather 
than of the whole sample space. Clearly, the probability of an event about 
which v r e had some information w'ould be different from a situation where we 
had no information. For example, the probability that a card drawn at random 
from a bridge deck will be an ace is greater if we know that the card, already 
selected, is an honor card than if v r e lack this information. Again, a student 
selected from those students who had achieved honor grades in mathematics 
and logic will have a greater chance to receive an A in a course on statistics than 
one drawn, from all students now r taking statistics. Also, w T e can easily appreciate 
the fact that the probability that a household selected at random from Greater 
Los Angeles wfill have an annual income of over $25,000 is different from that 
for one chosen randomly from, say, Beverly Hills. 

In each of the above examples, at tent ion i s focused on t he probability of 
an event in a s ubset, or s ubpopulation, of the original sample space; the proba^ 
bility of an event in the subset is greater than it is in the original sample space. 
Each such subset is a reduced sample space and is specified by new conditions 
(information) beyond the initial conditions w T hich yielded the original sample 
space. Probabilities associated with events defined on the subpopulations are 
called conditional 'probabilities . We shall now r introduce the law' governing con¬ 
ditional probabilities by an example. 

Consider the experiment of tossing a coin and a die together. Given that the 
coin falls heads, find the probability that the die falls even. 

We know r that the original sample space for the above experiment consists 
of 12 equally likely outcomes. Among them, the coin falls heads 6 times. Ignoring 
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the other 6 outcomes associated with tails, we have a reduced sample space S' 
defined as 

S’ = {(H 1),(H2),(H3),(H4),(H5),(H6)} 

The elementary events in S' are equally likely and, therefore, equal weights 
may be assigned as their probabilities, making them add up to unity. Thus, 
we have for each sample point a probability of }4. Next, we observe that the event 
“the die falls even” consists of 3 points in this reduced sample space; that is, 
(# 2 ), (HA), and (# 6 ). Consequently, the probability for this event to occur 
in S' is % = Or, the number, is the conditional probability that the die 
falls even, given that the coin falls heads. 

In the above example, though we have used independent events, we must 
not obscure the usefulness of conditional probability. We must note here that 
it is not due to coincidence that the conditional probability is the same as uncon¬ 
ditional probability in our example of the coin and the die. This point is made 
clear in our next example. 

Let us study the concept of conditional probability further by considering 
the events “die falls even,” denoted by A, and “coin falls heads,” denoted by B, 
with reference to the whole sample space of the coin-die experiment. Clearly 

A = and 

A moment’s reflection will show that if we want to determine the probability 
of A given B , we must know the elements that belong to A and B; that is, the 
set A C\ B. From sets A and B given above, we see that 

A C\ B = {(H2),(H4),(H6)} 

We know that there are 12 equally likely sample points in the original sample 
space, and, therefore, 

P{A) = % 2 , 

P(B) = H 2 , and ;> ■ C- 

P(AHB) = H2 

Since we wish to find thejprobability^of A given the..evmtset B becomes 

then the”reduced sample space, and A C\ B ^^ t b£cqmesJ,lm_event^et jn question. 
Thus7”fo7‘This' example^^ that the die falls even given that the 

coin falls heads is 

p(A n b) _ y X2 _ i 
P(B) Vi2 2 

as obtained before. 

From the preceding discussion, we may state the law of conditional proba¬ 
bility as follows: The probability of A given B, denoted as P(A\B), where the 
vertical line is read “given,” is defined by the expression, 

P(A\B) = P( p ( g ) B) ’ if p ( B ) > 0 (5 ' 10) 
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It can be shown, along the same line of reasoning, that the probability of 
B given A is 

D/Dl ,, P(BC\A) 

( ! } = ' P(A) ’ if P(A) > 0 <u» 

For instance, in the coin-die experiment above, the probability that the coin 
falls heads, B, given that the die falls even, A, is 


P(B\A) 


Jr\n { \ A) 


which turns out to be the same as the probability that the die falls even given 
that the coin falls heads. But are P(A\B) and P{B\A) equal to each other all 
the time? 

An urn contains four white balls, numbered 1, 2, 3, and 4, and six black 
balls, numbered 5, 6, 7, 8, 9, and 10. A ball, selected at random from the urn, 
is white, what is the probability that the ball chosen is numbered 1? For this 
problem, we have 

P (white ball) = W 0 = 0.4 


Therefore, 


P(1 and white) = = 0.1 

P(numbered 1|white ball) = 0.1/0.4 = 0.25 


A card drawn at random from a bridge deck and turns out to be an honor 
card. What is the probability that it is also an ace? To answer this question, 
we recall that there are 20 honor cards, 4 of which are aces, in the deck of 52 
cards. Hence, 

P(ace|honor card) = - (a ° e ^ h ° n0r Card) - 

P (honor card) 


In concluding this section, we shall make a few observations in connection 
with the definition of conditional probability. 

First, all event probabilities are associated with some sample space. In 

=P±A\S)± .where S is omitted and understood. The conditional 

sign is employed only when there is some subset of S, "S'~ ^ which "contains all 
outcomes of an experiment. In such a case, we have, in particular, P(A\A) = 1. 

Second, the probabilities in the ratio on the right side of (5.10), or of (5.11), 
are event probabilities in the original sample space. The same result can be 
obtained if we first convert to the reduced sample space, because probabilities 
assigned to events defined on the reduced sample space are such that they are 
propoitional to those assigned to the events defined on the original sample 
space. In other words, the total probability o f events defined on the reduced 

sam Pi e ^/pane.add u p t o unity. This is the reason that the conditional probability 

of an event is greater than it is in the original sample space. We can see that addi¬ 
tional information is a valuable thing. 
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Third, the probability of the reduced sample is greater than zero because 
otherwise the conditional probability is not defined. 

Fourth, P(A |P) is seldom P(A P\ B). The former may also differ from P(A). 
On the o ther han d, if A and B are ind ependent events and neithe r ha s z ero 
probability, then P(A\B) = P (A) and P(B\A) = P(B). For instance, in the 
coin-die experiment, P(A\B) = P(A) = fi. In other words, the information 
that the coin falls heads does not alter the probability that the die falls even. 

5.13 

Dependent 

Events 


Compound events are said to be dependent 
if the occurrence or nonoccurrence of one event in any one trial affects the 
probability of other events in other trials. For example, two cards are drawn 
randomly in succession, without replacement, from a bridge deck. The proba¬ 
bility that the first selection will be a red card is 2 % 2 ; the probability that the 
second card will be red, however, depends upon the outcome of the first draw. 
If it is a red card, the probability of drawing a red card the second time is 2 Y^\. 
However, if the first selection produces a black card, then the probability of 
drawing a red card on the second selection is 2 %\. Thus, in the case of dependent 
events, t he pro b ability of any even t is cond itiona l to, or "depends"’"upmi7'the 
occurrence or n onoccurrenc e of other eve nts. From definitions’of conditional" 
probabilities, we can see that if A and B are dependent events, then, 

(5.12) 

(5.13) 

Order is of no sign ificance_m the intersection set, since A C\ B = B C\ A. 
Tins property of intemection yields the following result: ~ . 

P(A n B) = P(B)P(A\B) = P(B r\ A) = P(A)P(B\A ) <5.i4) 

which is sometimes called the multiplicative law for dependent events. 

The manager of a firm estimates that if he puts an ad in a certain magazine, 
the ad will be read by half of its subscribers, and 1 percent of those who read 
the ad will buy the product advertised. Assuming these estimates are accurate, 
then we can say, 

P(read ad and buy product) = P(read ad)P(buy product|read ad), 

= (0.5) (0.01) = 0.005 

In a lot of 100 manufactured items, 15 are defective. Suppose 2 items are 
drawn at random without replacement; what is the probability that both are 
defective? Letting D denote defectives, we have 


P(A C\B) = P(B)P(A\B) 

and 

P(B Pi A) = P(A)P(B\A) 


P(D C\ D) = P(D)P(D\D) = (^loo)( 1 %9) = 2 K90 
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An urn contains three white and seven black balls; two balls are drawn, 
without replacement, at random. We desire to set up the sample space of this 
experiment and assign probabilities to the sample points. Evidently, the sample 
space of this experiment is as follows: 

5 = {(WW),(WB),(BW),(BB)} 

where, for instance, (BW) means the first ball is black and the second ball is 
white. Random selection here ensures that all balls at any drawing are equally 
likely to be chosen. Thus, we have the following results: 

P(WW) = P(W)P(W\W) = (Ko)(%) = Mo 
P(WB) = P(W)P(B\W) = (MoXK) = 2 Ho 
P(BW) = P(B)P(W\B) = (Ko)(%) = 2 Ko 
P(BB) = P(B)P(B\B) = (Ko)(M) = 4 Mo 

The preceding example illustrates the application of the multiplicative rule 
to assign weights in a sample space. The sum of weights assigned in any sample 
space, as in the above illustration, must add up to unity. 

The multiplicative law for dependent events can be extended to cover more 
than two events. For example, the probability of the simultaneous, or joint, 
occurrence of three dependent events, A, B, and C, is 

P(A r\ B r \ C) = P(A)P(B\A)P(C\A n B) (5.15) 

If three cards are drawn from a deck of bridge cards in succession without 
replacement, what is the probability that all are aces? Denote aces by A, and 
by (5.15), we obtain 

P(AAA) = P(A)P(A\A)P(A\AA) = (H 2 )( s Ai)( 2 Ao) 

Again, if five random selections are made from a deck of bridge cards simul¬ 
taneously, what is the probability that all five cards are hearts? The answer, 
by an analogy of (5.15), is: 

P(5 hearts) = ( 1 M 2 )( 1 Mi)( 1 Mo)( 1 M9)(Ms) 

5.14 

The Elimination 
Theorem 


Situations often arise where we are 
interested in finding the probability of an ultimate event which is dependent on 
the occurrence or nonoccurrence of events in the intermediate stages of an experi¬ 
ment. The principle which aids us to determine such a probability is called the 
elimination theorem . This theorem turns out to be a combination of the additive 
and multiplicative rules. Let us develop this theorem by way of an example. 

According to the judgment of a political scientist, the probability for the 
United States to have a Democratic administration in the 1970s is 0.55, and the 
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Figure 5.13 Tree diagram showing probability of socialized medicine. 


corresponding probability for a Republican administration is 0.45. Moreover, 
under a Democratic administration, the probability for legislation of socialized 
medicine is 0.6, and the corresponding probability under a Republican administra¬ 
tion is only 0.1. What we would like to know now is the probability of having 
socialized medicine in the 1970s. 

We shall try to determine the probability of the ultimate event—socialized 
medicine—with the aid of a tree diagram, as shown in Figure 5.13, which is a 
digest of the information given in the problem above. In Figure 5.13, 

D — Democratic administration 
R = Republican administration 
S = Socialized medicine legislation, and 
S = No socialized medicine legislation 

We can see that the probability of having a Democratic administration and 
socialized medicine, and the probability of having a Democratic administration 
and no socialized medicine, are, respectively 

P(DS) = P(D)P(S\D) = (0.55) (0.60) - 0.330 
P(DS) = P(D)P(S\D) = (0.55) (0.40) = 0.220 

Likewise, 

P(RS) = P(R)P(S\R) = 0.045 
P(RS) = P(R)P(S\R) = 0.405 

The foregoing four outcomes are mutually exclusive, and the first and the 
third represent the event of socialized medicine legislation in the 1970s. Thus, 
either the first or the third outcome is considered favorable. Clearly, the desired 
probability is the sum of the separate probabilities of these two favorable out¬ 
comes. That is, 

P(S) = P(DS) + P(RS) = 0.330 + 0.045 - 0.375 

This result indicates that if the political scientist’s estimates are accurate, the 
prospects for us to have socialized medicine in the 1970s are not very bright. 

We shall now formally generalize the elimination theorem as this: Let H i, 
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H 2 , , and H n be n mutually exclusive events, whose union is the sample 

space, each of which has a positive probability; then for an event E, which must 
occur with one of these mutually exclusive events, we have 

P(E) = P(tf OP^IHO + P(H 2 )P(E\H 2 ) + ■ • • + P(H n )P(E\H n ) 

= zpmp{E\Hd (5 .i6) 

It is interesting to note that (5.16) refers to a situation where E is an arbitrary 
event generated from the sample space, and where P(E\H { ) is the probability 
of E given the appearance of Hi. The elimination theorem is sometimes called 
the theorem of total probability . 

An ordinary die is tossed once. If a 1 appears, a ball is drawn from Urn I. 
If a 2 or a 3 appears, a ball is drawn from Urn II; otherwise, a ball is drawn from 
Urn III. Urn I contains five white, three green, and two red balls. Urn II contains 
one white, six green, and three red balls. Urn III contains three white, one 
green, and six red balls. We wish to determine (a) the probability that a red 
ball is chosen, and (b) the probability that Urn II is selected, given that the 
ball is red. 

For this experimental design, the following probabilities are implied: 


P( I) 

- H 

P(W\I) 

= Ho 

P(G\I) 

= Ho 

P(R\I) 

= Ho 

JP(II) 

- % 

P{W\ll) 

= Ho 

P(G\II) 

= Ho 

P(R\II) 

= Ho 

P(III) 

= H 

P(IF|III) 

= Ho 

P(G\Ul) 

= Ho 

P(P|III) 

- Ho 


From these probabilities and by the elimination theorem, we have 

(a) P(R) = P(I)P(P|I) + P(II)P(P|II) + P(III)P(P|III) 

= (HKHo) + (%)(Ko) + (HKHo) 

= Wo 

and by the rule of conditional probability, we have 

, b) pfniR) = F(n n a) = pqi)P(R\n) = (MWo) = 1 
P(R) P(R) 1B Ao 13 

Can the reader explain why the probability of selecting Urn II, given a red ball, 
is much less than the probability of choosing a red ball? 


5.15 

Bayes 9 

Theorem 


In the last example, we have posed this 
question: If the random selection turns out to be a red ball, what is the proba¬ 
bility that it comes from Urn II? Such a question seems to entail some kind 
of reasoning that is inverse or backward. It is inverse, in a sense, to a more natural 
way of asking the question, namely: If the toss of the die indicates Urn II, 
what is the probability of drawing a red ball from it? We shall see now, however, 
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it is exactly upon this sort of backward reasoning that a very useful probability 
rule, called Bayes’ Theorem, has been built. This theorem is developed by way 
of an example in the next few paragraphs. 

A coin is tossed. If it turns up heads, two balls will be drawn from Urn I; 
otherwise, two balls will be drawn from Urn II. Urn I contains two black and 
six white balls. Urn II contains seven black balls and one white ball. In both 
cases, the selections are to be made with replacement. What is the probability 
that (a) Urn I is used, and (b) that Urn II is used, given that both balls drawn 
are black? 

To solve this problem, let us first denote the event that Urn I is used by Hi 
and the event that Urn II is used by Hi. According to the conditions of this 
experiment, we must have 

P(Hi)=V 2 and P{Hi)=% 

These values are called a priori, or prior, probabilities because they exist before 
we gain any information from the experiment itself. Here, H x and H 2 are mutually 
exclusive and exhaustive. Now, if we let E be the event that “both balls are 
black ,” then, 

E = {{Hi\BB),(Hi\BB)\ 

What we seek to find are the conditional probabilities P(Hi\E), which is 
P(Hi r\ E)/P(E), and P(H 2 \E), which is P{H 2 C\ E)/P{E). To obtain these 
probabilities, we need, first of all, the probabilities of the intersection sets Hi C\ E 
and H 2 C\E . From information given in the problem, we must have 

P{HiC\E) = P(I n BB) = P(T)P(BB\T) = (K)(K)(%) = tf 28 
P(H 2 nE) = P(imBB) = P(II)P(M|II) = (H)(W( 7 A) = 4 % 28 

In those compound probabilities, the terms P(BB |I) and P(BB\Il), or, in general 
P(E\Hi), are called likelihoods because they indicate how likely the event E 
under consideration is to occur given each and every one of Hi\ urns in our 
example. 

Next, we need the probability of the event E, the denominator of the ratios 
for our desired conditional probabilities. By the elimination rule, we see that 

P{E) = P(Hi r\ E) + P(H 2 n E) 

= H 28 + 4 H28 = 5 %28 

Finally, we have 


PiH^E) 

p(H 1 n e) 

II 

to 

00 

4 

P(E) 

/128 

53 

P(H,\E) 

p(h 2 r\ e) 

_ 4 Vl28 

_ 49 

P(E) 

5 H28 

” 53 


These two values are called a posterior, or posterior, probabilities because they 
are determined after the results of the experiment are known; that is, at least 
after we know the colors of the balls after they have been drawn. It is interesting 
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to note how the evidence provided by the outcome of two black balls is revealed 
in the high posterior probability of using Urn II, where black balls predominate. 

The procedure used for finding posterior probabilities from prior proba¬ 
bilities (which often represent a decision maker’s belief in the original proposi¬ 
tions, or hypotheses, Hi) and Hkelihoods (which are probabilities of an event 
conditional to the outcomes of an experiment) is called Bayesian rule . From 
our understanding of the foregoing example, we may now state this theorem 
as follows: If Hi, H 2 , • * • , and H n are mutually exclusive events whose union 
is the sample space of an experiment, and if E is an arbitrary event defined on 
this sample space such that P(E) > 0, Bayes’ Theorem says that the probability 
of Hi, given E, is 


P(H % \E) 


_ P(H t r\ E) _ 

P(H X n e) + P(H 2 n e) + • • • + P(H n n e) 


P(Hj)P(E\Hj) 

XP(Hi)P(E\Hi) 


(5.17) 


where the denominator is P(E) as defined by (5.16). 

A manufacturing firm produces steel pipes in three plants with daily pro¬ 
duction volumes of 500, 1000, and 2000 units, respectively. According to past 
experience, it is known that the fraction of defective outputs produced by the 
three plants are, respectively, 0.005, 0.008, and 0.010. If a pipe is selected at 
random from a day’s total production and found to be defective, from which 
plant does that pipe come? 

According to Bayes’ Theorem, we have from the problem the following 
events: 


Hi: production volume of the first plant, which is 500 units per day 
H 2 : production volume of the second plant, which is 1000 units per day 
H% \ production volume of the third plant, which is 2000 units per day 
E: a defective item 


From these events, we see that P(Hi\E) is the probability that the item 
is produced by the ith plant, given that the item is defective. Also, P{Hi C\ E) 
is the probability that the items are produced by the fth plant and are defective. 
Information in the problem gives the following probabilities in connection with 
the random selection of a pipe from a day’s total production: 

(a) Prior 'probabilities: 


P(Hi) 


_500_1 

500 + 1,000 + 2,000 ” 7 


P(H 2 ) = 


1000 

3500 


2 

7 


P(H s) 


2000 _ 4 
3500 ” 7 
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(b) Likelihoods: 

P(E\Hi) = 0.005 
P{E\H t ) = 0.008 
P(E\H 3 ) = 0.010 

(c) Joint probabilities: 


P(Hi C\ E) = P(H l )P(E\H 1 ) = (H)(0.005) = 0.005/7 
P(H t f\E) = P(ff 2 )P(£|ff 2 ) = (^) (0.008) = 0.016/7 
P(H 3 r\E) = P(H 3 )P(E\H 3 ) = (^)(0.010) = 0.040/7 
Sum = P(E) = HP(Hi)P(E\Hi) = 0.061/7 

(d) Posterior probabilities: 


P(Hi\E) 

P(H 2 \E) 


P(Hs\E) 


P{H x r\E) 0.005/7 5 


P(E) 

0.061/7 

p{h 2 r\ E) 

0.016/7 

P(E) 

~~ 0.061/7 

p(h 3 r\ E) 

0.040/7 

P(E) 

~ 0.061/7 


Since P(H$\E) is by far the greatest posterior probability, it is then most 
probable that the defective item has been drawn from the outputs of the third 
plant. As a check of the above calculations, the sum of all the posterior proba¬ 
bilities must be unity. 

The preceding example illustrates the main application of the Bayesian rule 
in decision making. That is, a decision maker is often confronted with a set of 
mutually exclusive and exhaustive hypotheses, H h H 2 , • • • , in connection 
with a phenomenon which is subject to test by experiment. Before the perform¬ 
ance of an experiment, the decision maker may find it difficult to assign prior 
probabilities associated with the set of hypotheses. He is then often forced to 
assign prior probabilities in such a way that the weights assigned are proportional 
to the “degree of belief” he has in various hypotheses. Thus, different decision 
makers may assign different prior probabilities to the same set of hypotheses. 
For instance, to judge whether a coin is fair, one may initially assign equal proba¬ 
bilities to the occurrences of heads and tails. Another person, somehow believing 
that the coin is biased in favor of heads, may be inclined to give, say, %, as the 
prior probability of heads and as that of tails. Such initial differences, however, 
do not hinder the utility of the Bayesian theorem, since its very aim is to modify 
the prior probabilites, P(Hi), by experiment. After the experiment is performed, 
we would replace P{H t ) by P(Hi\E). Furthermore, we may conduct a new experi¬ 
ment by using posterior probabilities of the preceding experiment as prior 
probabilities. As we proceed with repeated experiments, evidence accumulates 
and modifies the initial prior probabilities and, thereby, modifies the intensity of 
a decision maker's belief in various hypotheses. Repeated estimates will soon 
produce such low posterior probabilities for some hypotheses that they can be 
eliminated from further consideration. In other words, the more evidence we 
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accumulate, the less important are the prior probabilities. The only restriction 
on the application of the Bayesian rule is that all hypotheses must be tenable 
in a given situation and that none is assigned a prior probability of 0 or 1. 


5.16 

Permutation 
and Combination 


By this time, the reader is familiar with 
the fact that the probability of an event E is a ratio of the number of those 
outcomes in E to the total number of outcomes of an experiment. As we have seen, 
such numbers are easily obtained by the method of actual listing, if the total 
number of sample points is small. When an experiment involves a large sample 
space, it would be next to impossible to list all the sample points. Consequently, 
some efficient method of counting, or of finding, the number of ways of doing 
things is desirable. To this end, we shall in this section introduce the concepts 
of “permutation” and “combination,” both of which have as their basis an 
elementary rule called the fundamental principle. 

THE FUNDAMENTAL PRINCIPLE 

The fundamental principle is concerned with such questions as this: If we have 
three letters, A , B , and C, in how many different orders can we arrange them? 
One way to answer this question is to list all the possible arrangements in a 
tree diagram and then count them. See Figure 5.14. 


0 » 


SSIIIllllilSSIlllllMlilillllliSIllllllIilll 

A • *C 

• • B 


WIKHHiMI 

B • • C 


• • A 

iiilifliiSiliiiiliiiiifliiilii 


i!iiiiiisiiiiisiiiiii®iiii|i|i#iiiiisiisiiiii 

C • • B 

• ./I 

!!IISl!llllllilllBlllllllSIIllllB|llllll 


Figure 5.14 Possible ways of ordering three letters. 
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Figure 5 14 denotes the initial point, the origin, 0. We see that, in the first 
place there are three possible ways to arrange the three letters. Then, for each 
of the letters in the first place, there are two possible ways to arrange the two 
letters other than the one in the first place. After the second places are taken 
for each of these two positions, there is only one possible way to place the last 
letter other than the two in the first and the second places. Thus, there are all 
together (3)(2)(1) = 6 possible arrangements, taken three letters at a time. It 
is important to note that the tree diagram takes order into consideration: a 
change in the order yields a different arrangement. For instance, ABC and ACB 
count as two distinct arrangements of the three letters. ... 

The foregoing example suggest a definition of the fundamental principle 
as follows: If an experiment can have exactly rii distinct outcomes; if for each 
of these n i outcomes, a second experiment can yield n 2 distinct outcomes; if 
for each of these n 2 outcomes, a third experiment can yield n 3 distinct outcomes; 
and so on for k experiments; then the combined experiments, from the first to 
the fcth, can have exactly, (ni)(n 2 )(n 3 ) ' ' ' (»*) outcomes. 

Thus, if a coin and a die are tossed together, there are six ways the die can 
fall, and’for each of these the coin has two ways to fall. Consequently, the die 
and the coin can fall in (6) (2) = 12 distinct ways. ' 

Recall that the 12 outcomes of the die-coin experiment are equally likely. 
From this observation, we move to an important generalization about the prop¬ 
erty of the fundamental principle. If », outcomes of the first experiment, », 
outcomes of the second experiment, and so on to the n k outcomes of the fcth 
experiment, are all equally likely, then the (ni)(n 2 ) • • • (n k ) elementary out¬ 
comes of the compound experiment, that is, the k experiments together, are 

also equally likely. 


PERMUTATIONS 

An arrangement of a number of objects in a definite order is sometimes called 
a permutation. To facilitate our discussion on counting procedures, we need an 
understanding of the factorial sign. The notation “»!” is read “n factorial and 
is the product of all positive integers from 1 to n. That is, 

n\ = n(» - 1)(» - 2) • • • (3)(2)(1) = »(» - 1)! <*•«> 

In particular, 

1! = 1 

2! = (2) (1!) = 2 

3! = (3) (2) (1) = (3) (2!) = 6 

4! _ (4) (3!) = (4)(3)(2)(1) = 24 

We also define that 

0 ! = 1 

Note that 

30! = 30(29!) 

100! = 100(99!) = (100) (99) (98) (97) (96) (95!) 
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or, in general, 

n\ = r!(r + 1)(>- + 2) • • • ( n - l)n 
where r < n. For example, 


(5.19) 


10! ~ 9! = 9!(10) - 9! _ 91(10 - 1) 9 

11! 9! (10) (11) “ 9! (10) (11) = HO 

Now, by the fundamental principle and the factorial sign, we may state- 
The number of permutations of n distinct objects, taken all together at a time 
denoted as n P n , is n\ That is, ’ 


For example, there are five flags of different colors. How many different 
messages can be sent by using all the five flags at a time? Answer: 

5 P 5 = 5! = (5)(4)(3)(2)(1) = 120 

Formula (5.20) must be modified if the n objects are not distinct. For instance 
" . oi t le n ob j eots are alike, how many permutations can we have when n 
things are taken at a time? To answer this, let us assume that the modified 
number of permutations is * and proceed to calculate x. We know that if all 
the n objects are distinct, there are w! permutations. Now, with k objects alike 
the number of distinct arrangements is *. For each of these a: arrangements’ 
there would be k\ possible arrangements if the k objects were not alike. By the 
iundamental principle, we must have xkl = nl so that x = nl/kl 

Employing the same line of reasoning, we can see that if a set of n objects 
of which h are alike, h are alike, and so on to s kinds of like elements, each 
kind of element is different from those of any other kind, then the number of 
permutations taken all together is 


where ki + k 2 + 


\k 1} k> 

+ k s — n. 


)- 


nl 


kilkol 


(5.21) 


Consider the wor^l “statistics.” Here, we have 10 letters in 


? 4 ^ ~ in all, of which 

there are 3 ss, 3 fe, 2 is, 1 a, and 1 c. Thus, n = 10, ki = 3 , k 2 = 3 , k 3 = 2 , k 4 = 1 , 

= k The t0tal number of distinct permutations, using all ten letters 
of the word “statistics,” is, by ( 5 . 21 ), 


( 10 ^ _ 10 ! 

\3,3,2,1,1,/ 3!3!2!1!1! “ 50,400 

In many situations, we may wish to determine the number of permutations 
of n different objects in which some, not necessarily all, of the objects are used 
lor instance consider a football squad of 40 players. How many different teams 
can the coach field when two teams composed of the same men but assigned to 
different positions are treated as different teams? What is required here is the 
number of permutations of 40 different players, taken 11 at a time. By the 
fundamental principle, we know that there are 40 possibilities to fill the first 
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position, 39 choices for the second position, and so on until there remains but 
one position to be determined. At this point, 10 players have already been 
assigned; there are hence 30 choices for the last position. As a result, the number 
of teams that the coach can field is 


(40) (39) (38) • • ■ (31) (30) 

This product can also be expressed in terms of the factorial sign, since 

(40) (39) • • • (30) (29) • • • (2)(1) 40! 


(40) (39) 


(30) = 


(29)(28) 


( 2 )( 1 ) 


29! 


The above example indicates that the number of permutations of n things, 
taken r at a time, r < n, denoted by n Pr, is 


nPr 


ni 


(n - r )! 


(5.22) 


Four signal flags are to be run up, one above the other, on a flagpole. How 
many different messages can be run up if there are available six flags, each of a 
different color? 

By (5.22), the answer is 


6! _ 6! _ 2! (3) (4) (5) (6) 

(6 - 4) ” 2! ” 2! ~~“ 


360 


COMBINATIONS 


A permutation requires that the objects assume a definite order. Occasions may 
arise, however, in which order is of no significance in an arrangement of object's. 
For example, the ordered set of five cards AKKAK is different from that of 
KKKAA , but to a poker player, they represent the same hand, a full house. 
He is interested only in what the cards are rather than in the order of the cards. 
For the case where order is of no importance, we need what is called combina¬ 
tion for the purpose of accounting. 

A combination is a set of r things taken from n objects, r < n, regardless 
of the order in which the r things are selected. The number of combinations of n 


objects taken r at a time is denoted by n C r , C”, 


or 



. To illustrate, suppose 


seven directors of a company wish to elect three of their group to attend a con¬ 
ference sponsored by the United States Chamber of Commerce. How many 
different groups of three representatives can be selected? This is a problem of 
combination, since it makes no difference who is to be chosen first, second, or 
third. If, however, the delegation is going to have a chairman, a vice-chairman, 
and a secretary, order assumes importance and the problem is one of permuta¬ 
tion. There are then 7 P 3 = 210 ways of choosing the three representatives from 
the seven directors. If the three representatives are to have the same standing, 
any three directors, who form 3! = 6 permutations, represent but one combina- 
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tion. From this, we can deduce that the number of combinations of n things 
taken r at a time must be the corresponding number of permutations divided 
by r! That is, 


“ \r / “ ?•! “ - r )! (5 ‘ 23) 

which indicates that C) is equal to n P r when r objects are alike and (n - r) 

objects are alike, r being different from (n - r). Now, for the problem of selecting 
three representatives of the same standing from seven, we have, 


3/ 3! (7 — 3)! 


= 35 wavs 


As another example of combinations, let us determine the number of com¬ 
mittees that can be formed from 5 American, 4 Russian, and 3 French delegates 
at the United Nations if each committee is to comprise 3 American, 2 Russian, 
and 1 French delegate. To determine this number, we note that we can select 

3 from 5 Americans in ways, 2 from 4 Russians in ^ ways, and 1 from 
3 French in © ways. By the fundamental principle, we have then 


2!2i) (2U 


180 committees 


The formula for combination suggests the symmetry between C) and 

(^ n __ That is, if we select r from n objects, we automatically select a group 
of (n - r) from n, simply by leaving them behind. Therefore, 


4(n - r)\ 


L :,) 


To make the symmetry formula valid for n = r, we define = 1, just as we 


have defined 0! = 1. 

If, from a shipment of 100 radio tubes, each of which is either defective 
or nondefective, 4 tubes are drawn at random without replacement, how many 
possible samples can be selected? 

This is a problem of combination, since the order of the elements that enter 
the sample is of no consequence. Also, we have, for this problem, n = 100 and 
r = 4. Hence, we can have 


Of) - 


3,921,225 samples 


which are equally likely. 
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In ending this section, it is important to observe two aspects about com¬ 
bination. First, the number of combinations of n things taken r at a time corre¬ 
sponds to random selection without replacement. Second, all the possible com¬ 


binations yielded by 



are equally likely because they represent the random 


selection of r things from the universal set of n things. 


5.17 


Probability on 
Large Sample Space 


When the number of possible outcomes 
of an experiment is large, the procedure of combination can be used to calculate 
probabilities for sample spaces whose elements are equally likely, as illustrated 
by examples studied in this section. 

A box contains 15 electronic tubes, 5 of which are defective. If two tubes are 
drawn together, at random, from the box, what is the probability that (a) both 
are good? (b) one is good and one is bad? (c) at least one is good? 

To solve this problem, we see that for all the three cases, the sample space 


/lo\ 

is the same. Namely, it contains ^ ^ J equally likely sample points, with the 
same probability of l j ^ 2 ^) ^ or eaC ^ outcome - Among these elementary events, 
there are elements in the event set that two are good tubes. So, 


% 


vq 


(a) P(both tubes are good) 



J9_ 

21 


n l j 

1 q 

if :i , / 


Next, among the ^ combinations, some satisfy the description “one is 
good and one is bad.” There are ways to select one good tube and there 
are (ways of selecting one bad tube. Thus, by the fundamental principle, 


there are 


0° 


ways to select one good and one bad tube. Consequently, 


1 hvt ) 


m 


sv; 


(b) P(one good and one bad tube) = , . 

CO 


10 

21 
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Finally, the event “at least one is good” is the complement of the event 
“none is good.” Thus, 


(c) P(at least one is good) 


P(none is good) 


There are 100 instructors at a certain college, 70 men and 30 women. Five 
instructors are selected at random to evaluate the college’s admission pro¬ 
cedures. What is the probability that the sample consists of (a) all men? (b) 
exactly 3 men? 

For this example, the number of equally likely samples, assuming selections 
are made without replacement, is 

( U f) = 75,287,520 

A sample consisting of men only can be selected in ^= 12,103,014 ways. 

A sample consisting of exactly 3 men and 2 women can be drawn in my 
23,811,900 ways. With these values, the desired probabilities become 

/7°\ 

lal F(5 men) = b 5 / „ j j’ 103 . 014 _ n ■, gno 


(b) P(3 men and 2 women) = 


,5/ _ 12,103,014 
100\ ” 75,287,502 


(?)(?) 


= 0.1608 


(?) 


= 0.3163 


Cards are dealt face up from a well-shuffled bridge deck, one at a time, 
until the first king appears. What is the probability that the first king appears 
(a) at the third card? (b) at the rth card? (c) at the rth card or sooner? 

For this experiment, there may be a number of ways to show the sample 
space. One way which is convenient for_ our present discussion is as follows. 
There are 4 kings, K, and 48 non-king, K, in the deck. The sample space then 
may be thought to consist of all the possible arrangements of 4 Ks and 48 Ks 
in 52 numbered positions. The total number of arrangements, by the modified 
formula for permutations, is (52!)/(4!48!). 

Now, the event that the first king appears at the third card is one (in the 
sample space) in which the first three symbols of each of its elements must 
be K — K — K, since the first king is at the third place. The number of sample 
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points in this event set is therefore all possible arrangements which can be made 
with the remaining 3 Ks and 46 Ks; that is, (49!)/(3 !46!). Therefore, w T e have, 


(a) P(lst king at the 3d card) 



= 0.0313 


Next, if the first king appears at the rth card, then the remaining 3 Ks and 

( 52 — A 

2 J arrangements. Hence, 


(b) 


P(lst king at the rth card) 

r = 1, 2, 3, • • • , 49 



Finally, if we let E be the event “first king at the rth card or earlier/'’ then 
E is the event “4 kings after the rth card.” The number of sample points belong¬ 
ing to E is the number of arrangements that can be made in the remaining 
52 — r cards taken 4 Ks and 48 — r Ks, since the first r symbols of every member 
in this event are all non-kings. This number is (52 — r)!/4!(48 — r)! Thus, 


(c) P(E) = 1 - P(E) 



If r = 10, for example, 


P(P) = 1 



1 


111,930 




589,225 


which reveals that it is highly likely that a king will appear at the 10th card 
or sooner. 

As the last example of computing probabilities from large sample space, let 
us consider this: If five cards are drawn at random simultaneously from a well- 
shuffled bridge deck, what is the probability that a flush hand is selected? 

Recall that a bridge deck consists of 52 cards and thus the sample space of 


this experiment is 



. Also, in the deck there are four suits, each with 13 cards, 


and a flush hand is one in which all 5 cards are of the same suit. Hence, there 



ways to select a flush hand from a given suit. Successful outcomes, 
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however, can come from any one of the four suits. Therefore, the total number 
of sample points which satisfy the description “a flush hand” is 4 /y Y From 

, . V 5 / 

these considerations, we see that 


P (flush hand) = 



0.00198 


Such a result indicates that a flush hand is a rare event, since it occurs less than 
once in every 500 deals of five cards each time. 


5.18 

Randomness 9 Probability 9 
and Predictability 


Probability has been introduced in this 
chapter in connection with random experiment. “Randomness” is one of those 
words whose meaning everybody knows but few can define. Surprisingly, one 
often tries in vain to find a precise definition of randomness in most standard 
texts. The word “random” was first introduced in this book with reference to 
“random sample” in Chapter 1. As you may recall, a sample is random if every 
item in the population has an equal chance of being included in the sample. 
Note that probability has crept into this definition under the guise of chance. 
This observation gives us the clue that randomness may be defined in terms of 
probability. But before we formally define it, it may be helpful to gain an intuitive 
understanding of the term by way of a simple demonstration. 

Number ten tags 0, 1, 2, 3, 4, 5, 6, 7, 8, 9 and place them in a bag. Mix them 
thoroughly. Draw one and record the number. Return it to the bag. Mix the 
contents thoroughly. Draw another and record the number. Return it and repeat 
the process over and over again. This process was taken by the author for 80 
trials, with the actual sequence of the results as follows: 

1455 5252 4428 8190 0477 9115 3336 6947 5064 2227 

0883 9905 1116 4377 7787 3269 4123 3074 5538 9994 

The results produced in this manner are called random numbers or random 
digits. These random digits form what is known as a random variable. The process 
by which the random sequence is produced is a random process. The population 
is one in which each number has a probability of 0.1. 

Randomness is thus produced by a process that must be random itself. The 
same random process is capable of producing different sequences from the same 
population. Achievement of randomness in the process, as we shall see, requires 
deliberate design and careful planning. Furthermore, the randomness of a process 
is often judged by the sequence it produces. 
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A variable is random if it can take any of a number of values, each of which 
has a certain probability. It may be either discrete or continuous. If it takes a 
finite number of values, their probabilities are simply their relative frequencies. 
With a continuous random variable, we speak only of the probability that its 
value will lie within or at such and such intervals. 

Moreover, the actual sequence of a random variable is usually marked by 
irregularities of the individual occurrences, but when they are arranged in an 
orderly way, such as a frequency distribution, they will form a population with 
distinct attributes. This implies that large numbers generate regularity and 
stability and therefore make possible the prediction of mass behavior in terms 
of probability. For example, suppose we did not know the actual figures on the 
numbered tags in the bag in the previous experiment. Then we observe that from 
the actual sequence of 80 random draws, we obtained the number 5 nine times. 
We may tentatively establish the relative frequency of getting 5 as % Q , or 
11.25 percent. With this as a basis, we can predict the future outcomes of the 
appearance of 5. Thus, if we call 5 every time before the draw is made, we would 
expect to be right, in the long run, about 11.25 percent of the time. However, 
the accuracy of our prediction in this case may not be very high because the 
relative frequency was established with only 80 trials. Had we made, say, as 
many as 10,000 trials, the relative frequency would decrease to its mathematical 
probability, which is 10 percent of the time. 

The above illustration indicates that the law of randomness operates in 
unison with the law of large numbers. That is, the reliability of predicting the 
outcomes of an event increases with the increase in the number of random 
observations used to determine the relative frequency of that event. Thus, 
the relative frequencies of death of persons of various ages, or from fire, acci¬ 
dents of a certain kind, and so on, which have been determined on the basis 
of large numbers of past occurrences, have enabled the insurance companies 
to predict, with high degrees of accuracy, the future outcomes in these various 
fields. 

That randomness makes possible the prediction of mass behavior also implies 
the unpredictability of a single outcome, the behavior of which is irregular and 
not associated with probability. Before a draw is made, for instance, only one 
number can be produced and any one of the ten numbers in the bag could 
appear. As the insurance companies often state, “We don’t know who will die, 
but we know how many.” 

Let us turn to another aspect of randomness and predictability. The digits 
produced by our simple experiment are not only random but independent. 
Recall that an event is said.to he independent if,,the probability of,.its outcome 
does not influence, and is not, influenced by, the outcome of other events. The 
independence of the digits is ensured by the procedure of replacement: the 
probability of each outcome at each trial remains unaltered. 

Sequences of random and independent variables often appear in “runs.” 
Statistically, a run is defined as a succession of individual letters (or numbers) 
which is followed and preceded by a different letter (or number) or by no letter 
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(or number) at all. For instance, the sequence of the 80 random digits has the 
following 55 runs: 

1-4-555-2-44-2-88-1-9-00-4- 
77-9-11-5-333-66-9-4-7-5-0-6 
-4-222-7-0-88-3-99-0-5-111-6- 
4-2-7777-8-7-3-2-6-9-4-1-2 
-33-0-7-4-55-3-8-999-4 

This illustrates once again that randomness produces irregularities instead 
of uniformity but that it produces stability in relative frequencies in the long 
run. The fact that a random sequence tends to cluster is not too difficult to 
understand. If we are to have 10 random draws from the bag and wish to produce 
a completely uniform sequence as 0, 1, 2, 3, 4, 5, 6, 7, 8, 9, the probability of 
success, as you have already learned, is 1/10,000,000,000—almost an impossi¬ 
bility! As a matter of fact, if a sequence has too few runs we may suspect the 
randomness of the process that produces it. It is exactly for this reason that 
we mentioned earlier that the randomness of a process can be evaluated by the 
sequence it produces. 

The clustering property of a random and independent variable often leads 
to the erroneous application of the law of chance. The maturity of chance theory 
in gambling, for example, is based on the misunderstanding of the property 
of probability because of clusters observed in a random sequence. According 
to this theory, one should favor bets on outcomes that have turned up less 
frequently than others in the past. This theory is fallacious because it fails to 
recognize that the probability of occurrence of an independent random event is 
unaffected by the outcomes of other events. If, in a dice game, 7 has appeared 
10 times in a row, what is the probability that a 7 will occur again in the next 
toss of a pair of dice? It is still It is indeed very unlikely that ten 7s will 
occur in a row before the game starts. But once 10 tosses are made, the proba¬ 
bility of the next toss is independent of the first 10 tosses and of subsequent 
tosses. The probability of a 7 appearing again will neither increase nor decrease. 
In other words, there is no reason to expect that there must be an excess of other 
numbers to compensate for the excess of 7s. When more tosses are made, the 
ratio will approach Jq/ As Tippet has said, the law of large numbers works by 
its “swamping” effect rather than by compensation. 

But does clustering afford an obvious method for prediction? In tossing 
coins, for instance, we might predict that the next toss will be the same as the 
last in order to take advantage of clustering in a random sequence. Would our 
chances of being right increase? Certainly not! Such a method can yield correct 
forecasts only half the time if the coin is perfect. This is, of course, the same 
percentage of accurate prediction by any other method of forecasting, such 
as predicting heads and tails alternatively. If in 100 tosses there are 10 tails 
too many, the same ratio cannot be expected to remain unchanged when more 
tosses are made. This difference, amounting to Ho of 100 tosses, appears to be 
large, but if we continue to 10,000 tosses, and the difference remains at 10, it 
then represents only Kooo of the number of tosses. The longer we continue to 
increase the number of tosses, the smaller this ratio becomes. In other words, 
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in coin tossing, we expect the proportion of heads and that of tails to be approxi¬ 
mately equal m the long run; but it is inaccurate to expect that in the long 
run there must be as many heads as tails. Thus it is easy to see why in the long 
run the equality between the proportion of heads and that of tails does not 
require that the one that has appeared less frequently should tend to catch up 
with the other. F 

. Let us conclud e this chapter by reminding the reader that probability is a 
unique property of the population, not associated with any particular outcome 
of an event. Also, it should be remembered that randomness dictates that 
although iJhi^j^ssible to predict mass behavior, individual events are unpre- 
dictable. Predictability of mass behavior is'based upon'thelact'that large'num- 

.gyrate regularity and . stability. The law of' large numbers, however ^ 

applies only to random sequences in which the probability of each possible out¬ 
come remains constant. Finally, we must observe that when we apply the law 
of large numbers to predict chance events in practice, the probabilities them¬ 
selves are often unknown. For instance, suppose you have tossed a coin, which 
is believed to be perfect, 10 times and all the occurrences are tails; you would 
then have reason to suspect that the subsequent tosses would not swamp the 
rst 10 tails. That is, you would have made the inference from a sample of 10 
that the coin was not fair—the population proportion was not fifty-fifty. 


Glossary of Formulas 


(5.1) P{E) - —- Under the assumptions of mutually exclusive and equally likely out- 

r^ eS J?h the sa ™ ple * pace ' the classical interpretation views the probability of an event as a 
tio of the points in that event set to the total number points in the sample space. 

(5.2) P(B) r - The relative frequency theory insists that event-probabilities can be 
established only by repeated experiments. According to this school of thought the probabilitv 
of trials IS the rat '° ° f the nUmber 0f favorable outcomes for the event to the total numbed 

Thfi A/ k' B> *r f-A + P(B) ThiS is the additive r ule for mutually exclusive events 
This rule states that if A and B are mutually exclusive, then the probability that either A or B 

will occur is the sum of their separate probabilities. 

(W) f/y ^ y u ■ ■ • u b.) - pm + pm + ■■■ + pm ms is ! the ex ten 

f',°" ° f AVAA " diSi0int events - Fr0m this exte osion, we see that ffj.uj.u .. 

thAtL P } 8) T ^ Thls J states that lf the n ev ents are mutually exclusive and exhaustive 
then the n events are said to form a partition of the sample space S into n subsets 

irri'nt fA P A = i (A X + , P(B) - PU ^ B) The additive rule for 'wo overlapping or 

joint, events states that ,f A and B are not mutually exclusive, then the probability that either 

will ofcur IfAA'A filT “I! 8 ! T!7* e prdbabilities less tbe probability that both A and B 
intersection^TJIwtee } “ ^ ^ + P(B) ’ ^ We W0Uld have counted the 

L 5 ; 6 ? w B u C) = P(A) + Pi - B ) + p (0 - PU ni?)- P(A n o ~ PIB r\ n 4 - 

A A® 0 C' This is the additive rule for three joint events. It is interesting to know the 

necessity of the last term in this formula. B 
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(5.7) P(E) = P(S) - P(E) = 1 - P(E) For the law of complementation, we observe that 
P{E) + P{E) = P(S) and P{E) = 1 - P(E). This rule enables us to compute P(E) via P{E) 
or vice versa. 

(5.8) P{A r\B) - P(A)P(B) This rule states that if A and B are independent events, 
then the probability that both A and B will occur simultaneously is the product of their separate 
probabilities. The product rule is valid only if AB is not an empty set, that is, neither P{A) nor 
P(B) should have zero probability. 

(5.9) P(A r\B C\C) = P(A)P(B)P(C) The product rule for three independent events 
also requires that none of the three events should have zero probability. 

PM r\ B) P{B C\ A) 

(5.10) P(A\B) = p(p) .- and (5.11) P(B\A) = - . 

These two formulas define what is called conditional probability. In general P(A\B) ^ P{B\A). 
P(A\B) is the probability of the occurrence of A given that B has occurred, and B is the 
reduced sample space. And P(B\A) is interpreted in the same fashion. If A and B are mutually 
exclusive, then P{AB) = 0, and P(A\B) = P(B\A) = 0. Thus, for these formulas to be mean¬ 
ingful, the reduced sample spaces must not be empty sets. That is, P(B) > 0 for (5.10) and 
P{A) > 0 for (5.11). 

(5.12) P(A r\B) = P(B)P(A\B) (5.13) P{B C\ A) = P(A)P(B\A) 

(5.14) P(A r\B) = P(B)P(A\B) = P(B n A) = P(A)P(B\A) 

These equations represent the joint or compound probabilities of the simultaneous occurrences 
of two dependent events, A and B. The logic of the third expression in this group is that order 
is not significant in intersection sets; namely, AB = BA. These product rules, as it can be seen, 
are simple transformations from the formulas.for conditional probabilities. 

(5.15) P(A(ABr\C) = P(A)P(B\A)P(C\A r\B) This is the product rule for three 
dependent events, A, B, and C. 

(5.16) P(E) = P(Hi)P(E\H{) + P(H 2 )P(E\H 2 ) + • • • + P(H n )P(E\H n ) = 2P(tf;)P(£|tf;) 

This is the expression for the elimination rule or the theorem of total probability. It represents 
the probability of an event E which must occur with one of n mutually exclusive and exhaustive 
events, Hi, none of which has zero probability. 


This is the Bayes’ Theorem. In this expression, Hi are 


P{Hi)P{E\Hi) 

(5.17) P(Hi\E) - zP( Hi ) P (E\Hi) 
mutually exclusive events whose union is S', E is an arbitrary event defined on S such that 
P(E) > 0. Note that (a) P(Hi) are prior probabilities which are often arbitrary and subjective; 

(b) P(ElHi) are called likelihoods in the sense that each represents how likely E is to occur 
given the appearance of a particular hypothesis (one of the original mutually exclusive events); 

(c) P(Hi\E) are posterior probabilities which are calculated from the prior probabilities and 
likelihoods for the purpose of replacing the prior probabilities. 


(5.18) nl = n(n - 1) (n - 2) • • ■ (3)(2)(1) = n(n - 1)! and (5.19) n\ = r\{r + l)(r + 2) 

■ ■ ■ (n - l)n. The first equation defines the “n-factorial" sign. The second is derived 

from the first and is employed to manipulate equations expressed in terms of factorial signs. 
Note that in the last equation, r < n. 


(5.20) n P n = 'ft! The number of permutations of n things, taking all of these things at a 
time, by the fundamental principle, is n\ In a permutation, order is of significance. 


/cm f n \ = ._—- This equation' determines the number of per- 

( } Ui, fc„ •••,*./ kM •••*.! . , , 

mutations of n objects taken all at a time under the condition that, of the set of n objects, k i 
elements are alike, elements are alike, • ■ • , and k s elements are alike. Note that ki + 

/c 2 “T - ‘ 1 ' T ~ k s = n. 
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(5.22) nP T = - -' TV 

(n — r)! 

defined by this equation. 


The number of permutations of n objects taken r at a time, r < n, is 


(5.23) 


C) 


_ — - This formula represents the number of combinations of n things 

rl(n — r )! 

taken r at a time, r < n. tn a combination, order is of no significance. It is interesting to note that 
( n ) combinations are equal to the number of permutations of a set of n things taken all at a 

V' (n\ 

time when r of its elements are alike and (n - r) of its elements are alike. Furthermore, I 1 

combinations are equally likely and they represent the number of outcomes selected at random 
without replacement. 


/ n\ nl ( n \ 

(5 ‘ 24) 


combination procedure. Note that 


This expresses the property of symmetry of the 


= 1 just as 0! = 1 by definition. 


Problems 


5.1 Define the following terms in your own 
words: (a) random experiment, (b) sample 
space, (c) sample points, (d) permutation, 
(e) combination. 

5.2 Differentiate the following pairs of con¬ 
cepts: 

a. elementary events and events 

b. independent events and dependent events 

c. mutually exclusive events and overlapping 
events 

d. a priori probability and empirical prob¬ 
ability 

e. sample space and reduced sample space 

5.3 What are the three schools of thought on 
the interpretation of "probability?” How does 
each school define probability? 

5.4 If probability is interpreted in three dif¬ 
ferent ways, why can the same probability 
theorems be applied to the calculations of 
probabilities in all cases? 

5.5 Although it is possible to predict mass 
behavior in terms of probability, probability 
offers us no aid in the prediction of a particu¬ 
lar individual outcome. Comment. 

5.6 Because of the clustering tendency of 
random sequences, we can increase our 
accuracy in prediction by taking this tendency 
into account. True? 


5.7 What is the maturity chance theory? 
What is wrong with it? 

5.8 "Odds” are a common expression of 
"probabilities.” Can you explain how these 
two concepts are related according to your 
understanding of them? 

5.9 Give a precise verbal interpretation of 
each of the following statements: 

a. The probability that a train will leave on 
time from Pennsylvania Station is 0.95. 

b. The probability that a student who enters 
college will graduate is 0.43. 

c. The odds are 2:1 in favor of Tom’s passing 
the test in statistics. 

d. The probability that the Russians will have 
a manned space ship on the moon during 
the next decade is 0.99. 

e. At the initial stage of a political campaign 
between Smith and Jones, the odds are 2:3 
against Smith. 

5.10 Three perfect coins are tossed. Show 
the sample space of this experiment by the 
set notation. 

5.11 Suppose you plan to make a survey of 
families having three children. You desire to 
record the sex of each child, in order of its 
birth. Show all the sample points of this 
experiment by a tree diagram. 
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5.12 A box contains a penny, a nickel, a 
dime, and a quarter. Two coins are drawn 
together from the box at random. Give the 
sample space via a tree diagram. 

5.13 Three radio tubes are selected at ran¬ 
dom, with replacement, from a lot of 25 such 
tubes for testing. The test shows that each 
tube selected is either defective or nondefec¬ 
tive. Represent the sample space of this 
experiment by a Venn diagram. 

5.14 The numbers 1, 2, 3, and 4 are written 
separately on four identical chips, and the 
chips are put into a box and thoroughly 
stirred. Two chips are then drawn from the 
box at random with replacement. Give the 
sample space of this experiment in the form 
of a table. 

5.15 Find the sample space of the preceding 
problem, assuming selections are made with¬ 
out replacement. 

5.16 Two dice are tossed. Determine the 
number of sample points in each of the follow¬ 
ing events defined on the sample space of 
this experiment: 

a. The sum is 7. 

b. The sum is 11. 

c. The sum is less than 5. 

d. The sum is equal to and less than 12. 

5.17 Explain whether or not the following 
events defined on the sample space of the 
two-dice experiment are mutually exclusive? 

a. Either a 7 or a 11 turns up. 

b. The number on one die is less than 3 and 
the number on the other is greater than 4. 

5.18 An experiment consists of tossing a 
coin and a die together. Give a verbal descrip¬ 
tion of the complement of each of the following 
events: 

a. The coin shows heads and the die shows 
even. 

b. The coin shows tails and the die turns up a 
number greater than 4. 

5.19 A random sample of 4 is drawn from a lot 
of auto tires with the following events defined 
on the sample space of this experiment: 

Ei. At least 1 is defective. 

E 2 : At least 3 are defective. 

E s : Exactly 1 is defective. 

E 4 . Exactly 2 are defective. 

E & \ At most 1 is defective. 

Eq\ There are more defectives than non¬ 
defectives in the sample. 

Give a verbal description of the intersection 
of each of the following pairs of events: 


a. Ei and E 2 

b. Ei and E s 

c. E 2 and E s 

d. Ei and E 4 

e. E 5 and E 6 

5.20 A card is drawn from a well-shuffled 
bridge deck. What is the probability that it is 
(a) an ace? (b) a king of diamonds? (c) a black 
card? 

5.21 In a lot of 100 manufactured items, 7 are 
defective. An item is drawn at random from 
the lot; what is the probability that it is 
defective? 

5.22 What is the probability that a sum of 7 
or 11 will occur if a pair of fair dice are tossed? 

5.23 Three contractors, A, B, and C, are 
bidding for the construction of a new school. 
Some expert in the construction industry 
believes that A has exactly half the chance 
that B has; B, in turn, is % as likely as C to 
win the contract. What is the probability for 
each to win the contract if the expert's esti¬ 
mates are accurate? 

5.24 A card is selected at random from a 
bridge deck. Find the probability or odds that 
the card selected is an honor card. 

5.25 One student is chosen from a school 
where there are 500 boys and 200 girls. What 
is the probability that the student selected 
is a boy? 

5.26 A person holds a ticket in a lottery that 
sells 150 tickets and that offers one first prize, 
two second prizes, and three third prizes. 
What is the probability that he will win (a) 
the first prize? (b) the second prize? (c) the 
third prize? (d) a prize? 

5.27 Two dice are thrown. What is the prob¬ 
ability of not getting a double? 

5.28 During a political race, the probability 
of A to win is % and that of B is What is 
the probability of either A or B to win if they 
are in the same race? 

5.29 A card is chosen at random from a 
bridge deck. What is the probability that (a) 
either an ace or a king will appear? (b) either 
an ace or a spade will appear? 

5.30 If a die is thrown, what is the probability 
that either an even number or a number 
divisible by three will occur? 

5.31 A clear and a red die are tossed. What 
is the probability that c < 3 or r < 2? 
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5.32 Experience shows that bolts produced 
by a certain process are too large 10 percent 
of the time and are too small 5 percent of the 
time. If a prospective buyer selects a bolt at 
random from a lot of 500 such bolts, what is 
the probability that it will be neither too long 
nor too short? 

5.33 There are 100 students at a certain uni¬ 
versity who study at least one of the two 
languages, Chinese and Russian. Further¬ 
more, it is known that 50 students enrolled 
for Chinese and 70 enrolled for Russian. What 
is the probability that a student selected at 
random studies Chinese or Russian? 

5.34 Suppose there are 120 students, with 
other conditions remaining as in the preceding 
problem, what is the probability that a student 
chosen at random studies both Chinese and 
Russian? 

5.35 Two coins are thrown. What is the prob¬ 
ability that this experiment will result in two 
tails? 

5.36 One bag contains four white and two 
black balls, and another contains three balls 
of each color. A ball is drawn at random from 
each bag; what is the probability that one is 
white and the other is black? 

5.37 Two coins and a die are tossed together. 
What is the probability that both coins fall 
heads and the die shows a number less 
than 3? 

5.38 What is the probability that a machine 
that produces 8 defective items in every 
1000 will produce 5 defective items in a row? 

5.39 A factory produces a mechanism which 
consists of three independently manufactured 
parts. It is known that 1 percent of part one, 

4 percent of part two, and 2 percent of part 
three produced are defective. What is the 
probability that a complete mechanism is 
not defective? 

5.40 An investor buys five stocks. The prob¬ 
abilities for prices of these stocks to increase 
are, respectively, 0.7, 0.8, 0.6, 0.5, and 0.3. 
What is the probability that the prices of all 
the five stocks will increase? 

5.41 A speculator buys “futures’' in wheat 
and sells “short” in soybeans simultaneously. 
The probabilities that both commodities will 
fall in prices are 0.2 and 0.9, respectively. 
What is the probability that he will gain in 
both markets? 


5.42 A clear die and a blue die are thrown, 
if it is found that c + b < 4, what is the 
probability that c = 1? 

5.43 Two dice are tossed. What is the prob¬ 
ability that one die shows odd, given that the 
other die shows 6? 

5.44 Referring to the two-dice experiment 
again, what is the probability of getting a sum 
of 7, if it is known that at least one die turned 
up 5? 

5.45 Given that 10 percent of a college's 
faculty are women and that 2 percent of all 
women faculty are blue-eyed, what is the 
probability that a faculty member selected 
at random is blue-eyed if we know that a 
women is selected? 

5.46 A retailer receives a lot of 25 radio tubes. 
Unknown to him, 5 of these tubes are defec¬ 
tive. He picks 2 tubes randomly in succession 
without replacement. What is the probability 
that (a) the first is good and the second is 
defective? (b) both are defective? 

5.47 A buyer will accept a shipment of 20 
steel rods if a sample of 3, picked at random 
without replacement, contains no defectives. 
What is the probability that he will accept it if 
it contains 4 defectives? 

5.48 Other things being equal, an individual's 
income increases with his age. If the prob¬ 
ability that an individual is over forty-five and 
earns more than $10,000 a year is 0.15, and if 
the probability that an individual makes more 
than this figure is 0.25, what is the probability 
that an individual is over forty-five if his 
income exceeds $20,000? 

5.49 A company is considering a site for a 
new plant. The probability that the site is 
satisfactory for raw material supply and 
finished product considerations Is 0.7. Given 
the probability that the site is acceptable from 
the product-market aspect is 0.9, what is the 
probability that the site is acceptable from 
the material supply point of view? 

5.50 Two slates of candidates are competing 
for the positions on the Board of Directors of 
a corporation. The probabilities that the first 
and the second slates will win are 0.6 and 0.4, 
respectively. Furthermore, if the first slate 
wins, the probability of introducing a new 
product is 0.8, and the corresponding prob¬ 
ability if the second slate wins is 0.3. What is 
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the probability that the new product will be 
introduced? 

5.51 Six bridge decks and four pinochle 
decks, all having identical designs and con¬ 
structions, are resting on a table. One deck 
is chosen at random and a card is then 
selected from it blindly. If the card drawn 
is a king of hearts, what is the probability that 
the card came from a bridge deck? From a 
pinochle deck? (Note that a pinochle deck 
contains 48 cards; two each of 9, 10, jack, 
queen, king, and ace in each of four suits, 
spades, hearts, diamonds, and clubs.) 

5.52 For the problem above, suppose there 
are 5 bridge and 5 pinochle decks and that 
other conditions of the experiment remain 
unchanged. If the card drawn turns out to be 
a 9 of spades, what is the probability that it 
came from a bridge deck? from a pinochle 
deck? 

5.53 A factory produces a certain type of 
outputs by three machines. The respective 
daily production figures are 

Machine l: 3000 units 
Machine II: 2500 units 
Machine III: 4500 units 

Past experience shows that 1 percent of the 
outputs produced by Machine I is defective. 
The corresponding fraction of defectives for 
the other two machines are, respectively, 
1.2 percent and 2 percent. An item is drawn 
at random from the day’s production run and 
is found to be defective. What is the prob¬ 
ability that it comes from the outputs of 
(a) Machine I? (b) Machine II? (c) Machine 111? 

5.54 “Mr. Smith's gardener is not depend¬ 
able; the probability that he will forget to 
water the rosebush is %. The rosebush is in 
questionable condition anyhow; if watered, 
the probability for its withering is if not 
watered, the probability for its withering is %. 
Upon returning Smith finds that the rosebush 
has withered. What is the probability that the 
gardener did not water the rosebush?" (Hans 
Reichenback, The Theory of Probability, Uni¬ 
versity of California Press, 1949.) 

5.55 Four urns contain colored balls as 
shown by the following table. An urn is 
selected at random and then a ball is drawn 
from it. The ball chosen turned out to be black. 

a. What is the probability that Urn III is 
selected before the ball is drawn? 

b. What is the probability, after the ball has 
been selected, that Urn III was used? 


Color 

Urn Red Blue Black White 

15 6 

II 2 2 

III 3 1 

IV 1 5 


5.56 An automobile insurance company has 
insured 35,000 class A drivers (good risks), 
50,000 class B drivers (median risks), and 
15,000 class C drivers (bad risks). The prob¬ 
ability that a class A, B, or C driver will have 
one or more accidents during any year is 0.01, 
0.04, or 0.15. The company sells Mrs. Jones 
an insurance policy and within a year she has 
an accident. What is the probability that she 
is (a) a class A driver? (b) a class B driver? 
(c) a class C driver? 

5.57 There are two balls in an urn; it is 
understood that there are three possibilities: 
both balls are white, or both balls are black, 
or one is white and one is black. A ball is 
drawn and turns out to be white. The ball is 
returned to the urn and a ball is drawn from 
it a second time. Again the ball turns out to 
be white. What is the probability that the urn 
contains two white balls? two black balls? 
one white and one black ball? 

5.58 How many automobile license plates can 
be made by using two letters followed by a 
four-digit number? 

5.59 Find the number of license plates for 
the previous problem if repetition of a letter 
is not allowed. 

5.60 How many different ways can a line be 
formed by 100 people? 

5.61 How many different hands of 5 cards 
each can be formed from the 52 cards in a 
bridge deck? 

5.62 How many different deals are there in a 
bridge game? 

5.63 The director of the examination division 
of the Federal Internal Revenue Service has 
been given a list of 120,000 tax returns for 
examination. Because of staff shortage, only 

of these returns can be reviewed during 
the next two months, J4 of the returns can 
be referred to further study, and the rest must 
be filed for future action. In how many differ¬ 
ent ways can these 120,000 tax returns be 
arranged? 


3 4 

2 2 

1 2 

1 3 
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5.64 How many distinct arrangements can 
be made from the letters of the word “Missis¬ 
sippi,” taken all together? 

5.65 If S is a set such that n(S) = h, what 
is the number of ordered subsets of elements 
of S each containing k elements? 

5.66 A consultation firm sends out teams 
of three men on a certain type of jobs. It has a 
total force of ten consultants. The first man 
selected is the foreman for the team and the 
second man assigned is the assistant foreman 
of the team. How many different teams as 
such can be formed? 

5.67 A survey of economists is conducted to 
determine the appropriate policies for eco¬ 
nomic growth. Each economist is asked to 
rank five policies from a list of ten policies 
suggested by the investigator. How many 
differently ranked ballots are possible from 
each economist? 

5.68 How many samples of 2 can be selected 
from a shipment of 10 electronic tubes? 

5.69 A manufacturer receives a lot of 1000 
metal parts, 10 percent of which are defec¬ 
tive. The following acceptance decision rule 
is established: (1) a random sample of 30 parts 
is to be selected; (2) if more than 3 parts in 
the sample are defective, the entire lot is 
rejected; (3) otherwise, the lot is accepted. 

a. How many different samples of 30 are 
possible under this decision rule? 

b. How many of the possible samples will 
lead to the rejection of the lot? 

5.70 A small boy plays with 12 marbles and 
3 boxes. If he puts the marbles into the three 
boxes at random, what is the probability that 
he puts 3 marbles in one box, 4 marbles in 
another, and 5 marbles in the last box? 

5.71 In a lot of 50 radio tubes, 5 are defec¬ 
tive. If a random sample of 5 is selected with¬ 
out replacement, what is the probability that 
the sample is composed of (a) 5 nondefec¬ 
tives? (b) 3 nondefectives and 2 defectives? 
(c) 4 defectives and 1 nondefective? 

5.72 Five cards are dealt from a well-shuffled 
bridge deck. Find the probability that 

a. four are kings 

b. four are kings and one is an ace 

c. one is an ace, one is a king, one is a queen, 
one is a jack, and one is a 10 

d. three are jacks and two are queens 


e. three are of one kind of suit and two are 
of another (same) kind of suit 

f. all five are clubs 

5.73 A box contains 10 red, 6 black, and 4 
white marbles. Three marbles are selected 
at random without replacement. What is the 
probability that 

a. all are red? 

b. one is of each color? 

c. three are black or three are white? 

d. two are white and one is black or two are 
black and one is white? 

5.74 A box containing ten parts is received 
from a supplier. In the past, 80 percent of all 
such boxes had no defectives, 12 percent had 
one defective part, and 8 percent had two 
defective parts. Three parts are selected at 
random from the box just received and one 
is found to be defective. 

a. Before the sample is taken, what is 
the probability of receiving a box with two 
defectives? 

b. Given the sample result, what is the prob¬ 
ability that the box originally contains two 
defective parts? 

5.75 A lot of 15 radio-tape recorders is re¬ 
ceived by a retailing shop. In the past, it is 
known that 70 percent of such lots contain no 
defectives, 15 percent contain 1 defective 
recorder, 10 percent contain 2 defective re¬ 
corders, and 5 percent contain 3 defective 
recorders. 4 recorders are picked out at 
random together for observation, and it is 
found that 2 are defective. 

a. Before the sample was selected, what was 
the probability of receiving a box containing 
3 defectives? 

b. With the sample evidence, what is the 
probability that the box just received contains 
3 defectives? 

5.76 For problem 5.69, what is the probability 
of accepting the shipment according to the 
decision rule stated before? 

5.77 Two investment opportunities are open 
to a prospective investor. If opportunity A 
turns out to be successful, a profit of $25,000 
will result, and the probability of A's success 
is estimated as 0.7; if A turns out to be a 
failure there will be a loss of $2500. if oppor¬ 
tunity B succeeds, a profit of $100,000 will 
materialize; but if it fails there will be a loss 
of $80,000, and the probability for B to fail is 
0.6. Which investment opportunity should the 
investor take if the decision criterion is to 
maximize profits? 




6 


PROBABILITY 

DISTRIBUTIONS 


6.1 

Random Variables 
and Their 

Probability Functions 


We have discussed a number of experi¬ 
ments, such as the flip of a coin, the toss of a die, the selection of an item from 
a day’s production run, the drawing of a ball from an urn or of a card from a 
bridge deck, and so forth. We call these types of experiments random experiments, 
since they may yield different outcomes in repeated performances even under 
the same conditions. We also have developed various probability theories to 
calculate probabilities of different kinds of events defined on some sample space. 
Quite often, in the application of probability theory, we are interested not only 
in the probability that a particular event will occur, but also in the distribution 
of probabilities over the whole range of possible outcomes of an experiment. 
In other words, we are interested in what are called random variables and their 
probability functions. 

The concept of a random variable is a simple one. Imagine that a simple 
number could be assigned to each and every elementary event in a sample space. 
Then various sample points could be paired with various values of a variable. 
We would then have what is called a random variable. For instance, if we assign 
a value of 0 to heads and a value of 1 to tails, then we have a random variable: 
the toss of a coin which produces a value of 0 or of 1. Again, in the toss of a die, 
the number of spots 1, 2, 3, 4, 5, or 6—that may turn up is a random variable! 
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TABLE 6.1 


Sample Points 

Number of 
Heads 

Probability 

TTTT 

0 

He 

TTTH 

1 

H 6 

TTHT 

1 

H 6 

THTT 

1 

H 6 

HTTT 

1 

He 

HHTT 

2 

He 

THHT 

2 

He 

H11TT 

2 

H 6 

I1TTH 

2 

He 

IITH'T 

2 

He 

THTH 

2 

H 6 

HHHT 

3 

He 

HHTH 

3 

He 

HTHH 

3 

H 6 

THHH 

3 

H 6 

HHHH 

4 

He 


In general, we denote random variables by capital letters, such as U, V, W, 
X, Y, and Z , and denote the individual values of random variables by the corre¬ 
sponding lower-case letters. For example, if we name as A" a random variable 
that has, say, five values, then these values can be symbolized as x X} x 2 , ‘ * * , x h . 

Next, we note, any value of a random variable is an event, since there is 
always some elementary event, or a set of elementary events, assigned that 
value. Also, since the value of a random variable is an event, it must have a 
probability. When tve have all the possible values that a random variable can 
assume and the probability of each of these values, we have what is called a 
probability function, or probability distribution, or simply the distribution of a 
random variable. 

Consider, for example, the toss of four perfect coins together, in which we 
are interested in the number of heads. This number may be 0, 1, 2, 3, or 4. But 
what is the distribution of the total probability of 1 over the range of these 
numbers? To answer this question, let us observe Table 6.1. The appropriate 
sample points for the sample space are given in the first column; the second 
column shows the number of heads corresponding to the sample points; and the 
third column contains the probabilities for the sample points. From the informa¬ 
tion in the last two columns, we can compute the probability for each possible 
number of heads resulting from this experiment. For instance, the probability 
of exactly 1 head is the sum of the probabilities for the sample points TTTH, 
TTHT, THTT, HTTT; the same holds true for other probabilities. Now, if 
we let X represent the number of heads, the values that X can assume and 
their associated probabilities must be as shown in Table 6.2. 

Table 6.2 contains the probability function, or probability distribution, of 
X because it is a set of ordered pairs, each of this form: number of heads, proba¬ 
bility of that number. 
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TABLE 6.2 PROBABILITY DISTRIBUTION FOR THE NUMBER 
OF HEADS FROM TOSSING 4 COINS 


VALUES OF X,Xi 

0 

1 

2 

3 

4 

PROBABILITYP(X = x) 

Me 

Me 

Me 

Me 

Me 


From our previous discussion we may formally state the following definitions: 

(1) A random variable is one whose value is a number determined by the 
outcome of a random experiment. 

(2) If X is a random variable which can assume values x h x s , ■ ■ ■ Xh 
with associated probabilities fix,), /(*„), • • • , f(x h ), then the set whose ele¬ 
ments are the ordered pairs (x„ fix,)), i = 1, 2, ■ • • , k, is called the proba- 
bihty function, or distribution, of X. 

From the above definition of probability distribution, we see that this concept 
enables us to find the probability that the outcome of an experiment is one to 
which a particular number, x„ has been assigned. For this reason we can state 
the probability function of a random variable in a more obvious and practical 
way; that is, if we use the notation/(a;) (read / at x) for the probability that the 
random variable X assumes the value x, then we write 

fix) = PiX = *) (U) 

as the probability function of X. For example, in the four-coin experiment 

/(0) = PiX = 0) = y 16 
/(I) = PiX = 1) = y 16 

and so on 

Equation (6.1) can also be extended to calculate probabilities in the form 
of inequalities and intervals. To illustrate and use data in Table 6.2 again we 
have, ’ 

P(X > 4) = 0 

P(X > 4) = f{ 6 

PiX < 2) = fix o) +fix,) +fix 2 ) = 

F(1 < X < 3) = P(l) + P( 2) + P( 3) = % 

and so on 

A probability function may be represented by a table, such as Table 6.2, or 
by an equation. To illustrate how a probability function can be expressed in 
terms of an equation, let us consider first the toss of a perfect coin. If we let 0 
stand for heads and 1 for tails, and if we let Y represent the variable number 
on each side of the coin, we can then express the toss of a coin as 

giy) = PiY = y) = 14 
V = 0, 1 

Next, consider the throw' of an ordinary die. Let Z represent the variable number 
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on each of the six faces of the die; we can then write 

h(z) = P(Z = z) = 

* = 1 , 2 , • ■ • , 6 

Finally, for a less obvious example, let us take up the experiment of the four 
coins discussed before. For this experiment, the values of f(x) = P(X = x) are 

1 (Ae), 4 (Ke), • • • , l(Ke) 

The numbers 1, 4 , 6, 4 , and 1 are called binomial coefficients and can be obtained 
fr ° m \x) for x = °> l ’ 2 ’ 3 > 4 - As a result, as we shall explain in detail in Chapter 
become? 116 ^ “ athematical statement for all values of this probability function 


f(x) = P(X = x) 




For example. 


* = 0, 1, 2, 3, 4 


P(X = 0) 


( 1 A)°( 1 A) 


As a result of the fact that we always focus our attention on the values of a 
random variable, m our notation of a random variable we make no reference to 
the 'independent variable”-the outcomes in a sample space-unless the out¬ 
comes are, by chance, the values of the random variable itself, such as the selection 
of an item from an urn of numbered chips or the toss of a die. Thus, the graphic 
representation of a random variable is often made without showing the underlying 
expenment, and the values of the random variable-the dependent variable-ire 
p t on the horizontal scale. The vertical axis shows probabilities. In effect the 

seTfm a ral ^ 0m .J ana “ e turns out t0 be the graph of its probability function- 
ee for example, lugure 6.1. For this reason, many authors incline to define a 
random variable by explicitly stating its probability function, for instance: A 


P(.x = X) 



Figure 6.1 Probability distribution of the number of heads i 
ment. 


in the four-coin experi- 
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random variable X is a numerical-valued function on the ou tcome of a random 
experiment, each of the number events having a probability fix) - - x). 

To conclude this section, let us summarize the steps m constructing a pio a- 

bility function: 

( 1 ) List all possible sample points with their corresponding probabilities for 

an e ^P e ^. ^ the yalue of the ran dom variable under consideration that corresponds 

to each sample point. . - th th • 

( 3 ) List all possible values of the random variable, x^x* ■ • ■ ,x n with tneir 

associated probabilities, f(xi), f(xf), ■ ■ • , /(*»)• 

( 4 ) P(X = xd = / 0 >) is the sum of probabilities of all sample points coi 

1 ' eS * D (5) d Thus° the set of ordered pairs {(*0, /(*.■)} is the probability function of a 
randcm variable; it is usually given by a table or by a general mathematical 
expression. 


GJJ_ 

Cumulative 

Distribution Functions 


Quite often, in connection with random 
variables, we need to ask questions such as this: What is the probability that a 
random variable assumes a value less than or equal to a particular prescribed 
number? Answers are given by the cumulative distribution function, C , 
defined as follows: If X is a random variable and x is a real number, then the 
cumulative distribution function, denoted as F(x), which shows the probabi i y 
that X assumes values less than or equal to x, is 


F(x) = P(X < x) = 2/(x) 


( 6 . 2 ) 


Thus in defining the CDF of a random variable, probabilities are assigned to 
all events which are half intervals, such as the event X < x, where> a: could e 
any real number. It is in this sense that CDF is a function of the boundary x. 
A distribution function is, of course, immediately defined from the correspon ing 

Pr °SSder f rrmdom variable, such as the toss of a coin, having values 0 and 1, 
each with a probability Y%. The CDF then is 


Fix') = P(X < x) = 0 , if x < 0 

Y, ii 0 < x < 1 
1, if x > 1 


The graph for the above CDF, as shown by Figure 6 . 2 , has jumps in an amount 

of 14 at each of the values of 0 and 1. . , 

Table 6 . 3 . shows the possible numbers of heads where four coins are to sed, 
together with their probabilities fix) and the cumulative probabilities Fix), as 



6.2 CUMULATIVE DISTRIBUTION FUNCTIONS 165 


Fix) 

i r 


1/2 


0 !-i--x 

i 

Figure 6.2 The cumulative distribution function of a single coin. 


TABLE 6.3 NUMBER OF HEADS, PROBABILITY, AND 
DISTRIBUTION FUNCTIONS FOR 4 COINS 


X 

/(*) 

Fix) 

0 

Me 

Me 

1 

Me 

Me 

2 

Me 

Mi 6 

3 

Me 

1 Me 

4 

Me 

1 Me 


given by (6.2)., The CDF has a value for every real number x, not just those 
listed in the table. For instance, 


F(1.5) = P{X < 1.5) = /(0) + /(1) = F( 1) = Hq 

In general if x is any number greater than or equal to a and less than b, then 
F(x) = F{a). This reveals that the cumulative probability between two numbers 
a and b, a < b, is the same as that of its lower bound in a discrete distribution. 
For example, if a die is tossed—and we let a = 2 and b = 4 there will be no 
point between a and b that has a positive probability. The graph of the CDF of 
four coins is shown by Figure 6.3. Again, we see that jumps occur at x = 0, 1, 2, 3, 
and 4. 


Fix ) 
16/16 - 


10/16 


1/16 |- 
0 


2 3 4 


Figure 6.3 The cumulative distribution function of the number of heads in tossing 
four coins. 
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The CDF, as a consequence of being a probability, must satisfy certain 
conditions. First, due to the fact that probability is a number between 0 and 1 
we must require that 0 < F(x) < 1. Second, since any interval is an event and 
an event cannot have negative probability, we must have F(b) > F(a), if a <b. 
This condition implies that F(x) is a nondecreasing function, as we move from 
left to right on the horizontal scale of the graph for a CDF. Finally, we must have 
F(co) = P(X < oo) = 1 and F(— «) = P(X < - «) = 0. 

In concluding this section, we must also note that 

P(X>x) = 1 - P(X < x) (6 . 3) 


6.3 

Expectation 


. t The two important characteristics of the 

distribution of a random variable, just as for sample frequency distributions are 
its central tendency and its variability. In this section we shall introduce the 
concept of expectation, which is a measure of central tendency of a random 
variable. 

Expectation is called by many other names, such as the mathematical expecta- 
tion, the expected value, or simply the mean, of a random variable. This concept is 
closely related to the familiar notion of the arithmetic mean. All these names will 
be used interchangeably throughout our discussion. 

The mathematical expectation of a random variable is the sum of the products 
that are obtained by multiplying all possible values of the random variable by 
their corresponding probabilities. Thus, let X be a random variable with proba¬ 
bility function as follows: 


VALUES OF X, x 

Xi 

x 2 • • • 

Xk 

PROBABILITY, f(x) 

fix l) 

fix 2 ) • • • 

fM 


The mathematical expectation of X, denoted by E(X) or by p x , is defined to be 
E(X) = fi x = Xif(Xi) + X 2 f(x 2 ) + * • * + X k f(Xk) = %Xif(Xi) ( 6 . 4 ) 

A perfect die is tossed; what is the expectation as to the number of dots on 
the top face? To answer this question, we may recall that this random variable 
has possible values of 1, 2, 3, 4, 5, and 6, each with a probability of Call this 
variable X, and by (6.4) we have 

E(X) = p x = + 2(}i) + 3 (Yq) + 4(%) + 5(>£) + 60df) = 3.5 

Four coins are tossed; what is the expectation of the number of heads? The 
answer for this problem is obtained with the aid of Table 6.4. We denote the 
random variable as Y. 
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TABLE 6.4 COMPUTATION OF EXPECTATION 
OF THE NUMBER OF HEADS WITH 
FOUR COINS 


yi 

Kyi) 


0 

He 

0 

1 

He 

He 

2 

He 

Hie 

3 

He 

Hie 

4 

/"l 6 

He 

Sum Hie 


E{Y) = iXy = Hie = 2 


Thus, if we toss four coins together each time, over and over again, on the average 
we shall obtain two heads per toss. 

The probability that a house of a certain type will be burned down by fire in 
any twelve-month period is 0.005. An insurance company offers to sell the owner 
of such a house a $20,000 one-year term fire insurance policy for a premium of 
$150. What is the company’s expected gain? 

The “gain,” G, for the company is a random variable with possible values of 
$150, if the house does not have a fire accident, and —$19,850, if the house is 
burned down during the year covered by the policy. The probability function of 
G is then 


VALUES OF G,g 

150 

-19,850 

PROBABILITY, f(g) 

0.995 

0.005 


With the above information, we see that 

E(G) = 1 x 0 = (150) (0.995) + (-19,850) (0.005) - $50 

The expected gain for an insurance must be positive in order to enable the 
company to pay for administrative costs and to build up reserves for paying its 
beneficiaries and policyholders. However, in all cases of games of chance where 
games are run for profits, the expected value is negative as shown by the next 
example. 

A lottery sells 10,000 tickets at $1 per ticket; a prize of $5000 will be given to 
the winner of the first draw. Suppose you have bought a ticket; how much should 
you expect to win?. 

Here, the random variable “win,” W, has two possible values: $4999 and — $1. 
Their respective probabilities are K 0,000 an d 999 %0,000* Thus 

( 1 \ / 9999 \ 

iW+'-nsw --* 0 - 50 

This amount, a minus 50 cents, is the amount you expect to win (lose) each time, 
if you play this game over and over again. 
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6.4 

Properties 
of Expectation 


If X is a random variable whose proba¬ 
bility distribution is known, often we find other random variables which are 
defined in terms of the same probability distribution as X. That is, each of the 
probability functions of the random variable X has an expectation which can be 
computed from X without discovering the probability function of the related 
variable first. A few useful laws that govern properties of expectation make this 
possible. We shall introduce them now via a simple random variable X with the 
following probability function: 


VALUE OF X, x 

-1 

0 

2 

PROBABILITY, f(x) 

0.3 

0.1 

0.6 


For X, we have 

M* = (— 1) (0.3) + (0)(0.1) + (2) (0.6) = 0.9 

First, if we add a constant, c, to a random variable X, then the expectation 
of the new random variable (X + c) has the same expectation as X plus the 
constant. That is E(X + c) = E(X) + c. For instance, if we add, say, 3, to our 
illustrative random variable X, we have 

3 = (-1 + 3) (0.3) + (0 + 3) (0.1) + (2 + 3) (0.6) = 3.9 = E(X) + 3 

This relation is just what we would expect, since if X is increased by c for all its 
values, it will be increased by c on the average. 

Next, analogous to the effect of adding a constant, multiplication by a constant 
gives E(cX) = cE (X). That is, if we multiply each value of X by a constant c, 
its average value will be increased by c times. Consider, for instance, the expecta¬ 
tion of the variable (3X) as our illustrative problem. Clearly 

M3* = (~3) (0.3) + (0)(0.1) + (6) (0.6) = 2.7 = 3 E(X) 

Finally, the first two properties indicate that by multiplying a constant and 
adding a constant to every number of X, we multiply the mean of X by a constant 
and add a constant to the result. For example, 

E( 3X + 3) = ( —3 + 3) (0.3) + (0 + 3) (0.1) -f- (6 + 3) (0.6) = 5.7 = 3 E(X) + 3 

To generalize the foregoing discussion, we introduce this intuitively obvious 
theorem: If X is a random variable, then for any numerical constant a and b, 

E(aX + b) = aE(X) + b (6 . 5) 

The preceding property can also be stated in another way. Let X be a random 
variable and let Z = aX b, then E(Z) = E(aX + b) = aE(X) + b. 
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From formula (6.5), we can appreciate that if X is a random variable with 
mean E(X) = then E(X - n) =0. That is, if we deduct from each value of 
X by the mean of X, then the mean of the random variable, (X - m), is zero. 

Also, a random variable which is capable of assuming only a single value, say, 
c , is called a constant random variable. The expectation for such a random variable 
is c. Why? 

To wit: If X is a random variable with probability distribution /Or), can we 
compute the expectation of a function of X by substituting in the formula for the 
function the possible values of X, multiplying the results by the probabilities of 
each and every value of X and adding the products? 


6.5 

Variance 


An expectation is a parameter which 
describes the central tendency of a random variable, or it tells us where the center 
of mass of the probability distribution of a random variable is located. However, 
two distributions with the same expectation and, therefore, same probabilities 
centered at the same point, may still be quite different. For instance, if X takes on 
values of -1, 0, and 1, with probabilities }i, %, respectively, then E(X) = 0. 
Another variable, Y, takes on values, say, -10, 0, and 10, with probabilities 
J4 /i then E ( Y ) = °- But X and Y are obviously different, since F’s values 
have a much greater spread or variability from one trial of an experiment to 
another trial (see Figure 6.4). Thus, in addition to expectation, which furnishes us 
a quick picture of the long-run average when an experiment is performed over 
and over again, we must also know the extent to which outcomes of an experiment 
are dispersed, away from the concentration of probabilities in the long run, in 
order to have a complete description of a probability distribution. The reader is 
now aware that there are many measures of variability, but ve shall introduce 
only the two most important and commonly used devices—the variance and its 
related measure, the standard deviation. 

fix), f(y) 


MlMlIllBIliilHIgMlBlMlMlMBllilllBIllBIlllllllllllllllSlliilplBlMilllllillllljlillllllllllllllBlIllMl 


-10 . -1 . 0 1 10 

Figure 6.4 Probability distributions of X and Y with identical expectation but 
different variances. 
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If X is a random variable with expectation E(X) = M , the variance of X, 
denoted by V (X) or a x 2 , is defined as follows: 

F(X) = E[(X - »)*] = Sfe - v,) 2 f( Xi ) (6 . 6) 

Thus, variance of X is the mean squared deviation of X from its mean. Note, 
variance is a weighted mean of all the squared deviations, each weighted by its 
probability. 

Formula (6.6) is the definitional equation of variance. For actual computation 
it is more convenient to use its equivalent 

F(X) = E(X 2 ) - [E(X)] 2 = E(X 2 ) - y (6 . 7) 

which dispenses with the difference X — p. 

Consider again, for example, the toss of an ordinary die. The expectation of 
variate number spots on the die, X, calculated before, is 3.5, or Now, we wish 
to determine the variance of X. First, we find 

E{X 2 ) = l\H) + + 3 2 (M) + 4 \y 6 ) + 5 2 (J4) + 6 *(y 6 ) = 9% 

Next, by (6.7), we have 

F(X) = E(X 2 ) - = _ (%)2 = 

For random variables X and Y as represented by Figure 6.4, we have E(X) — 
E(Y) = 0, and, by (6.6), 

F(X) = -P(M) + 0 2 (%) + 1 2 (K) -0 2 = 0.4, and 

v(Y) = -io 2 (y 5 ) + o 2 (y 5 ) + 10 2 (y) -o 2 = 40 

Note that V(Y) is many times greater than F(X). As a result, we say that a 
mean of zero is much more representative of X than it is of Y. Alternatively, we 
say that the total probability of X is concentrated within a narrow range, from 
— 1 to 1, while the total probability of Y is distributed over a wide range, from 
-10 to 10. 


0.6 

Properties 
of Variance 


The computation of variance is quite 
time-consuming if the values of the random variable are at all large. To save time 
and effort, we rely upon a procedure called the linear transformation. It involves 
shifting the origin of the domain of the values of a variable—changing the scale, 
so to speak. We note, first of all, that if a random variable is always equal to a 
constant, c, then its expectation will be c. Furthermore, such a variable will never 
differ from its expectation and, therefore, the variation about this expectation 
will be zero. Second, if we add a constant to a random variable X, then E(X) will 
be increased by the same constant. However, the difference X - E{X) remains 
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unchanged, and therefore V(X) is unaffected by adding the constant to X. Third, 
if we multiply each value of a random variable by a positive number, say, a, then 
we also multiply its expectation by a, so that the quantity X — E(X) will be a 
times as large as before. The square (X - X(X)) 2 will evidently be a 2 times as 
large as before; that is, if X is multiplied by a, or Z = aX, then (Z — E(Z)) 2 = 
(aX - aE(X)) 2 = ( a(X - E(X)) 2 = a 2 (X - E(X)) 2 . Consequently, if a random 
variable is multiplied by a constant, a, the variance of the variable is multiplied 
by a 2 . In particular, if a random variable is multiplied by c = — 1, we have 
F(-X) = F(X). 

The preceding properties of variance can be summarized by the linear trans¬ 
formation theorem , which states: If X is a random variable with variance a x 2 , and 
if a and b are numbers, then 

V(aX + b) = <r 2 ax+& - a V (6-8) 

Let the probability distribution of X be 


X 

5050 

5100 

5150 

P(X = *) 

0.1 

0.4 

0.5 


Determine 7(X). To simplify the solution, we introduce a new random variable, 
Y, defined as 

X - 5100 
50 

whose probability function is, clearly, 


y 

-1 

0 

1 

P(Y = y) 

0.1 

0.4 

0.5 


For Y, we have 

E(Y) = (-1)(0.1) + (0)(0.4) + (1)(0.5) = 0.4 
E(Y 2 ) = ( —l 2 ) (0.1) + (0 2 )(0.4) + (l 2 ) (0.5) = 0.6 

and, therefore, the variance of Y is 

a y 2 = E(Y 2 ) - Liy 2 = 0.6 - (0.4) 2 = 0.44 

Now, we may find a x 2 on the basis of <r y 2 by recalling that, from the definition 
of F, we must have 

X = 50F+ 5100 

Therefore, by (6.8), 

< j 2 = cr 2 ( 5or+5ioo) = ct 2 5of = (50) V y 2 = 2500^ 2 = 2500(0.44) ' = 1100 

The reader should go through the above example by recalling various proper¬ 
ties of variance at every step. 
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For applied statistics, it is more convenient to have a measure of variability 
in the original units instead of the square of the original units. This leads to the 
introduction of the standard deviation, which is the positive square root of the 
variance. To state formally, we say that if X is a random variable with V(X) = 
<j x 2 , then the standard deviation of X, denoted as a x , is 

cr x = VV(X) = Vo-* 2 ( 6 . 9 ) 

In corresponding properties of the variance, we see that the following relations 

holds for the standard deviation: 

(Tex = \c\a x (6.io) 

a x+c = cr x ( 6- l X ) 

Can you give a verbal interpretation to each of these two equations? 


6.7 


Standard 

Random Variables 


As we shall see in future chapters, it is 
much more compact and convenient to deal with standard random variables. A 
standai d random variable is one with zero expectation and with unity variance. 
Any random variable can be standardized by deducting from it its expectation and 
dividing the result by its standard deviation. That is, if we let X be a random 
variable with mean p. x and standard deviation a z , then its standardized form, 
denoted as Z, is 


The expectation of a standardized variable is always 0, since 


E{Z) = E 



E(X) - E(X) 

<?x 


(6.13) 


where E(X) and <j x are constants over all the possible values that X can assume. 
The variance of a standardized variable is always unity, since 

V(Z) = E(Z 2 ) - ( E{Z)y = E (— ~ E(X) Y = — ( -■ ~ = ^ = 1 (6 . 14) 

wdiich indicates, of course, <j z is also unity. 

Clearly, from our previous discussions on functions of random variables, the 
Z transformation does not in any way change the pattern of the original proba¬ 
bility function. The probability of any Z value is simply the probability of the 
corresponding value of the original random variable. We also note that each X 
value corresponds to one, and only one, Z value. The Z transformation has the 
effects of changing the scale of the original variable and of reducing the 
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individual deviations of the original variable from the mean to standard devia¬ 
tion units. 


6.8 

The 

Chebyshev Inequality 


Up to now, we have discussed the expec¬ 
tation, the variance, and the standard deviation for probability distributions. We 
have also pointed out that an expectation measures the concentration of prob¬ 
ability values and that a standard deviation measures the dispersion of prob¬ 
ability values. Thus, the standard deviation can be employed to furnish infor¬ 
mation about the way probability accumulates in intervals centered around the 
mean as their distances widen. Intuitively, we see that a small standard deviation 
indicates that large deviations from the expectation are improbable. But can we 
be more precise about the relationship between the measure of central tendency 
and the measure of variation? Can we, for example, answer such questions as 
these: (1) What is the percentage of total probability that lies in a specified 
interval centered at the mean? (2) How wide an interval about the mean is 
required so that, say, 95 percent of the total probability is included in the 
interval? 

There exists a remarkable theorem called the Chebyshev (sometimes spelled 
Tchebysheff or Tchebichev) inequality which enables us to answer just such 
questions about probability distributions as those raised above. This inequality 
theorem states that if X is a random variable with mean ju and finite standard 
deviation a, then 


P(\X - M | > ha) < i (6.15) 

This shows that the probability that X assumes a value outside the closed interval 
from ix — ha to u + ha is never more than 1/h 2 . For instance, the probability 
for any value of a random variable to deviate from its mean by two standard 
deviations, 2a, is at most The probability for any value of a random variable 
to differ from its mean by 3 a must be less than And so on. 

An alternative way to express the Chebyshev inequality is 

P(\X - M | < ha) >1-2 (6.16) 

which says that at least the fraction 1 — (1 /h 2 ) of the total probability of a 
random variable lies within h standard deviations from the mean. We note 
that (6.15) and (6.16) are equivalent statements. If the probability assigned to 
values of X outside the interval u ± ha is at most 1/A 2 , then the probability 
assigned to values of X within^a distance of ha of the mean must be at least 
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1 — (1 /h 2 ). The utility of Chebyshev inequality is that it holds for any proba¬ 
bility distribution. 

Let us demonstrate the validity of the Chebyshev inequality by way of an 
example. Consider a random variable X with the following probability function: 


X 

1 2 3 4 5 

P{X = x) 

0.1 0.1 0.2 0.3 0.3 


What is the probability that is associated with values of X at (a) 2 a and (b) 
3a from its expectation? 

For X here, we have 

M = 3.6 and <r = vT(54 = 1.28062 

For these values, we find that 

(a) P(|X - M | < 2tr) = P(( M - 2a) < X < ( M + 2<x)) 

= P(l.03876 < X < 6.16124) 

= P(2) + P( 3) + P(4) + P( 5) 

= 0.9 

which is much greater than 1 — J4 = K- 

(b) P(\X - (i\ < 3a) = P( —0.24186 < X < 7.44186) 

= P(l) + P(2f) + P( 3) + P(4) + P( 5) 

= 1 

which is also greater than % as the Chebyshev inequality dictates. 

The graph of the probability function of X together with its expectation, 
identified by a star *, and intervals extending to 2 a and 3 a to the left and right 
of the expectation, is shown by Figure 6.5. 


fix) 



Figure 6.5 Graphic illustration of the application of the Chebyshev inequality. 
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6.9 

Joint Probability 
Distributions 


More than one random variable may be 
generated from the same experiment. For instance, if we wish to study the 
relationship between the diameters and the tensile strength of steel wires, 
we may let the measures of diameter and tensile strength be two random variables 
whose values are determined by outcomes of the experiment of measuring 
those properties of a steel wire selected at random from the population, say, of 
a day’s production run. Or, family income, liquid assets, and consumption 
expenditure can be considered three random variables whose values are the 
results of observations made of a family chosen at random from households, say, 
m a given city. Needless to say, four or more random variables may be associated 
with outcomes of an experiment in some situations. 

In the discussion that follows, we shall introduce the notion of the joint 
probability function of two random variables but shall extend our comments 
on the expectation and variance of a joint probability function to more than two 
variables. 

. To study the relationship between two variables, we are naturally interested 
m knowing the probability that one variable takes on as a particular value, 
given the value of the other variable; namely, the joint probability distribution 
of the two variables under consideration. We are also, just as in the case of a 
single variable, interested in characteristics of the joint probability distribution- 
its expectation and variance. We shall now develop these concepts of joint prob¬ 
ability distribution via an example. 

Four coins are tossed. If we let X be the number of heads and Y be the num¬ 
ber of runs, then we have a sample space as presented in Table 6.5. Since all 
sample points m this sample space are equally likely, each has a probability of 

/i 6- From this, we see that the probability distributions of X and Y, respec¬ 
tively, are 


PROBABILITY DISTRIBUTION OF X 


X 

0 

1 

2 

3 

4 

P(X = x) 

He 

He 

He 

He 

He 


PROBABILITY DISTRIBUTION OF T 


y 

1 

2 

3 

4 

P(Y = y) 

He 

He 

He 

He 


T ° find the joint probability distribution of X and V, we ask the question: 
What is the probability that X and Y jointly take on the values, say, (0, 1)? 
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TABLE 6.5 SAMPLE POINTS, NUMBER OF 
HEADS, AND NUMBER OF RUNS OF 
FOUR COINS 


Sample Point 

Number of 
Heads 

X 

Number of 
Runs 

Y 

HHHH 

4 

1 

HHHT 

3 

2 

HHTH 

3 

3 

HTHH 

3 

3 

THHH 

3 

2 

HHTT 

2 

2 

HTHT 

2 

4 

HTTH 

2 

3 

THTH 

2 

4 

TTHH 

2 

2 

THHT 

2 

3 

HTTT 

1 

2 

THTT 

1 

3 

TTHT 

1 

3 

TTTH 

1 

2 

TTTT 

0 

1 


Similar questions can be raised for all other possible ordered pairs of values 

of . . A1 . . , ! 

Answers to such questions can be deduced from listings m the original sample 

space and the sample points that correspond to the joint values of X and 7. 
For instance, from Table 6.5, we see that when X = 0, 7 = 1, and these are 
the only possible pair of values among the total of 16 pairs. Thus, we conclude 
P(X = 0, Y = 1) = K6- The probability when X = 0 and Y = any value 
other than 1 is zero. Similarly, for X = 1, Y = 2 twice and Y = 3 twice. Thus, 
P(X =1, 7 = 2)= % 6 and P(X = 1, 7 = 3)= %6- Als0 > lf x ~ 1 and 
7 = any value other than 2 or 3, the probability is zero. When probabilities 
of all possible joint events, P(X = x iy 7 = yi), are determined (i, j = 1, 2, 3, 4 
in our example), then we have a joint probability distribution of X and 7, and 
these results may be presented in a two-way table as in Table 6.6. 

TABLE 6 6 JOINT PROBABILITY DISTRIBUTION OF NUMBER OF HEADS AND NUMBER OF RUNS 

FOR FOUR COINS 


Y: Number 
of Runs 


Column Total 


X: Number of Heads 



0 

1 

2 

3 

4 

Row Total 

1 

Yl 6 

0 

0 

0 

Me 

Me 

2 

0 

Me 

Me 

Me 

0 

Me 

3 

0 

Me 

Me 

Me 

0 

Me 

4 

0 

0 

Me 

0 

0 

Me 

al 

He 

Me 

Me 

Me 

Me 

x Me 
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P(X = X, , Y — yj ) 



Figure 6.6 Joint distribution of number of heads and number of runs for four coins. 


Observe that the column total is f(x) and the row total is f(y) in Table 6.6. 
Individual probability distributions of X and Y are sometimes called marginal 
distributions because they are found at the margins of a joint probability table. 

The graph of a joint probability function of two variables is constructed in 
a three-dimensional space. Data in Table 6.6 are shown by Figure 6.6. 

To generalize the concept of joint probability functions, we state: Let X be a 
random variable with possible values x X} i = 1 , 2, • • • , n, and Y be a random 
variable with possible values y 3} j = 1, 2, 3, * • • , n, then the probability that 
X takes on the value of Xi and Y takes on the value of y 3 for each ordered pair 
(Xi,yf), is the value of the joint probability function of X and Y at ( x i} yf ), or, 

P{x it y 3 ) = P(X = xt and Y = y 3 ) ( 6 . 17 ) 

Note that the relationship between two variables may be either dependent or 
independent. Dependence implies the existence of real relation between two 
variables and therefore it is possible to predict the value of one when a particular 
value of the other is known. Independence implies the lack of relationship between 
two variables. This distinction can be made easily from the joint probability 
function of the two variables. 

Two random variables are said to be statistically independent if each ordered 
pair of values, (; Xi,y 3 ), as defined in (6.17) satisfies the product rule for independent 
events. Thus, if X and Y are independent random variables, then 

P(X = x i and Y = yf) = P(X = x x )P(Y = y x ) = P{x % )P\y 3 ) (6.18) 
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which, in effect, says that for each ordered pair the joint probability is equivalent 
to the product of the respective marginal probabilities. 

In our illustrative example for joint probability distribution, X and Y are 
clearly dependent, not independent, since a number of combinations of the values 
of X and Y have zero probabilities. Consider, for example, the ordered pair 
(X = 1 , Y = 1). For this point, we find, from Table 6.6. 

P(X = 1 and Y = 1) = 0 

but from the marginal probability distributions, we have 

P(X = 1) = 

P(Y = 1) = % 6 

and, therefore, 

P(X = 1 )P(Y = 1) = (KeXKe) = Hz 

It is interesting to note that if two random variables are dependent, their 
joint distribution can be derived only when there is sufficient information about 
the sample space so that joint probabilities can be determined directly, or by 
analytical deduction. Without such information, however, we must rely on empiri¬ 
cal estimates based on relative frequencies of joint events. See, for example, 
Problem 6.46. If two random variables are independent, on the other hand, then 
their joint distribution can be directly synthesized from their marginal distribu¬ 
tions. See, for example, Problem 6.43. 


6 . 1 © 

Characteristics 
of Joint Probability 
Distribution 


Just as in the case of a single probability 
distribution, the behavior of a joint probability distribution is summarized by its 
expected value and variance. Calculations of the values for a joint probability 
distribution depend upon the functional relationship between the variables 
involved. For example, two random variables may be related to each other in 
various forms of functions, such as, g{X, Y) =X+Y, g(X, Y) = X - Y, 
g(X, Y ) = XY, g(X,Y) — X/Y, g(X,Y) = X,g(X,Y) = Y, and so forth. Among 
the possible functions mentioned, we are particularly interested in the additive 
model, X + Y, and the product 'model, XY. (Of course, the difference model , 
X — Y, has the same logical foundation as the additive model.) We shall, in 
the next few pages, discuss the expectation of these two models and the variance 
of the additive model. 

If X and Y are two random variables with expectations E(X) and E(Y), then 
the expectation of a sum (difference) of X and Y is the sum (difference) of their 
respective expectations. Symbolically, 

E(X + Y) = E(X) + E(Y) 


(6.19) 
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and 

E(X - 7) = E(X) - E(Y) ( 6 . 20 ) 

which is called additive ( difference) laip of expectation. 

When we think of E(X) as, say, the long-run average “payoff” from playing a 
game of X, and E(Y) as the long-fun average “payoff” from playing another 
game, 7, it seems intuitively plausible that E(X + 7) may be thought of as the 
total average “payoff” from playing both games in the long run. Clearly, the 
total expected long-run “payoff” from playing both games will equal the average 
“payoffs” from the two sources separately, be it a sum or a difference. Note that 
the additive law of expectation holds for both dependent and independent 
variables. 

Considering, for example, the four-coins, experiment, we can show that the 
expected number of heads is ’{jW ! r C'- ■« 

E(X) = 2 

and the expected number of runs is 

E(Y) = 2.5 


Now, from Table 6.6, we see that 

E(X + 7) = (0 + l)(He) + (1 + 2)(Ke) + (1 + 3)(Me) 

+ (2 + 2)(% 6 ) + (2 + 3) (M 6 ) + (3 + 2)(Me) 

+ (3 + 3) (Me) + (4 + l)(Me) + (2 + 4) (Me) = 7 M6 = 4.5 

which is equal to E(X) + E{Y) 1 as the additive law of expectation dictates. 

The reader may try to verify that E(X — Y) = —0.5 for the same example. 
The additive law of expectation can be extended to any number of random 
variables. Precisely, if X h X 2 , • • * , X n are any n random variables, which 
possess expectations, then, 

E(X! + X 2 + • • * + X n ) = E(Xx) + E(X 2 ) + * * • + E(Xn) 

= XE(Xi) (6.21) 

By analogy of the additive law of expectation, one may expect to have an 
additive law of variance. Unfortunately, such a law of variance can hold only if 
the random variables are statistically independent. To derive a general expression 
for V(X + 7), let us use the notations V = X — E(X) and W = Y — E(Y), so 
that V(X) = E(V 2 ) and 7(7) = E(W 2 ). Then, the variance of X + 7 must be 

V{X + 7) = = E[(V + W) 2 ] = E(V 2 + 2717 + W 2 ) 

= E(V 2 ) + E(W 2 ) + 2 E(VW) = c x 2 + dy 2 + 2 E(X - p x )(Y - fi v ) 

where E(X — ju*)(7 — n v ) is called the covariance of X and 7 and is generally 
denoted as cov (X,7). Thus we may write 

<r 2 x+y = + O'y 2 + 2 cov (X,Y) 


( 6 . 22 ) 
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It may be pointed out that cov (X, F) is a measure of the tendency of X and 
F to vary together. It reveals the degree and type of dependence between X and 
F. Thus, we can appreciate the fact that if there is no relationship (dependence) 
between the two variables, that is, if they are statistically independent, the 
covariance of X and F must be zero, even though the covariance of X and F 
could be zero when they are dependent variables. Then, if X and F are inde¬ 
pendent random variables, (6.22) would be reduced to 

C 2 x+y = <Tx 2 + CTy 2 (6.23) 

Similarly, 

V 2 x-y = <?a t 2 + <y y % (6.24) 

Thus, we see that only independent random variables have an additive property 
in variance. 

Just as the additive law of expectation can be extended, so can the additive 

property of variance, to any finite number of random variables. If X l5 X 2 • • • , X„ 

are statistically independent random variables, then 

7(Xx + X 2 + • ■ • + X„) = V (SX») = 2V(Xi) (6.25) 

While the expectation of a sum is the sum of expectations, the expectation of a 
product is not always the product of expectations. Consider, for example, the 
joint probability distribution of X and F below: 


X 




-1 

2 

Row 

Total 

Y 

0 

0.5 

0 

0.5 


1 

0 

0.5 

0.5 

Column Total 

0.5 

0.5 

1.0 


For this distribution, we see that 

E(X) = (— 1) (0.5) + (2) (0.5) = 0.5 

E(Y) = (0) (0.5) + (1) (0.5) = 0.5 

E(XY) - (-1 X 0)(0.5) + (-1 X 1)(0) + (2 X 0)(0) + (2 X 1)(0.5) = 1 
Thus, 

E(XY) = 1 ^ E(X)E(Y) = 0.25 

It happens that X and F in our present illustration are not independent 
variables. It must be noted that dependence does not necessarily preclude the 
equality between E(XY) and the product E(X)E(Y). However, if X and F are 
independent random variables with E(X) and E(Y ), then it is always true that 

E(XY) = E(X)E(Y) (6.26) 
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Consider, for example, the joint probability distribution that follows: 




1 

2 

3 

Total 

Values | 

0 

0.04 

0.20 

0.16 

0.4 

°f Y 

1 

0.06 

0.30 

0.24 

0.6 

Column Total 

0.10 

0.50 

0.40 

1.0 


Here, X and Y are clearly statistically independent since each cell in the above 
table is the product of the corresponding row and column totals. As independent 
variables, they must satisfy (6.26), as calculations below indicate: 

E(X) = (1)(0.1) + (2) (0.5) + (3) (0.4) = 2.3 
E(Y) = 0(0.4) + 1(0.6) = 0.6 

E(XY) = (1 X 0)(0.04) + (1 X 1)(0.06) + (2 X 0)(0.2) + (2 X 1)(0.3) 

+ (3 X 0)(0.16) + (3 X 1)(0.24) = 1.38 

and 

E(XY) = 1.38 = E(X)(E(Y) = (2.3) (0.6) 

We note that in this example X and Y are independent, and as a result 
predication of the value of one variable with the value of another cannot be made. 
For instance, if X = 1, we find Y = 0 or 1. Or, if Y = 0, then X = 1, 2, or 3. 
However, if we had two dependent variables we would improve the precision 
of predicting Y from X or X from Y. Thus, in our last example, if X = —1, we 
would find that F = 0; also, if F = 1, then X = 2. These, incidentally, are the 
only possible values for the last joint probability distribution. In a later chapter 
we shall employ this predictive property to our advantage for association analysis. 

In concluding this section, we should point out that the additive model of 
joint probability distribution is most important for our later discussion. Nearly all 
special probability models to be introduced in this text possess an additivity 
property. Recall that if X h X 2 , • • • , X n are any random variables, their sum 
is a random variable and the expectation of the sum is the sum of their separate 
expectations. Furthermore, if these random variables are independent, the 
variance of the sum is also the sum of their separate variances. 


6.11 

Continuous 
Random Variables 


Up to this point, we have limited our 
discussion to discrete random variables. A discrete random variable can take on only 
a finite number of values. Also, its distribution function, F(x ), as has already been 
pointed out, is one which increases only in finite jumps and which is constant 
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between jumps. As such, we say that F(x) for a discrete random variable is a 
step function. 

Often we encounter random variables, such as time or length, which can 
assume as values any real numbers in an interval or a union of such intervals. 
Variables of this kind are called continuous random variables. 

The probability that a continuous random variable assumes any single par¬ 
ticular value is zero, since there are infinite numbers of real numbers within the 
intervals over which X is defined. Consequently, a continous random variable 
cannot be described by the probability function for discrete random variables. 
Instead, events in continuous cases are defined in terms of subintervals, and a 
random variable is characterized by what is called probability density function, or 
simply density function. 

If X is a continuous random variable which can assume values between — oo 
and + oo, then its density function, which shows the probability that X will fall 
in the interval (a,b), a < b, is 

0^= P( a < X < b) = f* f(x)dx (6.27) 

/ b 

( f(x)dx, called a definite integral , means the area under the curve of f(x) 
between the two points, a and b. 

The cumulative distribution function, CDF, F(x), of a continuous random 
variable, similar to the discrete case, shows the probability that the random 
variable assumes values of less than or equal to a particular value. Thus, if X is 
a random variable as defined above, we have as the CDF of X, 


F(X) = P(X < X) (6.28) 

Note from the preceding two definitions that th ef(x) and F(x) of a continuous 
distribution is given by 

P(a < X < b) — F(b) - F(a) (6 . 29 ) 

which may be interpreted in this fashion: P(a < X < b) is given by the area 
under the curve of the density function enclosed by the ordinates elected at 
X = a and X = b as shown by Figure 6.7. 


f(x) 



Figure 6.7 Probability interpreted as area (a), and the distribution function as area 
(b), for a continuous distribution. 
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F(x) 



(a) (b) 


Figure 6.8 Area probability graphs, in terms of (a) density and (b) cumulative 
functions, for the subway example. 

Also note that the total area under the density curve, as total probability of the 
distribution, must be 1. That is F(+ 00 ) = P( — 00 < A <+<») = 1. 

Consider, as the first illustration of continuous random variables, this example: 
Buses in a certain city run every half hour between 10 p.m. and 6 a.m. What is 
the probability that a man arriving at a bus stop at a random time will have to 
wait for 20 minutes or less? 

Here, the random variable time, T, is a number between 0 and 30 (in minutes). 
It seems plausible for us to assign to each subinterval of one minute a probability 
proportional to the length of the interval, T, from 0 to 30. By this rule, each unit 
interval of one minute would be assigned a weight of 1/30, since the entire interval 
has a total probability of 1. With these considerations, we have then 

, 20-0 2 

P(0 < X < 20) . ^ - 3 

or P(X < 20) = F( 20) - F( 0) - *%<, - 0 - H 

The solutions of this problem are illustrated by the graphs of density and cumula¬ 
tive functions of T in Figure 6.8. Observe that the graph of the distribution 
function of a continuous random variable is also continuous. It has no jumps and 
hence there are no jumps of probability at any value of the random variable. 

A discrete probability distribution is like the distribution of discrete mass, 
which is a collection of point masses at a finite number of points along the hori¬ 
zontal axis. Similarly, a continuous probability distribution is analogous to the 
distribution of a continuous mass, which has no mass at any point but has mass 
in subintervals. 

In many situations, it is much more convenient to calculate continuous proba¬ 
bilities from the cumulative distribution function of a random variable than from 
its density. For example, let A be a random variable with the following CDF: 

f 0, if x < 0 

F(x) = \x\ if 0 < £ < 1 
\ 1, if x > 1 
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From this, we can compute probability of any event which is a subinterval of 
(0,1). For instance, 

P(X < 0.6) = P(0 < X < 0.6) = (0.6) 2 - (0) 2 = 0.36 

p (0-1 < X < 0.6) = F(0.6) - F(0.1) = F( 0.6) - F(0.1) = 0.36 - 0.01 = 0 35 

P(X > 0.5) = 1 - F(X < 0.5) = 1 - 0.25 = 0.75 

P(-1.5 < X < 2.7) = F( 2.7) - F( —1.5) = 1-0 = 1 

P(X < 0.5 or X > 0.8) = P(X < 0.5) + P(X > 0.8) = 0.25 + 0.36 = 0.61 

The expected values and variance of a continuous random variable may be 
considered as limits of the corresponding expressions for a discrete random variable 
as the latter approach continuity. Similar to the discrete case, we can think of 
the continuous probability distribution as a continuous mass distribution. As 
such, the mean can be interpreted as the center of gravity and variance as the 
radius of gyration. 

In our future discussion of special probability distributions, discrete or con¬ 
tinuous, the reader will find that expectations and variances are given without 
advanced mathematical notations. Furthermore, he will find that probabilities 
for each of these special distributions have already been tabulated in detail. Thus, 
as we continue our exploration of the exciting world of probability, the scope of 
our discussions will be widened but its depth will not be intensified. The reader, 
m other words, will not encounter more difficult computations than what he has 
alread^y experienced. 


6.12 

The Nature 
of Probability 
Distributions 


We have in this and the preceding chap- 
ters introduced the basic elements of probability theory. Probability theory, as 
we pointed out earlier, is an indispensable tool for decision making whenever 
uncertainty is encountered. A theory, or a model, developed by a scientific 
investigation, is mainly an explanation of the behavior of a certain phenomenon. 
A model is said to be deterministic if it enables us to say that certain states or 
results are certain to follow, given certain initial conditions. Thus, a deterministic 
model is a cause and effect explanation—certain conditions cause the subsequent 
state. However, in many situations, such a clear-cut relationship can never be 
established because of the universality of uncertainty. Given uncertainty, we can 
have only probabilistic models. A probabilistic model enables us to say only that 
certain states will probably result, given certain initial conditions. That is, given 
such and such conditions, a probabilistic model enables us to deduce a probability 
distribution for possible subsequent states. 

A probability distribution is clearly a population distribution since it gives 
us probabilities associated with all possible values of a random variable. In effect, 
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we are saying that a population is a random variable. A population, as defined 
in Chapter 1, is a collection of observations made of all elementary elements 
under a given problem situation. For example, the wages of all secretaries in 
Chicago constitute a population if our objective is to study certain characteristics 
of wages of secretaries in that city. Now, if a random selection is made from 
secretaries in that city, wages which the selected secretary can have are values 
of a random variable “wage,” W. Clearly, values which W can assume must be 
identical with the population of all possible wages of secretaries in Chicago. Thus, 
we see our previous definition of “population” is consistent with the meaning of a 
random variable. 

If a population can be considered as a random variable, then we can certainly 
think of a probability distribution of a random variable as the probability distri¬ 
bution of a population. But, what can we gain by this association? The answer is 
an obvious one. When we can say that a population is a random variable, a 
population becomes more than just a collection of observations, since we would 
also have probabilities for all possible results from making observations. 

Often we consider a probability distribution as a theoretical distribution 
because it is deduced, a priori, from a set of conditions—conditions for performing 
a random experiment. Also, we may say that a random variable is a theoretical 
population because its probability or density function is the result of logical 
deduction. These comments lead us naturally to the conclusion that a random 
variable may be thought of as the theoretical counterpart ol a population as 
traditionally defined. Thus, one of the big problems confronted by a researcher 
is to select a “standard” probability distribution to describe the behavior of his 
data. 

We shall introduce, in the following chapter, some special probability dis¬ 
tributions which could be adapted to most economic and business variables. 


Glossary of Formulas 


(6.1) f(x) = P(X = x ) The probability function of a discrete random variable X is defined 
as the probability that X assumes a particular value, x. 

(6.2) F(x) = P(X < x) - 2 f(x) The cumulative distribution function, CDF, of a random 
variable X shows the probability that X assumes values less than or equal to x. This probability 
is the sum of probabilities for values of X which are less than or equal to x. 

(6.3) P(X > x) — 1 — P(X < x) Since the total probability of a distribution is 1, and 
because of the definition of CDF above, the probability that X assumes values greater than x 
must be the difference between 1 and 2 /( 3 ). 

(6.4) E(X) = 2xif(xi) The mathematical expectation of a random variable is a weighted 
mean, with probabilities as weights. The expectation of a random variable is thus defined as 
the sum of the products of all possible values of X and their associated probabilities. 

(6.5) E(aX + b) = aE(X) + b This expression states the properties of expectation. If 
each value of a random variable is multiplied by a constant, its expectation is multiplied by the 
constant. If a constant is added to each value of a random variable, then the expectation 
increases by the constant. 
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(6.6) V(X) = 2(xi - and (6.7) V(X ) = E(X 2 ) - ju/ The first equation defines 

the variance of a random variable X as its mean squared deviation of X from its mean. The 
second, (6.7), is the equivalent of (6.6) but more convenient for computation. 

(6.8) V(aX + b) = n\ x +b — aV x 2 This equation indicates the linear transformation prop¬ 
erty of the variance. If a constant is added to each value of a random variable, its variance 
remains unchanged. If a constant is multiplied by each value of a random variable, its variance 
is multiplied by the square of the constant. 

(6.9) a x = y/ a x 2 The standard deviation of a random variable is the positive square root of 

its variance. 

(6.10) (T C X - \c\a x and (6.11) a xJrC = a x These formulas state the properties of the 
standard deviation. (6.10) says that if each value of X is multiplied by a constant, then its stand¬ 
ard deviation is multiplied by the absolute value of the constant. (6.11) indicates that if a con¬ 
stant is added to each value of X, the scale of X has changed but its standard deviation remains 
unchanged. 

(6.12) Z = (X - y x )/a x (6.13) E{Z) = 0 (6.14) V(Z) = 1 If X is any random variable 

with fj, x and a x , then it can be transformed into standardized variable Z by (6.12). A standard 
random variable is one whose expectation is zero and whose variance is unity. 

(6.15) P(\X - n\> ha) < 1 A 2 and (6.16) P( \X - y\ <ha) >1 - (1 A 2 ) These are the 
two alternative expressions of the Chebyshev inequality. If X is a random variable and possesses 
finite mean and variance, then the probability for X to deviate from its mean by ha is less than 
1/h 2 , or the probability is at least 1 — (1/A 2 ) that the value of X will fall into the interval of ha 
from its mean. 


(6.17) P(xi, Uj) — P(X = Xi and Y = yf) The joint probability function of X and Y is 
defined as the probability of the ordered pair (x it yf). 

(6.18) P(X = Xi and Y = y } -) = P{X = Xi)P{Y — yf) = P(xi)P(y,) This expression says 
that X and Y are statistically independent if, and only if, for each and every pair, ( Xi,yj ), the 
product rule for independent events is satisfied. 

(6.19) EQ(+ Y) = E(X) + E(Y) and (6.20) E(X - Y) = E(X) - E(Y) The sum 

(difference) of two random variables is the sum (difference) of their expectations. 

(6.21) E(X i + Z 2 + • • • + X n ) — 2E(Xi) The additive property of expectation holds 
for any number of variables. 

(6.22) a 2 x+y = a x 2 + a y 2 + 2 cov (X,Y) The variance of a sum is the sum of variances only 
if the covariance of X and Y is zero, i.e., if X and Y are independent random variables. 


(6.23) a 2 x+y = a x 2 + a y 2 (6*24) a 2 x - y = a x 2 + a y 2 


(6.25) V(Xi + ^2 + • • • + Xn) = ZV(Xi) 

These laws of variance hold only if the random variables under consideration are independent. 


(6.26) E(XY) - E(X)E(Y) If X and Y are independent, they must satisfy this rule. How¬ 
ever, this rule may hold if X and Y are dependent. 


(6.27) f(x) = P(a < X <b) 


j b a m 


dx This defines the density function of a continu¬ 


ous random variable. If X is continuous, P(X 
events defined as intervals. 


Xi) = 0, there is only positive probabilities on 


(6.28) F(x) = P(X < x) This is the cumulative distribution of a continuous random variable 
which can take on any real value between — »= and °o. 

(6.29) P(a < X < b) = F(b) — F(b) This expression gives the relationship between the 
density and distribution functions of a continuous random variable. 
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Problems 


6.1 Let 0 and 1 be the appearances of tails 
and heads, respectively. Find the probability 
distribution of the number generated by the 
toss of a fair coin. 

6.2 Two coins are tossed. Find the proba¬ 
bility distribution of the number of tails. 

6.3 Three coins are tossed. Find and graph 
the probability function of the number of 
heads, X. 

6.4 Show that the number of tails, Y, has 
the same probability distribution as the num¬ 
ber of heads in tossing these coins. 

6.5 Show that X and Y in the preceding two 
problems are different random variables. 

6.6 Three identical marbles, numbered 1, 2 
and 3, are placed in a bag. If two marbles are 
drawn at random with replacement, what is 
the probability function of the random vari¬ 
able Z, where Z is the sum of the numbers 
of the marbles? 

6.7 Let X be the random variable showing 
the number of girls in families with four chil¬ 
dren. What is the probability distribution of 
X if the births of boys and girls are equally 
likely? 

6.8 Four balls are drawn at random without 
replacement from an urn which contains six 
white and four black balls. What are the prob¬ 
ability and distribution functions of the num¬ 
ber of black balls? 

6.9 Sketch the graphs off(x) and F(x) in the 
previous problem. 

6.10 From a lot of 12 radios containing 5 
defectives, a random sample of 3 is drawn 
without replacement. Find the probability 
and distribution functions of the number of 
defectives in the sample. 

6.11 A box of articles, 9 good and 1 defective, 
is tested, one article at a time. If X is the 
number of the test in which the defective 
article is located, what are the possible values 
of X and the corresponding probability 
function? 

6.12 Give a general expression of the prob¬ 
ability function in problem 6.6. 

6.13 Two dice are tossed. Let X be the total 
number of dots on the sides turning up. 
Give a general expression for its f(x). 


6.14 Four coins are tossed. Let X be the 
number of heads and Y be the number of 
tails. Find the probability distribution of 
Z = X - Y. 

6.15 Four coins are tossed. Let X = number 
of heads and Y = number of tails. Find the 
distributions of (a) X + Y and (b) XY. 

6.16 Three balls are drawn without replace¬ 
ment from a bag containing five white and two 
black balls. Check if the expected number of 
black balls is 6/7. 

6.17 Determine the expectation of the ran¬ 
dom variable X given in Problem 6.3. 

6.18 Determine E(X) for X in Problem 6.8. 

6.19 What is a fair price to pay for entering a 
game in which one can win $50 and $10 with 
probabilities of 0.2 and 0.5, respectively? 

6.20 In a given business venture a man can 
make a profit of $1000 or suffer a loss of $500. 
The probability of a profit is 0.6. What is the 
expected profit (or loss) in that venture? 

6.21 The probability known is 0.99 that a 30- 
year-old man will survive one year. An insur¬ 
ance company offers to sell such a man a 
$10,000 one-year term life insurance policy at a 
premium of $110. What is the company's 
expected gain? 

6.22 in a lottery, 1000 tickets are sold at 25^ 
each. There are five cash prizes of $25, $20, 
$10, $5, and $1 respectively. What is the 
expected net gain for a purchaser of two 
tickets? 

6.23 A random sample of three persons is 
selected without replacement from a group of 
four men and three women, to make arrange¬ 
ments for a conference. What is the expected 
number of men in the sample? 

6.24 A roulette wheel has 38 equally spaced 
openings with numbers 00, 0, 1, 2, • • ■ , 36. 
A gambler may bet, say, $1 on any number. 
The roulette wheel is spun and a small ball is 
dropped onto it while it is spinning. If the ball 
comes to rest on the number on which the 
gambler has bet, he receives $35 in addition 
to his bet of $1, but otherwise he loses his $1 
What is his expected gain? 
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6.25 A gambler who has $700 plays the single¬ 
die game with the following system. At the 
first toss of the die, he bets $100 on even num¬ 
bers and quits if he wins. If he loses, he bets 
$200 on even numbers at the second toss, and 
quits if he wins. If he loses again, he bets his 
final $400 on even numbers at the third toss. 
Is the game fair? 

6.26 The probability that a man aged 55 will 
live another year is 0.98. How large a premium 
should the insurance company charge him 
for a $10,000 term life insurance policy for a 
year if the premium should include a profit 
and administrative cost of $50? 

6.27 A perfect coin is tossed until the first 
head is obtained. If X is the number of tosses 
required to obtain the first head, what is the 
expected value of X ? 

6.28 If all permutations of four measure¬ 
ments, 0, 1, 2, and 3, are equally likely, what 
is the probability function and the expectation 
of X, where X is the number of turning 
points? 

6.29 Calculate (a) E{Y), (b) E(Y 2 ), (c) 
E(Y — u y 2 ), and (d) E(Y 3 ) for the following 
probability distribution: 


y 

-20 

-10 

30 

^0 

II 

5S 

Ho 

Ho 

Ho 


6.30 A random variable X has the following 
probability function: 


X 

-1 

0 

l 


H 

Ho 



Find probability distributions for IX, X + 1, 
2X + 1, X 2 and (X — 0.3) 2 and then compute 
their expectations. 

6.31 Let X be the number of tails in a toss 
of three coins. Compute E{X), F(X), and 

6.32 Determine variances for random vari¬ 
ables in Problems 6.3, 6.6, 6.8, and 6.28. 

6.33 If the variance of a random variable is 
0.8, what is the variance of the random vari¬ 
able 5X? 2X? X/2? 


6.34 Let X be a random variable with the 
probability function as follows: 


X 

10025 

10050 

10075 

fix) 

0.2 

0.3 

0.5 


Find (T x z . 

6.35 Let 7 be a random variable with prob¬ 
ability function as follows: 


V 

0.0016 

0.0032 

0.0064 

f(y) 

% 

Ho 

Mo 


Find E(Y), V(Y), and try. 

6.36 A random variable X takes on the value 
1 with probability p and the value of 0 with 
probability 1 - p. Show that E(X) = p and 
V(X) = p( 1 - p). 

6.37 Recall that o -* 2 = X(X 2 ) - [X(X)] 2 and the 
information that l+2+---+(n-l)+w = 

n(n + 1 ) 

--- and l 2 + 2 2 + • - - + ( n - l) 2 + 

n{n + 1)(2 n + 1 ) 

n — - 7 -Show that the expec- 


W HWI I V4 I ] 




values 1 , 2, ■ • ■ n, each with 1 /n as its prob¬ 
ability are u x = 


n + 1 


12 


6.38 Assuming that n x = 4 and <r* = 2, an¬ 
swer the following: 

a. At least how much of the probability lies 
within the range 0 and 8? 

b. What is the minimum value of 
P( —2 < X < 10)? 

c. What is the minimum value of P([X| > h)l 

d. What value of h guarantees P(|X[ < h) > 
0.96? 

6.39 Why is the Chebyshev theorem useless 
if h < 1? 


6.40 Using Chebyshev’s theorem, deter¬ 
mine what value of h guarantees that at least 
90 and 99 percent of probabilities, respectively, 
are within her of the mean? 


6.41 A random variable has a mean value of 
5 and a variance of 3. 
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a. What is the greatest value of 
P{\X - 5| < 3)? 

b. What value of h guarantees that 
P (\X - 51 < h) < 0.99? 

c. What is the least value of 
P(- 1<X < 11)? 

d. What is the least value of 
P( \X - 5i < 7.5)? 

6.42 An urn contains four identical chips 
numbered, one on each side, (1, 1), (2, -1), 
(3, 1) and (4, -1). Let the chip selected be 


Assuming independence of X and Y, derive 

(a) the joint probability function of X and Y, 

(b) the probability function of the total score 
of the two players, T. 

6.44 For Problems 6.43 (a) and (b), compute 
E(X), E{Y), E(T), and check that E(T) = 
E(X) + E(Y). Also, show that E(XY) = 
E(X)E(Y). 

6.45 Another team of two for the game, as 
discussed in Problem 6.43, has a probability 
function of total score as follows: 


T 

0 

1 

2 

3 

4 

5 

6 

k(t) 

0.05 

0.15 

0.20 

0.25 

0.20 

0.10 

0.05 


(x,y). Find E(X), E(Y), E(X + Y), 

E(X - Y). 

6.43 A competitive game of skill is played by 
teams of two players, each of whom can score 
0, 1, 2, and 3 points. The score of team is the 
sum of the points gained by the two players. 
For one of such teams, the probability dis¬ 
tributions of the two players, respectively, 
are as follows: 

Probability function of scores of the first 
player 


X 

0 

1 

2 

3 

m 

0.1 

0.3 

0.3 

0.2 


Probability function of scores of the 
second player 


y 

0 

l 

2 

3 

g(y) 

0.3 

0.1 

0.4 

0.2 


Let teams in Problems 6.43 and 6.45 be teams 
I and II, respectively. Compute the proba¬ 
bility of a tie; the probability that Team I wins; 
and the probability that Team li wins. {Note: 
high total score wins.) 

6.46 In an oligarchic industry, the two leading 
firms control 50 and 30 percent of the total 
market, respectively. If a random sample of 
two buyers is selected for observation, what 
is the joint probability distribution of the 
number of buyers patronizing each firm in 
the sample? 

6.47 For the last problem, compute E{X), 
E(Y), E(X + Y) and E(XY). Show that 
E(X -f Y) = E(X) + E(Y) and that E{XY) 
* E{X)E(Y). 

6.48 Compute E(X), E{Y ), E(XY) for the 
following distribution Show that E(XY) = 
E(X)E(Y) for this distribution. Does your 
result indicate that X and Y are independent? 
Explain 
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is string in two. What is the probability that the 
shorter piece is at most 3 inches long? 

6.56 If a clock is stopped at a random time, 
what is the probability that the shorter hand 
will stop at (a) exactly numeral 2? (b) between 
2 and 6? 


The following joint probability distribution 
used for Problems 6.49 through 6.54; 




1 

2 

7 

Row 

Total 


0 

0.4 

0.2 

0.4 

0.6 

Y j 

1 

1 

0.1 

0.3 

0.6 

0.4 

Column 

Total 

0.5 

0.5 

1.0 



6.49 Show that X and F are dependent. 

6.50 What would be your prediction of the 
value of Y if any value of X is given? 

6.51 Compute the following probabilities - 

a. P(Y = 0\X = 1) 

b. P(Y = 1\X = 1) 

c. P(Y = 0\X = 2) 

d. P(Y = 1\X = 2) 

6.52 On the basis of probability obtained in 
the preceding problem, what value of Y 
would be predicted given that X = 1? X = 2? 

6.53 With the system of prediction in the 
answer just given, what is the expected per¬ 
centage of correct predictions of values of Y, 
given X? What conclusion can you make by 
comparing the answer to that of Problem 6.50? 

6.54 If roles of X and Y are reversed, can 
you increase the accuracy of predicting X, 
given F, than you could without knowledge 
of F? Be specific and thorough. 

6.55 A child plays with a pair of scissors and 
a piece of string 9 inches long. He cuts the 


6.57 What is the probability that, coming at a 
random time upon a traffic signal which is 
green 40 seconds and red 20 seconds, one 
will find the signal green? What is the random 
variable here? 

6.58 The distribution function of a continu¬ 
ous random variable X is 

{ ox , if 0 < x < 1 
0, if x < 0 
1, if x > 1 

(a) For this distribution to be continuous, 
what value should the constant, c, assume? 

(b) Compute P(X = 0.5). 

(c) Compute P(|X| < 0.5). 

6.59 Sketch the graph for the following den¬ 
sity function of random variable F: 

I Hf if 0 < y < 1 

f(y) = j H. if 1 < y < 2 
l 0, otherwise 

6.60 Consider the density function of a vari¬ 
able Z as follows: 

h(z) — Z/48 + }{ 6f (2,8) 

(a) Sketch the graph for Z. 

(b) Compute P( 2 < Z < 6). 

(c) Compute P(Z > 5). 

(d) Compute P(\X - 5| < y 2 ). 
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SPECIAL 

PROBABILITY 

MORELS 


7.1 


Introduction 


We have previously mentioned that one 
of the basic tasks of a scientific investigator is the search for a probability distri¬ 
bution, or a probability model, to describe data on hand. A probability model is a 
mathematical expression derived from a set of assumptions for the twofold purpose 
of studying the results of a random experiment and of predicting future results 
of the experiment when performed repeatedly. 

We shall, in this chapter, introduce some special probability models which can 
be employed to approximate a large set of population distributions and which may 
serve as a beginning for our future discussion on statistical inferences. Some of 
these are applicable to discrete, and others to continuous, random variables. 
Whenever possible, for the purpose of calculating probabilities, we shall actually 
derive the formula from a set of assumptions that characterize a large class of 
experiments. We shall also rely extensively on prepared tables so that the need 
for numerical computations is reduced. At this stage, it is more important for the 
reader to identify a problem situation with the correct model than to memorize 
the detailed mathematical expression. 
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7.2 


The 

Bernoulli Model 


. . We begin our study of probability models 

with the Bernoulli distribution, not only because it is the simplest model but also 
because it furnishes a basis for the derivation of the binomial probability model 
which is associated with a number of frequently occurring situations. 

The Bernoulli model applies to a random variable which can assume only two 
values. For simplicity, let the two values be 1 and 0, with p and q as their respec¬ 
tive probabilities; then the probability function of a Bernoulli variable is simply 

/(*>) 

1 V 

0 i 

Sum 1 


For this distribution, we note that Zx,/(rr,) = p and 2 x*f( Xi ) = E(X 2 ) = p. Con- 
sequently, we have for the Bernoulli variable, 

E(X) = n = p ai) 

and 

V(X) = a 2 = E(X 2 ) - M 2 = p - p2 = v (i _ p) = vq (72) 

Suppose that 60 percent of the employees of a company favor a proposed 
pension plan. An employee is selected at random, and we let X = 1 if he is in 

favor, and X = 0 if he is against, the plan; then the expectation and variance of 
X become 

M = V = 0-00 

and 

a 2 = pq = 0.60(1 - 0.60) = 0.24 

The Bernoulli model is appropriate in any situation where one is interested 
m an experiment which results in an event, E, or its opposite, E, such as success 
and failure, yes or no propositions, male or female subjects, defective or non¬ 
defective items, and so forth. 


7.3 


The 

Binomial Model 


. The binomial probability model may be 

considered as a series of repeated, independent Bernoulli trials. More precisely, 
the binomial model refers to a sequence of events which possess the following: 
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(1) A simple experiment is repeated a number of times where the outcomes 
are independent. 

(2) Outcomes of each trial can be classified into two mutually exclusive cate¬ 
gories, arbitrarily called “successes” and “failures.” 

(3) The probability of success in a single trial, denoted by p, remains the same 
for all trials. The probability of failure in a single trial, denoted by q, is equal to 
(1 - p). 

(4) In a given trial the focus is on whether or not the successful outcomes have 
occurred. 

(5) The experiment is performed under the same conditions for a fixed number 
of trials, say, n. 

These conditions are satisfied if we toss a coin, say, ten times, and we define 
success in terms of the number of heads that turn up; if we select five items at 
random with replacement from a lot, say, of one hundred units of incoming 
merchandise and we define success as the number of defective items in the sample; 
and so on. 

A random variable generated under the foregoing conditions is called a 
binomial variable; it is discrete and has n -j- 1 possible values. For example, if a 
coin is tossed twice, then the possible number of heads are 0, 1, and 2; that is, 
(2 -j- 1) terms. 

This model is useful to answer questions such as this: If we conduct an experi¬ 
ment under the stated conditions n times, what is the probability of obtaining 
exactly x successes? More specifically, suppose six dice are tossed together, or 
one die is tossed six times, what is the probability of obtaining exactly two aces? 

To answer this question, we note that the outcome of each die is independent 
from those of all others. Moreover, the outcome of each die may be either an ace 
or any one of the other five numbers. That is, this experiment satisfies all premises 
of a binomial model: we have p = y, q = and n = 6. Now, any sequence 
which contains two aces and four other numbers can be considered as a successful 
outcome. The probability for any such sequence, by the product rule, is p 2 qf or 
For instance, the probability for a sequence in which the first and the 
last outcomes are aces, and the remaining four are not, is 

= ( K ) 2 (%) 4 

Furthermore, all sequences that contain exactly two aces each are mutually 
exclusive events and, therefore, the probability of success, by the law of addition, 
is the sum of the individual probabilities of all these sequences; that is, 

(H) 2 (%) 4 + (K)W + * • • 


where there are as many identical terms as there are ways of selecting two things 
at a time from six objects, —a two-category permutation, These con¬ 

siderations lead us to conclude that the probability of obtaining exactly two aces 
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in six tosses of a die, with the probability of success in each trial being is 


P(2; n = 6, p = %) 



5\ 4 _ 9,375 
6/ “ 46,656 


To generalize: The binomial probability function is the probability of obtaining 
exactly x successes in n independent trials of an experiment, with p as the proba¬ 
bility of success for each trial; it is given by the expression 


b(x;n,p) 



(7.3) 


The binomial model derives its name from the fact that (7.3) is a term of the 
“binomial” (q -j- p) n . 

In a lot of 12 television tubes 3 are defective. If a random sample of 3 is drawn 
from the lot with replacement, what is the probability that (1) exactly I is defec¬ 
tive, and (2) none or 1 is defective? 

Sampling with replacement ensures independence of successive selections, and 
therefore the binomial model applies. As stated in the problem, p = = 0.25 

Thus 


(1) 6(1 ;3,0.25) 



(0.25)(0.75) 2 = 0.42 


(2) 6(0;3,0.25) + 6(1;3,0.25) = (0.25)°(0.75) 3 + ^ (0.25)(0.75) 2 = 0.84 

The distribution function of a binomial variable , as that of any discrete random 
variable, gives the probability of obtaining r successes or less in n trials, with 
r < n, and is obtained by adding the individual probabilities for all binomial 
values equal to or less than r. Namely, 

B(r;n,p) = P(X < r) = b(0;n,p) + b(l;n,p)+ • • . + 6(rp?,,p) = ^ b(xpi,p) 

x = 0 

(7.4) 

Extensive tables for the binomial distribution function are available. A shorter 
table of the binomial cumulative probabilities appears as Table A-III in Appendix 
C. This table, as shown by the following examples, can be used to obtain cumula¬ 
tive as well as individual binomial probabilities. 

A coin is tossed ten times; what is the probability of getting 8 heads or more? 
Here, we have a binomial model with n = 10 and p = = 0.5. The desired 

probability is that of obtaining 8, 9, or 10 heads. What we need then is 

10 7 

&O;10,0.5) = 1-T 6(7;10,0.5) 

= 1 — 0.94531 from Table A-III 


= 0.05469 
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In a 20-question, 4-answer, multiple-choice examination, what is the proba¬ 
bility of getting (1) exactly 7 correct answers, or (2) 7 or more correct answers, 
if a student answers randomly? To solve this problem, let us assume that all 
questions are answered, that all questions are independent, and that the answer 
is either right or wrong. Under these premises, we would then have a binomial 
model with p = and n = 20. Then 

(1) b(l ;20,0.25) = B(7 ;20,0.25) - 5(6;20,0.25) 

= 0.89819 - 0.78578 from Table A-lll 

= 0.11241 

20 6 

(2) y &(z;20,0.25) = 1 - Y b{x\ 20,0.25) 

2 = 7 2=0 

= 1 - 0.78578 from Table A-ll! 

= 0.21422 

The production output of a certain process is 90 percent perfect; the items 

which comprise the defective remainder cannot be detected without destroying 

them through inspection. If a random sample of 15 is drawn from a certain day's 

production run—which is more than 100,000 units—what is the probability that 

the sample will contain 12 or less perfect units? 

We now have a case where sampling with replacement is impossible because 

sampling is destructive. However, the population is extremely large compared 

with the size of the sample; as a result, the probability of getting a perfect item 

remains approximately at the same value of 0.90 at each selection and, therefore, 

the binomial model can be employed as an approximation. Here, we have a 

12 

binomial model with n — 15 and p = 0.90. We wish to evaluate ^ 6(£;15,0.90). 

2 = 0 

However, because our binomial table gives ps up to only 0.50, probabilities for 
ps greater than 0.50 cannot be read from it directly. To use the table when p > 
0.50, we must make some transformation. 

In evaluating the sum 

P(X < r) = B(r;n,p) = ^ b(x;n,p) 

2=0 

we see that the probability of r or fewer successes is the same as the probability 
of n — r or more failures. Consequently, we can write 

n n—r—l 

B(r;n,p) = ^ b(x;n,q) = 1 — ^ b(x;n,q) = 1 — B(n — r — 1 ;n,q) (7.5) 

x~n-~r 2 = 0 

This indicates that when p > 0.50, we can find the cumulative binominal proba¬ 
bilities from the table by interchanging the roles of p and q and, thereby, the roles 
of successes and failures. 

For our present problem, to obtain 12 or fewer perfect items is the same as to 
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get 3 or more defective ones. From (7.5), it follows that 

12 15 

^ 6(*;15,0.90) = £ b{x ; 15,0.10) 

x — 0 x~3 

2 

= 1 - ^ &O;15,0.10) 

2=0 

= 1 — 0.81594 from Table A-lll 

= 0.18406 

A binomial variable X, the number of occurrences of successes in n independent 
trials, may be considered as a sum 


X — Xi + X 2 + * * * + X n 

where each X, is a Bernoulli variable with expectation p. Thus, the expectation 
of the binomial variable may be thought of as the sum of expectations of the 
n Bernoulli variables by the additive property of expectation. Namely, 

E(X) = E(X i) + E(Xz) + • • • -j- E(X n ) = p p - j- ' ' ' p n = np ( 7 . 6 ) 

n times 

Furthermore, the Bernoulli variables are identical and independent. As such, 
their variances are also additive. That is, the binomial variable, as the sum of 
n Bernoulli variables, must have as its variance the sum of the variances of the 
n Bernoulli variables; namely, 

V (X) = V (Xi) + F(X 2 ) + • • • + V (Xn) = pq -j- pq + • • • -j - pq = npq (7.7) 

n products 

According to the past experience of a mail-order house, the probability of 
receiving more than $250,000 in new orders on any day is a constant at 0.1, and 
the probability of not receiving more than this amount is 0.9. If the next five 
days are considered, then the number of days on which more than $250,000 in 
new orders are received is a binomial variable with probability and distribution 
functions as follows: 


No. of days 

0 

1 

2 

3 

4 

5 

b(x) 

0.5905 

0.3280 

0.0729 

0.0081 

0.0004 

0.0000* 

B(x) 

0.5905 

0.9185 

0.9914 

0.9995 

0.9999 

0.9999 f 


*t>(5) - 0.00001. t This result is due to rounding. Had we carried the probability values to five decimal places, 
P(X >5) would equal unity. 


For this distribution, 

E(X) = np = (5) (0.10) = 0.5 days 

which means that on 0.5 days in a five-day period, or on one day in a ten-dav 
period, we would expect to have more than $250,000 in new orders. The variance 
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n = 90 



Figure 7.1 Histograms of standardized binomial distributions. 


of this distribution is 


V(X) = npq = (5) (0.10) (0.90) = 0.45 

Now, if the normal staff in the shipping department can handle up to $250,000 
in new orders per day without delay, what is the probability that shipping will 
be delayed during the next five days? Delays will occur if, and only if, new orders 
on any day exceed $250,000. From B(x) above, we find that the probability 
that new orders will be equal to or less than this amount on all five days is 0.5905, 
and thus the desired probability is 1 - 0.5905 = 0.4095. 

Before concluding our discussion on the binomial model, we should note 
that the binomial distribution is symmetrical if p = 0.5, and skewed if p ^ 0.5. 
When p < 0.5, it is skewed to the right; when p > 0.5, it is skewed to the left. 
The interchange of p and q in any binomial distribution yields its mirror image. 
The skewness of the binomial distribution, irrespective of the size of p, becomes 
less pronounced as n increases. All these properties are revealed by Figure 7.1. 


7.4 


The 

Multinomial Model 


The binomial theorem, which deals with 
independent trials with two outcomes, is but a special case of the multinomial 
law, which is concerned with independent trials with more than two outcomes. 
As we shall show, the extension of the binomial probability to multinomial 
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probability is simply a process of replacing the binomial coefficients by the 
multinomial coefficients. 

Suppose we have an experiment which is capable of yielding k possible 
mutually exclusive results, ei, e 2f • • • , e k , with respective probabilities p h p 2) 
> P k which add up to unity. If we were to repeat this experiment n times 
independently , what is the probability of obtaining exactly Xi occurrences of e\\ 
x 2 occurrences of e 2 , • • • ; and x k occurrences of e k ; given that xi -j- x 2 + 
-j- x k = n? To answer this question, first we note that the experiments 
are independent. Thus, the probability of any stated sequence of outcomes is 
equal to the product of their separate, unconditional probabilities; that is, 
Vf'Vf* ' • ’ Pk Xk . Furthermore, the number of distinct sequences yielding the 
stated number of results of each kind is equal to 

/ n \ n \ 

\Xl,X 2 , * ' * } Xk) X!\x 2 \ • ’ • Xk\ 

which is the number of ways to permute n things taken all at a time when x x 
are alike, x 2 are alike, , and x k are alike. Since all these sequences of out¬ 
comes are mutually exclusive and have the same probability of occurrence, the 
total probability of (x h x 2 , • • • ,x k ; p h p 2 , • • • jPk ) is then the sum of all the 

sequence probabilities which have ( n ) terms. Thus, we may define 

the probability function of a multinomial variable as 


■ ■ ■ ,x k ; p,,p 2 , 


,Pk) 


{ 

\X1,X 2 , • 


)X k 


^ Pl x *p 2 x * 


• Pk Xk (7.8) 


where each of the xs can take on any of the values 0, 1, 2, ■ • • , n, subject to 
the condition that xi -j- x 2 + • • • -j- x k = n. The name “multinomial” is derived 
from the fact that (7.8) is a term of the expansion of the “multinomial” 
(pi -i- P2 + • • • p k ) n . 

Fifteen dice are tossed together; what is the probability that each of the 
odd numbers will appear exactly twice and that each of the even numbers will 
appear exactly three times? There are six outcomes in a single trial, each with 
a probability of Now, if we denote aq as the number of times that an ace 
appears, z 2 as the number of times that a two appears, and so on, then we have 
the desired probability as 


ra(2,3,2,3,2,3; K>K>K,K,M,K) 

which is equal to 

(2,3,2,3,2,3) = 0.0016 

Sometimes in a repeated trial process, we may be interested in the proba¬ 
bility of the exact numbers of occurrences for only a few, instead of all, of the 
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possible outcomes. For example, suppose that failures of a certain electronic 

mechanism may be due to six different causes, ei, • • ' , e«, with respective proba¬ 

bilities of 0.4, 0.3, 0.1, 0.1, 0.05, and 0.05 occurring. These causes are known to be 
independent,’ and simultaneous defects are a remote possibility. If failures are 
observed six times at random, what is the probability that each contains two 

instances of e\ and 62 ? . , 

To attack this problem, we first note that among the six possible outcomes 

we are interested in only the probability of a* occurrences of d and z 2 occurrences 
of e 2 . The number of occurrences of each of the four other outcomes are not 
required Therefore, we actually have a new experiment which has only three 
outcomes, e 1? e 2| and e' 8 , with the last representing the occurrence of any one 
of the four other outcomes in the original experiment. The corresponding proba¬ 
bilities now become p 1 , P 2 , and p 3 , with p 3 = P 3 + Pi + P& + Pe* Wit t ese 
designations, we see that x' t = n - (*i + z a ). Similar to (7.8), we have 


m(xi,x»zl; pi,pt,pl) = ( Xl " 2iX ') PWv ’, 1 


for our present problem, which can be generalized for k outcomes with any number 
of particular outcomes specified. Turning to the numerical calculations for our 
present example, we have p 3 = 0.3 and x 3 = 2. Thus, 

in(2,2,2; 0.4,0.3,0.3) = ( 322 ) (°- 4 ) 2 (0-3) 2 (0.3) 2 = 0.15552 

In the multinomial model, the number of occurrences of each possible out¬ 
come in n independent trials may be considered as an individual variable, and 
its expectation and variance are defined as follows: 

E(X<) = n Pi < 7 - 9) 

7(Z,) = np t ( 1 - pd (7 ‘ 10) 


For the example just given, we have 

E(X 1 ) = npi = 6(0.4) = 0.24, 

E{Xi) = E(X' 3 ) = 6(0.3) = 1.80, 

y(X0 = npi(l - Pi) = 6(0.4)(0.6) = 1.44, and 

y(X 2 ) = y(Xj) = 6(0.3) (0.7) = 1.26 

In concluding this section, we may note that computation of multinomial 
probabilities can become time-eomsuming and tedious when n is at all large. 
Tabulations of these probabilities are cumbersome and impractical since they 
must include many possible ps, zs and ns. In many situations where the multi¬ 
nomial model is encountered, we resort to its approximation by other proba¬ 
bility models. We have introduced the multinomial law here primarily for the 
purpose of reference. 




200 SPECIAL PROBABILITY MODELS 


7.5 


The 

Hypergeometric 

Model 


v , ine hyper geometric probability model ap- 

phes to a sampling from a finite population, without replacement, whose elements 
can be classified into two categories. Consider a population of N items k of 
wh lc h possess a certain characteristic and N - k oi which do not possess such a 
characteristic. Obviously, if a random selection is made from such a population 
the result must be either one of the ka (successes) or one of the N - ka (failures), 
t is also clear that if n random selections are made without replacement from 
the population, each subsequent draw is dependent and the probability of 
success changes on each draw. Under these conditions, we may wish to find the 
probability of obtaining exactly * items which are of type k, or successes, in a 
random sample of size n. The number of successes in n dependent trials is called 
a hypergeometnc variable and is generated with three fixed numbers: N n and k 
Let us now proceed to derive the probability function for this random variable', 
hirst, recall that the total number of ways to draw n items from N things 


IS 




Next, note that to draw exactly x items of a certain characteristic is 


the same as to draw n-x items which do not possess the characteristic from a 
total of N - k items available. Thus, the total number of ways to draw * ka 

and n-x non -ks is (*) (^ _ fj. Finally, if the process of sampling is random, 

then all items which are still available after any number of selections have been 
made are equallyhkely to be chosen. As a result, we can assign equal probabilities 

to each of the (^ ) points. These arguments lead us to conclude that the proba¬ 
bility function of a hypergeometric variable, the probability that x of the n items 
are of type k , is 


h(N,n,k,x) 



From (7.11), we obtain the distribution function of X as follows: 


(7.11) 


H(N,n,k,r) P(X < r) - ^ h(N,n,k,x) ( 7 . 12 ) 

x = max (0 ,n-(N-k)) 

Table A-IV in Appendix C gives values for both h(x) and H(x) for N = 10 
(An extensive table for these values is Table of the Hypergeometric Probability 
Distribution by G. J. Lieberman and D. B. Owens, published by Stanford 
University Press in 1961.) 
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To derive the expectation of a hypergeometric distribution, note that the 
hypergcometric variable X may also be considered as a sum, just as in the bino¬ 
mial case, of n variables X i} except that in the hypergeometric model, X t , • * • , 
X 2 are dependent. But, because the additive property of expectation does not 
require independence of X i} it is still true that E(X) = E(X 1 ) + • • • + E{X n ), 
where each E(X % ) is the probability of X at the ith trial, ( k/N ), if it is not known 
what has happened at preceding or subsequent trials. Thus, the expectation of 
the hypergeometric variable X becomes 


E(X) 


(i) 


(7.13) 


The variance is not additive for dependent variables. It can be shown, how¬ 
ever, that in the hypergeometric case, the variance is given by the expression 
below: 


(N-n\ / k\ /N — k\ 


(7.14) 


We note that in the binomial case, where sampling is made with replacement, 
V(X) = npq = n(k/N)((N — k)/N). When sampling without replacement is 
assumed for the hypergeometric model, a factor (N — n)/(N — 1) is introduced. 

In a lot of 50 baby chickens, 6 are females. If a random sample of 3 is drawn 
without replacement, then Z, the number of female chickens in the sample, is 
a hypergeometric variable and its probability function can be evaluated by the 
general term 


h( 50,3,6,#) 



44 


.) 


(?) 


Table 7.1 contains calculations of these terms, together with their cumulative 
sums. 


TABLE 7.1 PROBABILITY AND DISTRIBUTION FUNCTIONS OF 
THE NUMBER OF FEMALE CHICKENS WITH N= 50, n = 3 
AND k— 6 


X 

3 — x 

(9 G“.)©(“.) 

h(x) 

H(x) 

0 

3 

1 

13,244 

13,244 

0.6757 

0.6757 

1 

2 

6 

946 

5,676 

0.2896 

0.9653 

2 

1 

15 

44 

660 

0.0337 

0.9990 

3 

0 

20 

1 

20 

0.0010 

1.0000 

— 

— 

— 

— 

19,600* 

1.0000 

— 


(?) 


19,600. 
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For this model, we have 



0.3039 


Whenever sampling is destructive, the hypergeometric model should be 
adopted rather than the binomial model. Fortunately, a comprehensive hyper¬ 
geometric probability table, as mentioned before, has been made available. In 
using such a table, one should observe a very interesting property of the hyper¬ 
geometric distribution: when k and n are interchanged, there will be no effect 
on the probabilities. That is, 


h(N,n,k,x) = h(N,k,n,x) ( 7 . 15 ) 

and 

H(N ,n,k,r) = H(N,k,n,r) (7.16) 

Consider this example: if 4 chips are drawn together at random from an urn 
containing 6 black and 4 white chips, what is the probability that 2 or fewer 
black chips are drawn? 

We have here a hypergeometric model with N = 10, k = 6, and n = 4. The 
desired probability is 

P(X < 2) = #(10,4,6,2) 

= #(10,6,4,2) by (7.16) 

= 0.547619 from Table A4V 

Now if 5 chips are drawn without replacement from the same urn, what is 
the probability that (1) all are black? (2) 4 or more are black? 

answer: (1) P(All five are black) = #(10,5,6,5) 

= #(10,6,5,5) by (7.15) 

= 0.023810 from Table A-IV 

(2) P(X > 4) = 1 - P(X < 3) 

= 1 - #(10,5,6,3) 

= 1 - #(10,6,5,3) by (7.16) 

= 1 — 0.738095 from Table A4V 

= 0.261905 


7.6 

The Discrete 
Uniform Model 

We have encountered the discrete uni¬ 
form probability model before, though it was not given such a name. For instance, 
the probability distribution of the number of spots on a die generated by tossing 
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the die is uniform because the probability associated with each and every out¬ 
come is a constant The probability function of this model can be written as 

/O;6) = %, X = 1, 2, • • • , 6 

In general, the uniform distribution applies to an experiment that can ter¬ 
minate in n mutually exclusive and equally likely ways. Consider, for example: 
n numbers, one each on n identical chips, are placed in a box and mixed thor¬ 
oughly, and then one chip is drawn from the box. The mathematical statement 
for this experiment is clearly 

u(x;n) = l/n, x = 1, 2, • • • , n (7.17) 

which gives the probability that x assumes for any specific value as l/n; it is 
therefore called the discrete uniform, or rectangular, probability model. 

One important aspect of the uniform distribution is that it furnishes a practical 
means of drawing a random sample from a finite population. Recall that sampling 
from an infinite population is random if all observations in the sample are made 
from the same population and if these observations are drawn independently. In 
the case of a finite population, a sample is said to be random if the sampling 
procedure is such that all possible samples of the same size have the same prob¬ 
ability to be chosen. This distinction exists of course if sampling is made without 
replacement. When replacement is employed, a finite population can be in effect 
treated as an infinite one, because then we can never exhaust observations, and 
each observation is made independent of all the rest. It is interesting to note 
that both types of samples—one drawn under the condition that all the items in 
the population have equal probability to be included in the sample, an uncondi¬ 
tional random sample, and one drawn under the condition that all samples of 
the same size have the same probability to be selected, a conditional random 
sample—are called simple random samples, and they are the only kinds of samples 
we shall consider when we discuss the theory of sampling in the next chapter. 
Now, let us explain how to use the uniform probability model for selecting a 
random sample from a finite population. 

Consider a population of ten elements designated as 1, 2, • • • , 10. We wish 
to draw a sample of size three from it. To do this, we first write the ten numbers 
on ten chips and put them in a box. Next, we select one chip at a time without 
replacement until three chips have been drawn. By this procedure, we see that 
the probabilities associated with all selections are uniform. For the first choice, 
we have w(:c,10) = Tor the second choice, we have u(x, 9) = %. For the 
third choice, we have u(x, 8) = %. Finally, let us evaluate the probability of 
drawing a sample which contains any three items, say, 1, 3, and 7. Such a sample 
can be obtained by drawing first any one of the three numbers with a probability 
of %q, by drawing second either of the two remaining numbers with a probability 
of %, and by drawing third the remaining number with a probability of By 
the product rule for dependent events, we have the probability of getting this 
sample as follows: 

(Mo = 3!7!/10! = 1/(10t/3 !7!) = 1/(3°) 
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where ^ ^ ^ is the number of all possible samples of size three from a population 
of ten items. From similar reasoning, each and every one of the possible samples 
has the same probability of \ j of being selected. As a result, the method 
has yielded a random sample. 

As a matter of fact, the preceding arguments constitute a verification of the 
statement that all combinations are equally likely. We may now generalize that 
if a sample of size n is drawn from a population with N observations, then there 

are CO P ° Ssible sam P les > each of which has a probability of 1 j of occurring. 

This means that the distribution of samples itself is uniform, with a probability 


function 


u{x 


«- -/ft 


(7.18) 


where r = (^j, the number of possible samples of size n and x, stands for the r 

possible samples. Here x is a variable of n-dimensions since each sample contains 
n items. It seems that what we need is an “JV-sided” die to generate a uniform 
population of N items. Such a die is clearly impractical to construct. Fortunately, 
instead, we can use a table of random digits for the same purpose. 

A table of random digits is assumed to represent a large random sample whose 
values are those of a random variable with sample space 

S = {0,1,2,3,4,5,6,7,8,9} 

and uniform distribution. That is, 


w(z;10) = }{ 0 , x = 0, 1, 2, • • • , 9 

To construct a table of random numbers with this underlying uniform distribution 
of decimal digits, we may number 10 identical chips from 0 consecutively to 9 and 
place them in a box. One chip is chosen at random and replaced, another chip is 
chosen at random and replaced, ad infinitum. The number on each chip is recorded 
in a list before it is returned to the box. When numbers in pairs are used, random 
numbers from 00 to 99 are obtained. By combining three digits at a time, random 
numbers from 000 to 999 are secured. And so on. Random numbers can also be 
generated by a ten-sided die or be programmed by electric computers. Table 
A-XVI in Appendix C is a short table of random digits. Much more comprehensive 
tables of random digits are available. 

Simple random samples can be obtained by using the table of random digits 
for sampling with and without replacement. To illustrate, suppose we wish to draw 
a random sample of 100 items from a population of 9000 items. First, we prepare 
a list of the individual items in the population, such as households in a town, 
employees of a corporation, retail prices, or the like, and assign each item on the 
list a number from 0001 to 9000. Then we may proceed to obtain the sample in 
the following fashion. 
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(1) Consult the table in a random manner: open the table and place it in 
front of you; close your eyes and point your finger to a spot on the table. The 
figure under your finger becomes the starting point. Then you can read the table 
vertically, horizontally, or diagonally, that is, in any systematic way once you 
have made the random start. 

(2) Read only the four-digit numbers in the table, since our population 
consists of 9000 members. If a number is greater than 9000, skip it. If the sample 
is to be taken without replacement, also skip a number when it appears the second 
time. Proceed in this way until you have obtained 100 numbers.! (If N were 
between 100 and 999, you would use the first three columns of the table; if N 
were between 1000 and 9999, the first four columns; if N were between 10,000 and 
99,999, the first five columns; and so on.) 

(3) Take from the list those 100 items that have the corresponding recorded 
numbers; they form the desired sample. 

With the aid of a table of random digits, simple random sampling becomes an 
efficient procedure if the population is not large and if locating the sampling units 
is relatively easy and inexpensive. This procedure could also be a practical one for 
large populations whose elements are concentrated within a small area. For 
instance, the study of all the expense vouchers of a large corporation, the investi¬ 
gation of the attitudes of the employees toward a certain management policy in 
a big company, the survey of students’ study habits at a given university, and so 
on, can easily be made by a simple random sample. 


7.7 


The 

Poisson Model 


There are events which do not occur as 
outcomes of a definite number of trials of an experiment but which occur at 
random points of time or space—see Figure 7.2, where each point represents an 
occurrence of the event. For events of this kind, we are interested in only the 
number of occurrences of the event; not in its nonoccurrences. We may wish to 
know the number of trains arriving at a certain station during a certain hour, but 
obviously there is no sense in investigating the number of trains npt arriving at 
the station during that hour. Or, we may need to discover the number of printer’s 
errors on each page of a book, but there is no need to determine the number of 


• ••• ••• • •• 


Figure 7.2 Random points in time or space. 
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correct words on each page. There is a large class of events of this variety. The 
event may be the number of occurrences of accidents, errors, breakdowns, or 
other calamities which appear randomly and independently over a continuum of 
time. The event may be the demand for service upon the cashier or the sales¬ 
woman of a department store, upon the stock clerk of a factory, upon the tollbooth 
of a bridge or tunnel, upon the cargo-handling facility of a port, upon the trunk 
lines of a telephone exchange, or upon the maintenance man of a machine shop, 
during a day or some other specific time unit. The event may be the number of 
defects on the surface of a table, or glassware, or a piece of goods. The event may 
be the emission of a radioactive particle, and so on. 

For each of the above random variables, the following postulates seem 
appropriate: 

. First > probability of n occurrences of the event per unit of time or space, 
t, is exactly the same, no matter where the interval t starts. That is, the mean rate 
that the event occurs per unit of time or space is the same, regardless of how the 
infinite number of unit lengths or unit areas is selected on the t axis in order to 
determine the average, X, denoted as Greek lambda. 

Second, events which occur in one time interval or region of space are inde¬ 
pendent of those occurring in any other time interval or region of space, no matter 
how the interval is selected. 

Third, since there exists a constant and positive X, it is reasonable to conclude 
that for any small interval of width, h, 


(a) the probability that exactly one event will occur in h is approximately 
proportional to the interval h f that is, \h, in the sense that this probability is equal 

to \h + 01 (h) and Limit ° 1 ^ = 0; 

h-* o h 


(b) the probability that more than one event will occur in the interval h is a 

negligible quantity o 2 (h) in the sense that Limit = 0; and 

h-* o h 

(c) the probability that exactly 0 events occur in the interval h is approxi¬ 
mately equal to 1 - \h in the sense that it is equal to 1 - \h + o d (h) and 

T . - o 3 (n) 

Limit —— = 0. 
h^o h 


We are concerned, under the above conditions, with a random variable X, the 
number of occurrences of an event in an interval of time, or in an area of space, t. 
Here X is called a Poisson variable, named after the French mathematician 
S. D. Poisson (1781-1840), which can assume possible values 0, 1, 2, • • • The 
Poisson probability function defines the probability of exactly x occurrences, or 
successes, appearing per unit of time or space, given the average number of occur¬ 
rences in the given interval, XZ, and it is written as 


p(x;\t) — 

x\ 


(7.19) 


where p stands for the functional notation of the Poisson distribution, e is a con- 
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stant and is approximately equal to 2.71828, and X is the constant proportionality 
introduced in part (a) of the third Poisson postulate. 

It is interesting to note that expression (7.19) is the general term of the 
Poisson series, 


e~ Xi + \ter u + 


( 1 )( 2 ) 


+ 


(\0 3 e“ x * 
(1)(2)(3) 


+ * • • 


which says that the probability of one occurrence is \t times the probability of 
none; that the probability of two occurrences is \t /2 times the probability of one; 
that the probability of three occurrences is \t /3 times the probability of two; and 
so on. Now, if we let P t (n) represent the probability of n occurrences of an event 
per time interval or per area space, then from (7.19), and the Poisson series, we 
can see that 

Pt( 0) = e- x < 

P,(l) = \tPt( 0) 

Pt( 2) = (\t/2)P t (l) 

Pt( 3) = (X*/3)P«(2) 

P t (k) = (\t/k)P t (k - 1) 



Suppose that calls go through a telephone exchange at a mean rate of four 
calls per minute, at random. The probability that a call will occur at any instant 
is infinitely small, but the number of calls during a period of time, say, an hour, is 
extremely large. Under these conditions, the number of calls per minute is a 
Poisson variable, with \t = 4c and the following probability model: 


4 * 

p (x ;4) = e~ 4 — 


The individual terms of this probability distribution can be evaluated by (7.20) 
and are presented by Table 7.2 below. 

The distribution function of the Poisson variable, as usual, is obtained by 
adding the proper number of Poisson probabilities, which gives the probability 


TABLE 7.2 PROBABILITY DISTRIBUTION 
OF THE NUMBER OF CALLS WITH 
= 4 PER MINUTE 


X 

P(X = x ) 

X 

P(X = 

= x) 

0 

P t (0) = 0.0183* 

8 

P,( 8) = 

0.0298 

1 

Pt CD = 0.0733 

9 

P<( 9) = 

0.0123 

2 

P t (2) = 0.1465 

10 

P.(10) = 

0.0053 

3 

Pt( 3) = 0.1954 

11 

Pt (ID = 

0.0019 

4 

P f (4) = 0.1954 

12 

Pt( 12) = 

0.0006 

5 

P e (5) = 0.1563 




6 

P e ( 6) = 0.1042 




7 

P e (7) = 0.0595 





*Pt(0) = e~ 4 = 0.0183 by Table A-V in Appendix C. 
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of r or less occurrences. Its mathematical statement is 


^ p(x;Xt) ( 7 . 2 i> 

x = 0 

It can be shown that for the Poisson model, the expectation and the variance 
are identical and equal to Xt, namely, 


E{X) = V(X) = Xt 


(7.22) 


Due to the fact that E(X) = p = Xt, we can rewrite, for the sake of convenience 
and compactness, the probability and distribution functions of the Poisson vari¬ 
able as follows: 


jU 

p(x;n) = e~“ — 

XI 

and 

r 

P(r;n) = ^ p(x;h) 

x = 0 


(7.23) 


(7.24) 


Table A-V in Appendix C gives cumulative Poisson probabilities for selected 
values of p. (A fairly extensive table, Poisson’s Exponential Binomial Limits, 
tabulated by E. C. Molina, has been published by D. Van Nostrand Company. 
This table gives P(r;p) to at least six decimal places for p = 0.001(0.001)0.02 
(0.01)0.30(0.1)15.0(1)100.) 

Now, if we say t = 1, then we have p = X, the average number of occurrences 
per unit interval. This leads us to the observation that any size on the t axis can 
be used as the basic unit for specifying p. Once p is specified, the distribution of 
probabilities among all possible number of occurrences in an interval of any other 
size can also be determined. This is so because, with such an interpretation of X 
and Xt, whenever the basic interval is changed, p is changed proportionately. 
Thus, doubling the specified basic unit also doubles the expected number of 
occurrences per time unit. 

To illustrate the preceding arguments, let us use the telephone-call example 
mentioned above and ask: What is the probability that no more than two calls 
will occur during the next 2 minutes? 

To answer this question, we note that the expected value was given as four 
calls per minute. Since, for the Poisson variable, expectation is proportional to 
the size of the interval t, we have now p = 8 calls per 2 minutes; thus the desired 
probability is 

P( 2;8) = 0.01375 from Table A-V 

For the same distribution, what is the probability that no calls will occur in 
any interval of 30 seconds? 

Now, p = % = 2 per 30 seconds and 


P( 0>'2) — P t { 0) — e 2 — 0.1353 from Table A-V 

The foregoing property of the Poisson distribution should be familiar to us; 
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recall that for independent random variables, such as the Poisson variables, 
additivity holds for both expectation and variance. 

A manufacturer of woolen piece goods claims that the average number of flaws 
in his products is one per 2 square yards. A sample square yard of his product, 
selected at random, shows three flaws. What is the probability of obtaining three 
or more flaws in any 1 square yard if the manufacturer’s claim is valid? 

Here, we have a Poisson variable with ju = 0.5 per square yard, and the desired 
probability is 

00 2 

T p(z;0.5) = 1 - ^ V O;0.5) 

#=3 * = 0 

= 1 - P(2;0.5) 

= 1 - 0.98561 from Table A-V 

= 0.01439 

In view of this result, what can we conclude about the manufacturer’s claim? 

A certain state in the United States has, on the average, twelve traffic deaths 
every three months. What is the probability (a) that there are more than four 
traffic deaths, and (b) exactly four deaths, in any one month? 

Note that n 4 per month. Thus . 

oo 4 

(a) y p(x; 4) = 1 - ^ p(z;4) 

x — 5 x = 0 

= 1 - P (4 ;4) 

= 1 — 0.62884 from Table A-V 

= 0.37116 

(b) p(4;4) = P(4;4) - P(3;4) 

= 0.62884 - 0.43347 from Table A-V 

= 0.19537 

The Poisson distribution is positively skewed but its skewness decreases con¬ 
tinuously with continuous increase in the size of its expectation; see Figure 7.3. 
Thus, a Poisson distribution is completely defined by its ju, which, however, cannot 
be determined theoretically. Its value must be estimated empirically. The method 
of estimating ju involves, first, the selection of an interval of width t for events of 
interest occurring in time or space. Then, the observation of a large number of 
intervals, N, of width t, is required. Next, if for integer x = 0, 1, 2,' • * * , we let 
AT denote the number of intervals in which exactly x successes have occurred, 
then the total number of successes observed in the N intervals is 

T = 0(AT) + 1(AT) + 2(A 2 ) + • • • + x(N x ) + • • • 

where 

AT = No + Ni + * * • + N x + • * • 

Finally, the ratio T/N is used as an estimate of ju, that is, 

, T 

ju = estimate of p — —: 


(7.25) 
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Figure 7.3 Poisson distributions for t u =0.1, 1.0, 3.0, 10.0, and 20.0. 


Let us use, as an example of estimating the Poisson expectation, the data on 
the vacancies m the U.S. Supreme Court, either by death or by resignation of 
members reported by W. A. Wallis in “The Poisson Distribution and the Supreme 
Court, Journal of the American Statistical Association, Vol. 31, 1936, pp. 376-380. 
inese data are contained in the first two columns in Table 7.3. 

i * or data 111 Table 7 -3, there are 96 fixed intervals of one year each which can 
De thought ot as repeating a random experiment 96 times. Thus, we have N = 96. 


TABLE 7.3 


x: Number of 
vacancies in 
the year 

N x : Ob¬ 
served 
number of 
years with 
x vacancies 

p(x ;0.5): 
Probability of 
x vacancies 

96 p ( x ;0.5): 
Expected num¬ 
ber of years in 
which x vacan¬ 
cies occur 

0 

59 

0.6065 

58.22 

1 

27 

0.3033 

29.12 

2 

9 

0.0758 

7.28 

3 

1 

0.0126 

1.21 

over 3 

0 

0.0018 

0.17 


96 

1.0000 

96.00 
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In these 96 intervals, the total number of vacancies is 


T = 0(A r 0 ) + Ni + 2N 2 + 3W 3 = 0 + 27 + 2(9) + 3(1) - 48 
With the values of N and T, we have the estimate of ju for this Poisson variable as 




0.5 


T _ 48 
N ~ 96 

For the model under consideration, the probability function becomes 


p(x;0.5) = e~ 0 - 5 ^ 


xl 


The individual terms of this function are given in column three of Table 7.3. The 
last column of this table contains what may be considered as the theoretical values 
of the number of years in which x vacancies occur. Observe how close the expected 
numbers are to the actual numbers in this case. 


7.8 

Relations among the 
Special Discrete 
Models 


So far we have been concerned with some 
special discrete probability models. Before taking up continuous cases, it is 
important for us to realize that all the discrete models introduced are closely 
related to each other. We have already shown that the binomial variable may 
actually be considered as the sum of n identical Bernoulli variables. We shall 
proceed in this section to observe the relations among the binomial, the hyper¬ 
geometric, and the Poisson models. 

First, let us establish the relationship between the hypergeometric and the 
binomial distributions. Suppose that 30,000 of the 100,000 members of a union 
are in favor of a strike; if 10 members are selected at random, without replace¬ 
ment, then the probability that exactly x members in the sample arc in favor of a 
strike is given by the hypergeometric law 


/i(100,000;10,30,000,z) 


/30,000\ /100,000 - 30,000\ 
\ x )\ 10 - x ) 

/l00,000\ 

\ 10 ) 


If, however, the sample of 10 is drawn at random with replacement, and the 
probability of each independent trial remains constant at 30,000/100,000, or 0.3, 
then the binomial model is appropriate for the number of members in favor of a 
strike in the sample, and the probability function becomes 


6(x;10,0.3) = (0.3)*(0.7) 1 <>- 
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Now, the ratio of those in favor of a strike to the total number of union mem¬ 
bers will change only very slightly when a sample as small as 10 is drawn without 
replacement from a population as large as 100,000. In other words, when n is 
very small and N is very large, the probability of success will not change signifi¬ 
cantly from one draw to another, and successive draws can in effect be considered 
as independent. Thus, we would expect the binomial probability to approximate 
very closely the hypergeometric probability. So, in our numerical example, we 
would expect 6(ic;10,0.3) to yield very close approximations to /i(100,000,10, 
30,000, x). In general, it can be shown that if n, and therefore x, is very small 
compared to both k and N — k, then 

N — k\ 

n — x ) fn\ (k\ x /N — k\ n ~ x 

N\ “ W W \ N ) (7 26) 

n / 

which says: If a very small sample is taken from a very large population, then non¬ 
replacement (the hypergeometric model) and replacement (the binomial model) 
give approximately identical results. 

The practical utility of (7.26) is that, when conditions for its validity are met, 
we can obtain a good approximation of a hypergeometric probability by the more 
easily computed binomial probability. This approximation improves, given n, 
as N increases. When N becomes infinite, the hypergeometric and binomial prob¬ 
abilities become identical. Because of this, we say that the binomial model is the 
limit of the hypergeometric model as N approaches infinity. 

While the binomial can be used to approximate the hypergeometric probabili¬ 
ties, the binomial, in turn, can be approximated by the Poisson distribution. It 
can be shown that if n is large and p is small, then the binomial and Poisson 
models are related by the following equation: 




e~ np 


(np) x 


(7.27) 


where the individual binomial terms are replaced by corresponding Poisson terms 
with n = np. 

When we find it convenient to approximate the binomial by the Poisson, we 
must be sure to know what is meant by large n and small p. As a rule of thumb, 
if n > 100 and p < 0.01, the binomial and Poisson probabilities agree approxi¬ 
mately (to three decimal places) for every value of the random variable. Further¬ 
more, for those x values for which ((x — np) 2 /n) < 0.01, the two models agree 
to within 1 percent. Finally, if p is sufficiently small, satisfactory approximations 
of the binomial by the Poisson can be made even when n is as small as 10. Given 
a small p, the larger n is, the better the results. Given n, the smaller the p is, the 
more satisfactory the approximations. 

Table 7.4 gives the binomial probabilities for x — 0, 1, 2, 3, 4, and 5 with 
n = 10 and p = 0.1, and with n — 20 and p = 0.05, respectively. In each case 
the Poisson approximations are the same since p = 10(0.1) = 20(0.05) = 1. 
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TABLE 7.4 BINOMIAL DISTRIBUTIONS AND THEIR POISSON 
APPROXIMATIONS 


X 

0 

1 

2 

3 

4 

5 . . . 

6 (a;; 10 , 0 . 10 ) 

0.349 

0.387 

0.194 

0.057 

0.011 

0.0015 

6(^;20,0.05) 

0.358 

0.377 

0.187 

0.060 

0.013 

0.0022 

p(x; 1 ) 

0.368 

0.368 

0.184 

0.061 

0.015 

0.0031 


The above numerical illustrations reveal that Poisson approximations of the 
binomial probabilities are quite good even when n is as small as 10 or 20, and that 
for n — 20 the approximations are better than for n = 10. However, in practice, 
it would make no sense to approximate binomial probabilities by the Poisson 
values when the former can be read directly from tables. Speed is gained without 
sacrificing accuracy only when n is large and p is sufficiently small, and when the 
binomial probabilities cannot be obtained from published tables. 

Suppose that the probability that a newborn baby will die of a certain disease 
is 0.00002, what is the probability that out of 100,000 newborn babies (a) 4 or 
more, (b) exactly 4, will die of this disease? 

The probabilities required are clearly binomial. 

(a) The probability that 4 or more will die of this disease is 
100,000 

(0.00002H0.99 9 98) 100 - 000 -* 

2 = 4 

Rather than trying to evaluate this seemingly formidable expression, we would 
be well-advised to approximate it by the Poisson law, with 


y ^100,000 


So, 


ju = np — 100,000(0.00002) - 2 

100,000 3 

2 pO; 2) = l - Y, 

x =4 z=0 

= 1 - P(3;2) 

= 1 - 0.85712 from Table A-V 

= 0.14288 


(b) The probability of exactly 4 deaths is 

P(4;2) - P(3;2) = 0.94735 - 0.85712 from Table A-V 

= 0.09023 

In concluding this section, let us observe that just as the hypergeometric model 
takes the binomial model as its limit, so the binomial model takes the Poisson 
model as its limit. As such, the Poisson can also be employed to approximate the 
hypergeometric probability via the binomial distribution. We shall see, however, 
that all these probabilities can be approximated by a single probability model— 
the normal probability law—under appropriate conditions. 
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7.9 


The Continuous 
Uniform Distribution 


We begin our discussion of continuous 
models with a simple and familiar case. A random variable whose value can lie 
only in a certain finite interval for finite numbers a and b , for example, X — {real 
number x : a < x < b }, has a uniform or rectangular distribution if its probability 
density function is constant over the interval from a to b. Thus, for a continuous 
uniform model, the probability of any event which is a subinterval of (a, b) would 
be just the length of that interval in ( a,b ); but the probability of an event which 
has no points in common with (a, b) is zero. The density function of a continuous 
random variable X can therefore be written as 


r(x) = --, if a < x < b 

b — a 

— 0, otherwise 


(7.28) 


It can be shown that by integrating (7.28), we obtain the distribution function of 
the uniform model as 

R(x) =0 if x < a 
x — a 

= 7 if a < X < b ( 7 . 29 ) 

b — a 

= 1 if x > b 


Figure 7.4 gives the density function of the continuous rectangular distribution. 

The rectangular model has a and b as its parameters. Its expectation and 
variance, respectively, are 

py _ ( a + ^) 

A (A) - -- (7.30) 

and 


F (X) = 


(b - a) 2 
12 


(7.31) 


Note that when a random variable is uniformly distributed over the interval 
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Figure 7.4 Density of a uniform distribution. 
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from X = a to X = b, its density is symmetrical about the center of the interval 
(a + b)/2, and thus this value is both the mean and the median of the distribution. 
Furthermore, a uniform model is quite analogous to a uniform distribution of mass 
along a line, such as a uniform thread. As such, the variance of a uniform model 
(, b — a) 2 / 12 is a measure of the moment of inertia about the center of gravity of 
a uniform thread of mass with length (b — a), where, in the case or probability, 
mass = 1. 

Subway trains on a certain line run every half hour between midnight and six 
in the morning. What is the probability that a man entering the station at a 
random time during this period will have to wait at least 20 minutes? 

The random variable T = Time to the next train, under the assumption of 
random time of the man’s arrival at the station, is uniformly distributed on 
0 < T < 30. The probability that he has to wait at least 20 minutes is 

P(T > 20) = P(20 < T < 30) = = }i 

Furthermore, it may be checked that for T here, the mean wait is 15 minutes 
and V(T) = 75. 


7.10 

The 

Exponential Model 


The exponential probability model can 
be derived in a number of ways. One way which can be readily understood is to 
think of the exponential model as generated from the Poisson process. For 
example, if the arrivals of automobiles at a tollbooth follow the Poisson law, then 
the distribution of the length of time between successive arrivals is an exponential 
variable. Alternatively, the exponential model arises in response to the question: 
If a sequence of events occurs in time according to the Poisson law, at the rate of 
ju events per unit of time, how long a time need one wait to observe the first occur¬ 
rence of an event? 

The answer to the foregoing question suggests a method of constructing the 
exponential model from the Poisson distribution. Now, let us denote X as the 
variable, time, between events and proceed to determine the distribution function 
of X by evaluating the event X > x for any specific time interval x. The event 
X > x implies that it is an event which has not yet occurred in the time interval 
(0,x). By the Poisson law, this probability is seen to be 

(fix) ® 

P(X > x) — P(no occurrence in (0,x)) = = er^ x 

As a result, the CDF of X —the cumulative distribution function of the exponen¬ 
tial variable—becomes 


X(x) = 1 - P(X >*) = !- e~ fiX 


(7-32) 
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where g is the average number of occurrences per unit of time or space in the 
Poisson distribution, x is the time interval between occurrences, and e is the base 
of natural logarithms which is approximately equal to 2.71828. A brief table of 
exponential functions are given in Table A-VI in Appendix C. 

The density function of the exponential variable, as can be shown by differ¬ 
entiating X(x), is 

X(x) = tie-** (7.33) 

Very often, the exponential model is considered as a special case of what is 
called the gamma distribution , and the exponential density and distribution 
functions are written in following forms: 


, , 1 


x(x) = - e~ x! ® 

(3 

(7.34) 

X(x) = 1 — e~ xl& 

(7.35) 


where (3 (Greek Beta) = 1/g. 

The expectation and the variance of the exponential distribution are found to 
be, respectively, 

E(X) — = - (7.36) 

M 

and 

7(X) = P = - (7.37) 

Thus, in the Poisson case expectation and variance are equal, and in the exponen¬ 
tial case expectation and standard deviation are equal. It is also interesting to 
note that the mean of the exponential model is the reciprocal of the mean of the 
Poisson model. This is a natural result, since the exponential variable refers to 
time between successive Poisson occurrences. In this connection, we see that the 
mean of the exponential model must be interpreted as the average time interval 
between Poisson occurrences, or the expected time until the first occurrence of 
the event. 

The distribution of lengths of time during which a certain make of computer 
operates effectively, that is, hours of effective operation before the first break¬ 
down, is exponential with an expectation /3 = 360 hours. What is the probability 
that the computer will operate effectively for 180 hours or less? More than 720 
hours? 

As stated in the problem, the density function of A, the exponential variable 
lengths of time, is 

x(x) = e ~ x/u0 , (0 < x < oo) 

whose graph is shown by Figure 7.5. 

The exponential distribution function in this case is 

X(x) = 1 — <?-*/36o 
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x(x) 



Now, at points of 180 and 720 hours (see Figure 7.5), we have 

X(180) = 1 - e~ 180 /^ 

= i _ e -o.5 

= 0.3935 from Table A-VI 


and 


X(720) = 1 - e~ 720 ^ 60 
= 1 - e- 2 

= 0.8647 from Table A-VI 

Thus, the probability that the computer will operate effectively less than 108 
hours is 


P(X < ISO) = X(180) = 0.3935 

and the probability that it will operate effectively more than 720 hours is 

P(X > 720) = 1 - P(X < 720) = 1 - X(720) = 1 - 0.8647 = 0.1353 

Workers join a waiting line in front of a workshop to receive tools with an 
average time between arrivals of 2 minutes. According to the Poisson law, (a) what 
is the probability that 4 minutes will elapse in which no worker arrives? (b) what 
is the probability that in a 4-minute interval at least two workers arrive? 

In this example, Poisson probabilities are required, but the mean of a corre¬ 
sponding exponential distribution has been given as (3 = 2 minutes. From this, 
we must first obtain the average number of Poisson occurrences per unit of time. 
By (7.36), we see that (3 — 1/ju, so we have p = 1/(3 and, for our problem, 
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A = 1/2 = 0.5 arrivals per minute. Thus, 

(a) P(no arrivals in (0,4)) = p(0;0.5) = e~ 0 - 5 ^ = e -2 = 0.13534 

from Table A-V 

(b) P(at least two arrivals in (0,4)) = P(two or more arrivals) 

= 1 - P(Z < 1) = 1 - P(1;(0.5)(4)) = 1 - P(l; 2) = 1 - 0.40601 

= 0.59399 from Table A-V 

The exponential distribution is of great importance in applied probability 
theory because it can be used to describe a variety of random situations. In man¬ 
agement science, one often encounters such operational problems as determining 
the number of tollgates required at highway entrances, the number of telephone 
lines for serving a given area, the number of helpers at a cafeteria, and so forth. 
In each of these situations, there is a common feature—the existence of a timewise 
variable demand for service which can be satisfied by a specific number of servers. 
This timewise variable demand is found to obey the exponential law. Further¬ 
more, recent studies also reveal that the exponential model describes well the 
lengths of waiting time, and such numerically valued random phenomena as the 
life of an electronic tube, the time intervals between breakdowns of electrical 
mechanism or between accidents of many kinds, and so on. We shall have another 
opportunity to consider applications of this model when we take up operation 
research problems in a later chapter. 


7.11 

The General 
Normal Model 


The most frequently used probability 
model in economic and business decisions is the normal distribution , which may be 
stated in the general or standard form. A random variable is said to have a general 
normal distribution if it is continuous, if the constants ju (with a value between 
— oo and oo) and a (with a value greater than zero) exist, and if its density 
function is given by the following expression: 

n(x) = n(u,c) = — 1 7 = e - 0 -/U 2 / 2 <r 2 (7 _ 38) 

cr V27T 

where /x and cr are, respectively, the mean and the standard deviation of the normal 
variable, e — 2.71828, and x = 3.14159. The reader should not worry about his 
inability to comprehend this seemingly formidable formula, since he will learn 
immediately that calculation of normal probabilities can be made easily from 
published tables. He is, however, advised to learn about the geometric properties 
of the graph of the normal density function as shown by Figure 7.6 and as dis¬ 
cussed in the following paragraphs. 
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Figure 7.6 Graph of the general normal density function. 


First, a normal distribution has as its parameters g and <j (or a 2 ) in the sense 
that the area under its density curve (normal probability) is completely defined 
by the distance between g and a specified value of a. As such, the working part of 
the normal density is the exponent — (x — ix) 2 /2a 2 because it contains a particular 
value of the normal variable, X, and the parameters g and a 2 of the distribution. 
The greater the deviation is of a particular x from g, the greater is the numerator 
of this exponent. However, this deviation is a squared quantity; as such, two 
different values of X showing the same absolute deviation from g have the same 
probability. This reflects the fact that the normal distribution is symmetrical 
with respect to g. That is, n(n + x) — n(ix — x) . For example, 

P(m - 0.67(7 < X < m) = P(m < X < m + 0.67(7) = 0.2500, or 
P(m ± 0.67(7) = 0.5000 

P(m - (7 < X < u) = P(m < X < g + ( 7 ) = 0.3415, or 
P(m ± ( 7 ) = 0.6830 

P(m - 1.96(7 < X < n) = P(jx < X < n + 1.96(7) = 4750, or 
P(g ± 1.96(7) = 0.9500 

P(n - 2.58(7 < X < g) = P(g < X < ix + 2.58(7) = 0.4950, or 
P(m ± 2.58(7) = 0.9900 


and so on. 











220 SPECIAL PROBABILITY MODELS 


Second, the fact that the exponent —(x — fx) 2 /2a 2 is negative as a whole 
indicates that the greater the deviation of Z from fx, the smaller will be the 
probability density of Z. That is, both tails of the normal distribution experience 
decreasing density since the further X is from fx, the lower the height of the density 
function curve becomes. In this connection, we see that, when the value of X is 
identical with g, the exponent is zero and, therefore, the density is reduced to 

I/VV^tt, the largest value of the normal density. Thus, the normal distribution 
is unimodal, with the modal value at X = /x. 

Third, the curve for n{ix,<r) has two points of inflection, located at a distance of 
a from either side of the mean g. 

Fourth, the normal distribution has an infinite range so that its density curve 
never touches the X axis. As a consequence, any interval of numbers will have 
nonnegative probability. However, the probability of large deviations from g is 
negligibly small, as can be seen from the fact that the density curve falls off 
quickly and that more than 99 percent of its area is enclosed by ix ± 3<r. This 
property enables us to use the normal distribution to approximate other distri¬ 
butions for which the true range is finite. 

Fifth, a change in the value of g displaces the whole normal distribution, 
while a change in the value of a merely alters its relative position with reference 
to a fixed scale. These facts indicate that the normal distribution is really a family 
of distributions. See Figure 7.7. 

Sixth, a linear change of scale for a normal distribution results in a new normal 
distribution. That is, if Z is a normal variable, then Y = a + 6Z, for a ^ 0, is 
also a normal variable. 

Seventh, if X h Z 2 , * • • , X n are independent (or merely uncorrelated) 
normal variables, then their sum, S, is also a normal variable. Furthermore, 
because of independence, the additivity property holds for both the expectation 
and the variance here. That is, the expectation of S is the sum of the expectations 


ni/i.cr) 
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Figure 7.7 (a) Normal distributions with the same standard deviation, different 
means; (b) normal distributions with the same mean, different standard 
deviations. 
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of the n normal variables. Also, the variance of S is the sum of the variances of 
the n normal variables. 

Finally, if X is normally distributed with g and a, then Z = (X — g )/< 7 18 also 
normally distributed. This transformation from X to Z, as it may be recalled, is 
named the Z transformation and has the effect of reducing X to units in terms of 
standard deviations. In other words, given a value of X, the corresponding Z 
value tells us how far away and in what direction X is from its mean,^, in terms 
of its standard deviation, a. For example, Z — 1.5 means that the particular value 
of X is 1.5(7 to the right of \x. Similarly, Z = — 2 means that the particular X 
value is 2cr to the left of g. This property of a normal variable, as we shall see 
immediately, enables us to compute normal probabilities, irrespective of values of 
ix and cr, from a single probability table for the standard normal distribution. 

The normal distribution was first discovered by Demoivre as the limiting form 
of the binomial model in 1733. It was also known to Laplace no later than 1774, 
but through a historical error, it has been credited to Gauss, who first made refer¬ 
ence to it in 1809. Throughout the eighteenth and nineteenth centuries, various 
efforts were made to establish the normal model as the underlying law ruling all 
continuous random variables—thus the name “normal.” These efforts failed 
because of false premises. The normal model has, nevertheless, become the most 
important probability model in statistical analysis. There is a number of reasons 
why this is true. 

First, many continuous random variables, such as heights of adult males, 
intelligences of school children, diameters of auto tires of a certain make, tensile 
strengths of steel wires produced by a certain process, and the like, are normally 
distributed because of what is known, or presumed to be true, of measurements 
themselves. In this connection, it is particularly interesting to note that “errors” 
of repeated measurements of a given dimension are hypothesized to follow the 
normal probability law. Any measurement or observation is assumed to represent 
a true magnitude plus an error. Each error has a magnitude itself, resulting from 
a vast collection of factors operative at the moment. Each factor has but a tiny 
effect on the size and direction of the error; furthermore, errors of measurement 
work independently with equal force to push the observed measurement up or 
down, and therefore cancel out in the long run. Thus, we think of errors of meas¬ 
urements as reflections of chance variations which are normally distributed with 
zero expectation. 

Second, as we shall see in Chapter 8, the normal distribution serves as a good 
approximation of many discrete distributions, such as the binomial or the Poisson 
model, whenever the exact discrete probability is laborious to obtain or impossible 
to calculate accurately. 

Third, in theoretical statistics, many problems can be solved only under the 
assumption of a normal population. In applied work, as well, we often find that 
methods developed under the normal probability law yield satisfactory results, 
even when the assumption of a normal population is not fully met, despite the 
fact that the problem can have a formal solution only if such a premise is 
hypothesized. 

Finally, and most important of all, as we shall find in the following chapter, 
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distributions of many sample statistics computed from large samples approach the 

normal distribution as a limit. As a result, our work on statistical inferences is 
made easier. 

Let us now turn to study the standard normal distribution, which enables us 
to compute probabilities for any general normal distribution simply by looking at 
published normal probability tables. 


7.12 

The Standard 
Normal Model 


As we discussed in Chapter 6, it is often 
easier to work with standardized probability distributions. This is especially true 
when we have a density function, such as for the normal variable, involving 
indefinite integrals which cannot be reduced to elementary functions. For the 
sake of speed and efficiency in practical work, the concept of the standard normal 
distribution is indeed indispensable. 

A normal distribution is said to be of the standard form if its mean is zero and 
its variance, therefore the standard deviation, is unity. From the density function 
of the general normal distribution, we can see that the probability density of the 
standard normal distribution must be 


n(x) = n( 0,1) 


1 


e -x>/2 


(7.39) 


The cumulative distribution function corresponding to the standard density, 
n(0,l), as does any other CDF, gives the probability that the standard normal 
variable assumes a value equal to or less than x, and can be obtained by inte¬ 
grating (7.39); namely, 


N(x) = TV(0,1) = yy n(u)du = P{X < X ) ( , m 

where J_ ^ is an integral sign and means the area under the standard normal 
density curve from — oo to x. 

Graphs of the standard density and distribution functions are shown in Figure 
7 ' 8 ' From these graphs, it can be seen that the standard normal distribution has 
the same geometric properties as a general normal distribution, with the exception 
that the former has zero mean instead of any real number and unity variance 
instead of any positive number. 

Any general normal distribution, n(n,a), can be converted into the standard 
normal distribution, »(0,1), by the Z transformation; that is, if X is any normal 
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n (0,1) 


N( 0,1) 




Figure 7.8 Standard normal density and distribution functions. 


variable, then its distribution function can be expressed as follows: 

NM = P(X <x) = P(m + aZ < x) = p(z < = N <7 ' 41) 

Thus, given n(n,a) for any real numbers a and b, with a < b, we would have 

P(a < X < b) = N(b) - N(a) = N - N <™ 2 > 


As a result, we can compute probabilities for any normal model if w T e have avail¬ 
able an extensive table for 7i(0,l) or for N( 0,1). Furthermore, since the normal 
distribution is symmetrical about its mean, that is, n( — x) = n{x) or N( — x) = 
1 — N (x ), it is sufficient to know only the positive values of the normal function 
in order to know all its values. A table of N( 0,1) is given as Table A-VII in 
Appendix C. We shall now see how to compute normal probabilities by employing 
expression (7.42) and Table A-VII. 

An aluminum factory produces, among other things, a certain type of alumi¬ 
num-alloy channels. According to past experience, it is known that the stiffness, 
measured in effective El psi , is normally distributed with ^ = 2,425 psi and 
cr = 115 psi. This distribution is portrated by Figure 7.9(a). 

(1) What is the probability that an aluminum-alloy channel selected at 
random from this process will have a value between 2250 and 2425, psi? 


answer: P(2250 < X < 2425) = W(2425) - V(2250) 

„ /2425 - 2425\ „ /2250 - 2425\ 

- N \— nr -) 

= N( 0) - V( —1.52) 

= V(0) - (1 - V(1.52)) 

= 0.5000 — (1 — 0.9357) from Table A-VII 
= 0.4357 

See Figure 7.9(b). 

(2) What is the probability that the channel drawn will have a value between 
2250 and 2500 psi ? 
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answer: P(2250 < Z < 2500) = N QQ ^ 2425 ^ _ # ^ 225Q ^ 2425 ^ 

= #(0.65) - #(-1.52) 

— 0.7422 — 0.0643 from Table A-VII 

= 0.6779 

See Figure 7.9(b). 






Figure 7.9 Graphic normal probabilities for the aluminum illustrative problem. 



7.12 THE STANDARD NORMAL MODEL 225 


(3) What is the probability that the channel drawn will have a value between 
2525 and 2625 psi? 


answer: 


P(2525 < X < 2625) = X(1.74) - #(0.87) 

= 0.9591 — 0.8078 from Table A-VII 

- 0.1513 


See Figure 7.9(c)- , , 

(4) What is the probability that the channel drawn will have a value greater 

than 2500 psi? 


answer : 


P(X > 2500) = 1 - N (0.65) 

— 1 — 0.7422 from Table A-VII 

= 0.2578 


See Figure 7.9(d). 

(5) What is the probability that the channel drawn will have a value less than 
2200 psi? 


ANSWER: 


/2200 - 2425 
P(X < 2200) = N ^- — - 

= #(-1.96) 

= 0.0250 




from Table A-Vli 


See Figure 7.9(e). 

If X is a normal variable with /i = 80 and a = 30, then 

T /100 - 80\ 

(1) P(X < 100) = N { - - -J 

= IV(0.67) 

= 0.7486 

(2) P(X > 100) = 1 - P(X < 100) 

= 1 - X(0.67) 

= 1 - 0.7486 
= 0.2514 


from Table A-VI 


from Table A-VII 


(3) 


/150 - 80\ „ /100 - 80\ 
P(100 < X < 150) = N ) - N 


JV(2.33) - AT(0.67) 

= 0 2415 from Table A-VII 

(4) P(|X - 100| > 25) = 1 - P(|X - 100| < 25) 

= 1 - P( —25 < X - 100 < 25) 

= 1 - P(75 < X < 125) 

= 1 - (P(X < 125) - P(X < 75)) 

= 1 - (X(1.5) - X( —0.17)) 

= 0 5007 from Table A-Vi I 

An output consists of four components which are produced independently. 
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The over-all length of this product is the sum, S, of the lengths of the four com- 

ponen s, 1 , 2 , 3 and X 4 , all normal random variables with means and vari¬ 

ances as follows: 


Mi = 2 inches, 
M 2 = 1 inch, 

M3 = 0.5 inch, 

M4 = 1.5 inches, 


o 1 2 = 0.010 
<r 2 2 = 0.006 
<r 3 2 - 0.004 
* 4 2 = 0.011 


lat is the probability that the over-all length for £ will meet the specification 
01 0 ± 0.10 inches? 

Here, the desired probability is P(4.9 < S < 5.1). Since lengths of the four 
components are independently and normally distributed, S must be normally 
distributed also and we must have 


Ms — mi + M 2 + ms + M4 = 5 inches, 

and 

<r» = vW + <r 2 2 + o- 3 2 -f. o - 4 2 = Vo.031 = 0.176 inches 
Consequently, 


P(4.9 < S < 5.1) = AT(0.57) - iV(-0.57) 

= 0.4314 from Table A-VII 

The preceding result indicates that, on the average, only 43 percent of outputs 
can be evpected to meet the predesignated specifications. This is a very low proba¬ 
bility for problems of this kind; the management should either increase the pre¬ 
cision of producing the components (reducing variability in production), or relax 
the standards if relaxation does not impair the output's utility. 

It is estimated that a certain machine, on the average, can replace 10,000 
man ours and chances are 50:50 that the saving in terms of mean time could be 
more than 10,500 hours or less than 9500 hours per week. Now, assuming that a 
specific normal distribution will fit these estimates, what is the probability that 
the machine will actually replace less than 9000 man hours per week? 

To solve this problem, we must first find the value of the standard deviation 
lor this distribution. To do so, we note that the central 50 percent of the area of a 
normal distribution is enclosed by „ ± 0.67<r. For the problem, we have 

10,500 - 9500 

---- = 0.67* 

That is, if we shift m either the positive or negative direction by 500 hours from 
the mean, we shift 0.67o- away from the mean. So, 

500 = 0.67o- 

and 

500 

a ~ TTnn = 746 hours 

0.67 
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With this, the desired probability is seen to be 

/9000 - 10,000\ 

P(X < 9000) = N - — -j 

= A'(— 1.31) 

= 0.0951 from Table A-VII 

What does this result mean? 

7.13 

Summary 
and Conclusions 


Discussion of probability models is an 
essential step in statistical inference, since we are required to select a model to 
describe the behavior of the data at hand. We have in this chapter investigated 
some important special probability models which are known to characterize a 
large class of random experiments. While in most cases we have tried to derive 
formulas under different sets of assumptions, we have emphasized throughout 
that the student should learn to associate the correct model with the problem at 
hand instead of trying to memorize mathematical statements. As the reader can 
now agree, calculations of probabilities for various models are quite simple because 
extensive tables are available. 

We began with what is called the Bernoulli model with reference to a random 
variable which can assume only two values. Then we introduced the binomial 
distribution as the sum of n independent Bernoulli trials, with the probability of 
success for each trial remaining as a constant, p. In the binomial case, the two 
numbers n and p determine the probabilities and may be called parameters of the 
distribution. The binomial model is appropriate when we think of sampling from 
an infinite population or sampling with replacement from a finite population, 
where the elements of the population, infinite or finite, can be classified into two 
mutually exclusive categories. 

We also treated the binomial model as a special case of the multinomial 
model, which describes the result of n independent trials of an experiment which 
can be classified into k mutually exclusive classes. We have mentioned the multi¬ 
nomial model merely for the purpose of reference; we shall not use it in our 
future work. 

In general, the hypergeometric model is appropriate when a random sample of 
size n is drawn without replacement from a population of N items, k of which 
have a certain characteristic. In contrast to the binomial model, the hypergeo¬ 
metric probability of success changes from one selection to another because suc¬ 
cessive draws are dependent. It is intuitively clear, however, that if N is large 
relative to n, the change in k/N could be small enough to be of no consequence. 
To an extreme, as N becomes infinite, k/N would become a fixed ratio and the 
hypergeometric probabilities would approach the binomial probabilities with 
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V k/N . In practice, we are satisfied to approximate hypergeometric probabili¬ 
ties by the binomial values when the sample size is small in relation to the size of 
the population. 

The discrete uniform model refers to a random variable generated by an 
experiment which can terminate in n mutually exclusive and equally likely ways. 
One important application of this model arises when we seek a simple random 
sample from a finite population. When a sample of size n is drawn from a popula¬ 
tion with N items, on each selection the distribution is uniform and the probability 

of drawing any specified set of n elements is 1 /(^). In practice, requirements 

of simple random samples, unconditional and conditional, are satisfied by using 
a table of random numbers constructed with an underlying uniform distribution 
of the ten digits from 0 to 9. 


The Poisson model is useful in certain situations in which some kind of event 
occurs repeatedly at random during a time interval or an area of space. A Poisson 
variable may be considered as the number of occurrences of an event in a time 
interval or an area of space with possible values 0, 1, 2, • • • . The Poisson model 
can also be considered as the limit of the binomial when n is large and p is small. 
To approximate the binomial probabilities by the Poisson values, we use p = np 
and p/n = p. In this connection, situations may arise in which the hypergeo¬ 
metric is approximated by the binomial, which, in turn, is approximated by the 
Poisson probability. 

As the first continuous model, we introduced the continuous uniform, or rec¬ 
tangular, distribution. If the density function of a random variable is constant 
over some region of values and zero elsewhere, the variable is said to be uniformly 
distributed over that region. The density of a uniform model is symmetrical about 
the center of the interval on which it is defined; hence the central number is both 
the mean and median of the distribution. 


Next, we took up the exponential model, which is also called the negative 
exponential or Laplace distribution. This model has its origin in the Poisson proc¬ 
ess. For example, if the number of incoming telephone calls per unit of time obeys 
the Poisson law, then the distribution of lengths of time between successive 
telephone calls is exponential. The density function of the exponential variable 
gives us the probability of the length of time one has to wait to observe the first 
occurrence of a Poisson event. In the case of Poisson, the mean and the variance 
are equal; in the case of exponential, the mean and the standard deviation are 
equal. The exponential model is especially useful in describing the queuing 
phenomena, to be discussed in Chapter 22. 

The last probability model we discussed is the normal distribution, which has 
been given in both the general and standard forms. This model is by far the most 
important among all the special probability distributions we have so far investi¬ 
gated. It is important for a number of reasons. First, many random phenomena 
are known to follow the normal probability law. Second, this model gives a rea¬ 
sonable enough approximation to many other distributions. Third, many other 
continuous distributions, such as the t, the chi-square, and the F distributions 
(to be discussed in the future) are derived from the normal distribution. Finally, 
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as we shall see in the following chapter, the distribution of many a sample statistic 
approaches the normal model as a limit when the size of the sample becomes 
sufficiently large. Thus, as we proceed with our analytical work, we should have 
the normal probability model in mind almost all the time. 


Glossary of Formulas 


(7.1) n — p and (7.2) <x 2 = pq 

These are the mean and the variance of the Bernoulli model. A random variable is said to be 
of the Bernoulli type if it can assume only two values: E, with p as its probability of occurrence, 
and E, with q as its probability of occurrence. Here, p + q = 1. 


(7.3) b(x;n,p ) — ( ) p x q n ~ w (7.4) B(r\n,p) 


^ b(x;n,p) 


x = 0 


(7.5) B(r;n,p) = 1 - B(n - r - 1 ;n,q) (7.6) E(X) = np (7.7) 7(X) = npq 

This group of equations is concerned with the binomial probability model. The first is the binomial 
probability function, which gives the probability of obtaining exactly x successes in n independ¬ 
ent trials of an experiment whose outcomes can be classified into two mutually exclusive 
categories, successes and failures, with probability of success for any single trial as p. The 
second gives the cumulative probabilities of a binomial variable. The third states the fact that, 
to obtain cumulative binomial probabilities from published tables, p and q can be interchanged 
by interchanging the roles of successes and failures. This is valid because the probability of r 
or fewer successes is the same as the probability of n — r or more failures. The last two expres¬ 
sions here are the expectation and variance, respectively, of a binomial distribution. They are 
derived by considering a binomial variable as the sum of n independent Bernoulli variables. 


(7.8) m(xi, • • • , Xk) pi, • • • , pk) - ( n ] pi x ip 2 x * • • • Pk Xk The multinomial 

\*i, • • • , x k / 

probability function gives the probability of obtaining exactly x\ occurrences of the first kind 
of outcome, • • • , and exactly Xk occurrences of the Mh kind of outcome, when n independ¬ 
ent trials are made of an experiment which is capable of yielding k possible mutually exclusive 
outcomes. Here, pi refers to the probability of success of the ith outcome in each trial, and 
Pi + • • • + p n = 1. Also, each of the xs can take on any of the values 0, 1, • • • , n, but 
x i + • • • + Xk — n. It is possible to modify this expression to cover a situation where one’s 
interest might be in the probability of the exact number of occurrences of a few, instead of all, 
the occurrences of all possible outcomes. 

(7.9) E(Xi) = npi and (7.10) V(X 4 ) = np t (l - Vi ) 

The number of possible occurrences of each possible outcome in the multinomial model for n 
independent trials may be treated as an individual variable whose expectation and variance are 
given as these two equations. 


(7.11) h(N,n,k,x) = 


(*)("-*) 

\x/ \n — x/ 


( 7 . 12 ) H(N,n,k,r) = P(X < r) = £ HN,n,k,x) 

x = max (0,n. — (N - k)) 
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(7.13) EW - » (|) (7.14) V( X ) = (~) - (|) (^) 

(7.15) h(N,n,k,x) = h(N,k,n,x ) (7.16) H(N,n,k,r ) = H(N,k,n,r) 


The hypergeometric model refers to a random sampling process made without replacement 
from a population which is finite with N items, k of which possess a certain trait and N — k of 
which do not possess such a trait. Now, if a conditional random sample is drawn, (7.11) gives 
the probability that exactly x items are of type k, and (7.12) defines the cumulative probability 
function of this hypergeometric variable. The expectation and the variance of this model are 
given by (7.13) and (7.14), respectively. Equations (7.15) and (7.16) state the unique property 
of a hypergeometric distribution that when k and n are interchanged there will be no effect on 
probabilities. 

(7.17) u(x;n) = - This is the probability function of a discrete uniform variable. This model 

n 

is appropriate when an experiment can terminate in n mutually exclusive and equally likely 
outcomes. An important aspect of this model is that it furnishes a practical means of selecting 
a random sample from a finite population. 




(7.18) u(x;r) = 1 / ( ) Under the assumption that a sample of size n is drawn from a 

uniformly distributed population with N elements, then the distribution of all possible sample 

/ N\ 

of size n are also uniformly distributed. Here, r is equal to ( ], the number of all possible 

w 

samples of size n. 


(7-19) 

(7.20) 


(7.25) 


p(x;\t) — e x< 7 - 

(7.21) P(r;\t) - V p(x;) 

x\ 

u 

x — 0 

P t ( 0) = e~ x< 

(7.22) E(X) = V(X) = \t 

Pt( 1) = UP t ( 0 ) 

, A* 

Pt (2) = (X*/2)P,(1) 

(7.23) p(*;/*) = e-*- 
x ! 

Pt( 3) = (M/3)P,(2) 

r 

P t (k) = {\t/k)P t (k - 1) 

T 

*-N 

(7.24) P(r; M ) = T p(x;n) 

x-0 


Equations (7.19) through (7.25) are connected with the Poisson probability model. A Poisson 
variable is the number of occurrences of an event in an interval of time, or an area of space, t, 
and it can take on values of 0, 1, 2, • • • . The Poisson probability function (7.19) defines the 
probability of success, exactly x occurrences of an event, during a period of time or in a space, 
given the average number of occurrences in a given interval, \t. (7.20) gives the individual prob¬ 
abilities of a Poisson variable. It reveals that the probability of nonoccurrences is e~ Xj , the 
probability of one occurrence is \t times the probability of none, and so on. Formula (7.21) is 
the Poisson distribution function. Equation (7.22) indicates that the expectation and the variance 
of a Poisson distribution are identical. Because \t — ju, here, the probability and distribution 
functions of a Poisson variable can also be written more compactly as (7.23) and (7.24). The 
last expression in this group furnishes a means of estimating a Poisson expectation, where T 
refers to the total number of successes observed in N intervals and N is the total number of 
observed intervals. 


N — k 


n 


). 




k V (N - k 

N) \ N 


) 


(7-26) 


n—x 


This expression shows that when n is 
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very small relative to sampling without replacement (hypergeometric) and sampling with 
replacement (binomial) give approximately the same probabilities. Thus, under these conditions 
the binomial can be employed to approximate the hypergeometric probabilities. 



Poisson values. Thus, when these 
mate the binomial probabilities. 


When n is large and p is small, the binomial approaches the 
conditions are met, the Poisson may be employed to approxi- 


(7.28) r(x) - —^—> if a < x < b 
o -- a 

* 

= 0, otherwise 


(7.29) R(x) =0 if x < a 
x — a . 

= r- if a < x < b 

o — a 

= 1 if x > b 


(7.30) E{X) = (« + &)/ 2 

(7.31) V(X) = (b - a)7 12 


This group of formulas define the continuous uniform or rectangular probability model A 
random variable X = {real number x: a < x < b] is said to have a uniform distribution if its 
probability density function is constant over the interval (a,b), as indicated by (7.28). The last 
three equations give, respectively, the cumulative function, the expectation, and the variance 
of a continuous uniform variable. 


(7.32) X{x) = 1 - e-** 

(7.33) x(x) = pe~/* x 

(7.34) x(x) = (l//3)e~ x/ P 


(7.35) X(x) = 1 - e~*'0 

(7.36) E(X) = /3 = 1/ M 

(7.37) V(X) = p = 1/ m 2 


The first two equations in this group are the cumulative distribution and the density function 
of an exponential variable derived from a Poisson process. The exponential variable is then 
considered as the time interval between Poisson occurrences. Note that here /is the Poisson 
average number of occurrences per unit of time or space. The exponential model may also be 
considered a special case of the gamma distribution and its density and distribution functions 
may then be given as (7.34) and (7.35). Note now that 0 = l/„. Note also that the expectation of 
the exponential distribution is the reciprocal of the mean of the Poisson model and as such 
it should be interpreted as the expected time until the first occurrence of a Poisson event! 
Finally, the expectation and the standard deviation of the exponential model are identical. 


(7.38) n(x) - n(n,o) - ^ __ e (• rt/iw. This is the density function of a general normal 

probability model. A random variable is said to be normal if its mean a constant which may 
be any real number, and its variance or standard deviation, a constant which is any positive 
number, exist and if its density function is given by this mathematical expression. 

(7.39) n(x) = »(0,1) — — L = e 

■%/ 27T 


(7.40) N(x) = AT(0,1) = n(u)du = P(X < x) 

These are the density and distribution functions of the standard normal distribution. This model, 
as does any standardized random variable, has zero mean and unit variance. Any general 
normal distribution can be converted into this form by the familiar Z transformation. This 
possibility makes calculations of normal probabilities a relatively easy task. 

(7.41) NM - P(X < X) - P0, + vZ < X) = P (z < = N (tXlA By way of 

the Z transformation, the distribution function of any general normal distribution can be 
expressed as given here. 
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(7.42) P(a <X <b) = N(b) - N(a) = N (^ 7 ^) ~~ N \ Th ' S expresS '° n fo1 ' 

lows readily from (7.41). Given n(n,<r) and any real numbers a and b, with a < b, then the prob¬ 
ability of any value of nM which would fall within the interval ( a,b ) can be directly obtained 
from a table of standard normal probabilities. 


Problems 


7.1 What is a probability model? 

7.2 Under what conditions is the binomial 
probability model appropriate? 

7.3 Cite some business and economic prob¬ 
lems in which you know the binomial model 
can be applied. 

7.4 Can you think of some business and 
economic situations in which the multinomial 
probability is required? 

7.5 Under what conditions does the hyper¬ 
geometric probability model arise? 

7.6 What is the difference between the 
binomial and the hypergeometric probability 
laws? Under what conditions can you obtain 
satisfactory approximations of hypergeometric 
probabilities by the binomial probability law? 
In doing this, what expression should you use 
in place of the binomial parameter p? 

7.7 How is the discrete uniform or rectangu¬ 
lar probability distribution defined? What is its 
major application? 

7.8 How does the Poisson probability model 
differ from the binomial and hypergeometric 
models? 

7.9 How does the binomial distribution ap¬ 
proach the Poisson distribution as a limit? 

7.10 How is the continuous uniform distribu¬ 
tion defined? Do you think it might have a prac¬ 
tical use in describing business and economic 
data? If so, what? 

7.11 How is the exponential model related to 
the Poisson model? 

7.12 Can you explain why the expectation and 
the variance are identical in the Poisson case, 
and the expectation and the standard devia¬ 
tion are identical in the exponential case? Why 
is the expectation of the exponential distribu¬ 


tion the reciprocal of the expectation of the 
Poisson distribution? 

7.13 Can you explain the reason or rea¬ 
sons for the particular shape of a normal 
distribution? 

7.14 Why does the normal distribution hold 
the most honorable position in probability 
theory? 

7.15 Why do you think that the binomial, the 
hypergeometric, and the Poisson distribu¬ 
tions might approach the normal? 

7.16 The light at a traffic intersection is green 
for 30 seconds at a time, yellow for 5 seconds, 
and red for 25 seconds, respectively. Assum¬ 
ing that traffic conditions induce random vari¬ 
ations in automobile arrival times, so that 
'‘making the green light” is a chance event, 
answer the following: 

a. What probability model is appropriate here 
to successes in 5 and 25 trials? 

b. What is the probability of success? 

c. What are the mean and the expectation 
of this model? 

d. Use Table A-lll to write down 5 and 25 
independent trials, respectively. 

7.17 Five cards are drawn at random with 
replacement from a bridge deck. Let X be the 
number of hearts in the five cards drawn; 
what is the mean of X? the variance? the 
standard deviation? 

7.18 Suppose it is known that 40 percent of 
the graduates from a high school go on to 
college. What is the probability that 15 in an 
unconditional sample of 30 will go on to 
college? 

7.19 If 100 perfect coins are tossed, (a) what 
is the probability that exactly 50 heads turn 
up? (b) What is the probability that the num- 
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ber of heads will not deviate from 50 by more 
than 10? 

7.20 The output of a certain manufacturing 
process is 1 percent defective. 

a. In a random sample of 4 items, taken with 
replacement, what is the probability that none 
is defective? that at most 1 is defective? 

b. What is the mean number of defectives in 
a lot of 50 items? 

7.21 Ten percent of the radios produced by 
Company A are defective. If a random sample 
of 5 items is drawn from a certain day’s pro¬ 
duction run together (which is more than 
100,000 units), what is the probability thatthere 
will be (a) 0 defectives, (b) 5 defectives, and 
(c) at least 3 defectives, in the sample? 

7.22 A certain make of computer has a prob¬ 
ability of 0.05 to give wrong results due to 
electrical or mechanical failure. To improve 
the accuracy of calculations, the operator 
feeds the same data into five such computers, 
and accepts as accurate the answer that the 
majority of the computers give. How does this 
procedure reduce the probability of an error 
due to a faulty machine? 

7.23 If A, B, and C match coins with the 
understanding that the odd man wins, what 
is the probability function that A wins in four 
matches? Determine the probability that (a) 
A wins exactly twice, (b) B loses exactly twice, 
and (c) A either wins twice or loses twice. 

7.24 If a student is late for his classes 10 
percent of the time, what is the probability 
that he will be late 15 times or more in 100 
times? Exactly 15 times? 

7.25 The probability for A to make a profit 
on any business deal is 0.70. What is the prob¬ 
ability that he will make a profit exactly 7 
times in 10 successive deals? 

7.26 Write down the expression without 
evaluation of this statement: The probability 
of obtaining exactly 51,000 heads in 100,000 
tosses of a perfect coin. 

7.27 Twelve dice are tossed together; what 
is the probability that each number will come 
up twice? 

7.28 A single missile of a certain variety has a 
probability of 0.25 of shooting down a jet 
bomber, a probability of 0.25 of damaging it, 
and a probability of 0.5 of missing it. Also, two 


damaging shots are capable of downing the 
plane. If four such missiles are fired, what is 
the probability of shooting down a jet bomber? 

7.29 In a large Canadian factory, it is known 
that 50 percent of the workers are Canadians, 
30 percent are Americans, and 20 percent are 
South Americans. If a committee of 5 persons 
is selected, each worker being selected inde¬ 
pendently, what is the probability that the 
committee will include 3 Canadians, 1 Ameri¬ 
can, and 1 South American? What is the prob¬ 
ability that it will contain 4 Canadians? 

7.30 Thirteen cards are drawn at random 
from a bridge deck; what is the probability 
that the selection contains five spades and 
four clubs? 

7.31 A bag contains eight oranges and four 
apples. If four units are drawn from the bag 
blindly together, (a) what is the probability 
mode! for the number of oranges among the 
four items drawn? (b) Give the probability 
function of this model. 

7.32 A box contains seven white and three 
black marbles. If three marbles are selected 
from the box at random without replacement, 
what, are the expectation and the variance of 
white marbles? 

7.33 How would the thirteen spades be dis¬ 
tributed in a bridge hand under the assump¬ 
tion of randomness? 

7.34 A box contains six good and four bad 
eggs. If four eggs are drawn at random to¬ 
gether, what is the probability of drawing two 
or fewer good eggs? More than three good 
eggs? 

7.35 The names of four men and six women 
are written on slips of paper and placed in a 
hat. Four pieces of paper are drawn from the 
hat without replacement. What is the proba¬ 
bility that the names of two men and two 
women are drawn? 

7.36 A certain make of automobile tire has a 
flat due to external causes, on the average, 
once every 2500 miles. Assuming that the 
occurrences follow the Poisson probability 
law, determine (a) the probability in a given 
500-mile run that more than one flat occurs; 
(b) the probability that no flat will occur in a 
trip of 5000 miles. 

7.37 A Poisson variable X has a variance of 
2.5. Determine pi 4;/z). 
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7.38 If P(X = 2) = 0.1839 for a Poisson 
variable X, what is the expectation of X ? 

7.39 A book contains 100 misprints distrib¬ 
uted randomly throughout its 100 pages. 
Assuming a Poisson distribution, determine 
(a) what is its mean? (b) What is the proba¬ 
bility that a page observed at random contains 
at least two misprints? 

7.40 Automobiles arrive at a tollbooth at 
random at the rate of 300 cars per hour. Cal¬ 
culate the probability that (a) one car arrives 
during a given 1-minute period; (b) at least 
two cars arrive during a given 1-minute period; 
(c) no cars arrive during a period of T minutes. 

7.41 Flaws in a certain kind of woolen piece 
goods occur at random, with an average of 
one per 100 square feet. What is the proba¬ 
bility that a roll 50 by 10 feet will have no flaws? 
At most one flaw? (Hint: M = (50)(10)/100 = 5.) 

7.42 A taxi company has, on the average, 8 
flat tires per week. During the past week, 16 
flat tires occurred. If the Poisson model is 
appropriate here, what is the probability of 
having 16 or more flat tires per week? What 
conclusion can you draw from this result? 

7.43 Accidents on a certain highway occur, 
at random, at a rate of 20 per month. What is 
the probability that at least 1 accident occurs 
in a given half-month interval? 

7.44 It is known that the mean number of 
defects per sheet of carpet of a certain make 
is two. What is the probability that any sheet 
of carpet will contain more than two defects? 

7.45 Suppose that cars pass a certain traffic 
intersection at a rate of 30 cars per hour. 

a. What is the probability that during a 2-min- 
ute interval no car will pass the intersection, 
or at least 2 cars will pass it? 

b. If you observed the number of cars pass¬ 
ing the intersection during each of thirty 2- 
minute intervals, would you be surprised if 
you found twenty or more of these intervals 
had the property that either none or at least 
2 cars had passed the intersection during 
that time? 

7.46 One thousand television sets are in¬ 
spected as they come off the production line, 
and the number of defects per set are re¬ 
corded below. Estimate the average number 
of defects per television set for the produc¬ 
tion process. 


x N x 


0 

955 

1 

42 

2 

2 

3 

1 

4 

0 


1,000 


7.47 A sample of 100 is taken without replace¬ 
ment from a student body of 10,000 at a certain 
university, and it is found that there are 3 
foreign students in the sample. What approxi¬ 
mate probability would result if there are 500 
foreign students at the university? 

7.48 A life insurance company has found that 
the probability is 0.00001 that a person in the 
50 to 60 age group will die from a rare disease 
during a period of one year. If the company 
has 100,000 policyholders in this age group, 
what is the approximate probability that the 
company must pay off more than four claims 
because of death from this cause? 

7.49 An intercontinental ballistic missile has 
10,000 parts. The probability that each part 
will succeed is 0.99998, and all parts work 
independently. The failure of any part can 
make the flight a failure. What is the proba¬ 
bility of successful flight? (Hint: p = np = 0.2.) 

7.50 A company will accept a shipment of 500 
articles if, in a conditional random sample of 
50, there is at most 1 defective item. If the 
shipment is 10 percent defective, what is the 
approximate probability that the shipment will 
be accepted? 

7.51 What is the Poisson approximation of 
the preceding probability? Do you think the 
Poisson is better than the binomial approxima¬ 
tion in this case? Explain. 

7.52 The circumference of a roulette wheel 
is divided into 37 arcs of equal lengths, num¬ 
bered from 0 to 36. A ball is placed in the wheel, 
and the wheel is spun. After the wheel comes 
to rest, the position of the ball is observed. 
What is the probability that the ball will be in 
the arc with a number (a) from 10 to 20 inclu¬ 
sive? (b) that is even? (c) 1? 

7.53 Buses on a certain line run every 10 
minutes during rush hours. What is the prob¬ 
ability that a man arriving at the bus stand at 
a random time will have to wait at least 8 
minutes? 
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7.54 Let X be uniformly distributed on the 
interval 0 < X < 4. 

a. Determine and sketch r(x). 

b. Compute P(|X| > %). 

7.55 The life of a certain make of radio tube 
is exponentially distributed with a mean life 
of 1000 hours. 

a. What is the probability that a tube will last 
less than 1000 hours? 

b. More than 1200 hours? 

c. If 3 such tubes are taken at random, what 
is the probability that one will last less than 800 
hours, another between 500 and 1200 hours, 
and still another more than 1200 hours? 

7.56 Customers arriving at a certain shop 
follow the Poisson law, with a mean rate of one 
customer per minute. 

a. What is the probability that 5 or more min¬ 
utes have passed since the last customer 
arrived? 

b. What is the probability that 5 or more min¬ 
utes have passed since the next to the last 
customer arrived? 

7.57 A certain digit computer, which oper¬ 
ates 24 hours a day, suffers breakdowns at 
a rate of 0.1 per hour. Suppose the computer 
has operated satisfactorily for 10 hours, what 
is the probability that it will continue to oper¬ 
ate satisfactorily during the next 10 hours? 
(Hint: An interesting property of the exponen¬ 
tial model is that the distribution of future life 
remains the same as the initial distribution of 
life. For such computers, an old one is just as 
good as a new one.) 

7.58 From 8 to 9 a.m., workers arrive at a 
machine-tool shop according to the Poisson 
law, with an average time between arrivals of 
2 minutes. 

a. What is the probability that 5 minutes will 
elapse with no workers arriving? 

b. What is the probability that during a 5-min¬ 
ute interval at most 3 workers arrive? 

7.59 The distribution, in months of business 
life, of a certain type of enterprise is exponen¬ 
tial with 1 /n = 70. What is the probability that 
a new firm will fail (a) ten months after its 
birth? (b) twenty months after its birth? What 
do those answers indicate? 

7.60 The random variable X is normally dis¬ 
tributed, with ^ = 10 and a 2 = 4. Determine 
P(\x - M | > 3). 


7.61 Let X be a normal variable with mean 
100 and variance 49, and compute the following: 

a. P(X == 120) 

b. P(X > 100) 

c. P(\X - 951 > 5) 

d. P(|Z - 100J < 10) 

7.62 Random variable Y is normally distrib¬ 
uted with mean 65 and standard deviation 6. 
Compute the following: 

a. P(Y = 36) 

b. P(Y > 60) 

c. P(Y < 55) 

d. P(\Y - 651 < 9) 

7.63 Given that X is normally distributed 
with mean 10 and P(X > 12) = 0.1587, what 
is the probability that X will fall in the interval 
(9,11)? 

7.64 Inside diameters of steel pipes pro¬ 
duced by a certain process are normally dis¬ 
tributed with ju = 10 inches and cr = 0.10 
inches. Pipes with inside diameters beyond 
the range of 10.05 ± 0.12 inches are con¬ 
sidered defectives. 

a. What is the probability that a pipe produced 
will be defective? 

b. If the process is adjusted so that the inside 
diameters will have ^ = 10.10 and cr = 0.10 
inches, what is the probability that a pipe 
produced will be defective? 

c. If the process is adjusted so that the inside 
diameters will have ^ = 10.05 and <r = 0.06 
inches, what is the probability that a pipe 
produced will be defective? 

7.65 If W is a normal variable and if 
P{W < 10) = 0.8413, what would be its 
expectation and variance? 

7.66 Suppose that heights of American adult 
males are normally distributed with M = 70 
inches and cr 2 = 9 inches, how long should 
mattresses be made in order to accommodate 
at least 99 percent of them? 

7.67 There are two procedures for getting 
fighter planes ready to take off. Procedure A 
requires a mean time of 27 minutes with a 
standard deviation of 5 minutes; for procedure 
B, (x = 30 and cr = 2. Which procedure should 
be used if the available time is 30 minutes? 

34 minutes? 
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7.68 Three independent normal variables are: 
Xi, with fx i = 20 and <n 2 = 5; X 2 , with M2 = 16 
and <T 2 2 = 9; and X 3 , with m = 25 and o- 3 2 = 7. 
Let a new variable, Y, be defined as 


a. How is Y distributed? 

b. What are E(Y) and V (50? 

7.69 If Y = Xi - X t , where both Xi and X 2 
are normal variables, and m = 27, ^ 2 = 25, 
<ri = 3, and cr 2 = 4, what is the probability that 


a random observation of Y will exceed a value 
of 5? (Hint: obtain juy and cry first.) 

7.70 The life of electronic tubes of a certain 
kind is normally distributed with n = 120 hours 
and o' — 7 hours. Six such tubes are used in a 
circuit If these tubes alone determine the 
effective operation of the circuit, and if any 
one of the tubes fails, the circuit becomes 
inoperative. 

a. What is the probability that the circuit will 
remain operative after 130 hours? 

b. What is the probability that the circuit will 
remain operative less than 100 hours? 


8 


THEORY 

OF 

SAMPLING 


8.1 

Introduction 


The formulation of decision procedures 
depends upon our knowledge of the consequences that may result from different 
actions taken in a given situation and upon the prevailing state of nature at the 
time of implementing a decision. Here, “state of nature 77 refers to population 
models or chance phenomena. Logical analysis of chance phenomena demands 
ideal probability models, such as those introduced in the preceding chapter. 
Often, however, we find that the precise properties of the model, or the state of 
nature, are not known. In order to make reasonable decisions, we must know the 
model at least approximately. One way of approximating the features of a proba¬ 
bility or a population model is by sampling the population directly. 

If we take a sample by a random process, then sample statistics are random 
variables which we can use to estimate the corresponding population parameters. 
Statistical methods which enable us to infer from limited data (samples) the 
expected long-run behaviors (populations) are called inductive statistics or sta¬ 
tistical inferences. Tn the process of forming inferences, we can make errors 
concerning the state of nature. We must be able to appraise these errors in order 
to have a measure of confidence in our inductive conclusions. Because these 
errors are the result of random or chance variations, they can be evaluated only 
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m terms of probabilities. Now, a sample statistic, being a random variable must 
have a probability distribution of its own. The distribution of a statistic, com¬ 
monly called the sampling distribution of a statistic, has well-defined properties 
as does any probability model. It is from these properties of the distribution of a 
statistic that we can calculate risks (errors due to chance) involved in making 
generalizations about populations on the basis of samples. 

Ihe purpose of this chapter is to introduce procedures for gathering evidence 
and for translating data into probabilistic terms amenable to inferences about 
states of nature. We shall be concerned with the construction of probability 
distributions for sample statistics and the evaluation of their properties; to this 
end our discussion begins with a review of sums of random variables and the 
Chebyshev inequality. These concepts lead naturally to the consideration of the 
law of large numbers and the central limit theorem, which—as we shall soon see— 
form the basis of sampling theory for large samples. 


8.2 

Sums of 

Random Variables 


Sums of random variables are of interest 
to us for two reasons. First, often we may find that a random variable under study 
is inherently an additive combination of ingredients. For example, the binomial 
variable with parameters n and p is merely the sum of n independent random 
variables having Bernoulli distributions with a common parameter p. Second, 
many sample statistics are computed with sums of random variables. For instance’ 
the sample mean is the sum of sample values multiplied by a constant, 1/n —the 
reciprocal of the sample size. Furthermore, the sample variance is a constant 
times the sum of squared deviations. 

Now, we may recall that if Ah, X 2 . ■ ■ ■ , X n are n independent random 
variables, each having finite mean and variance, then the additivity property 
holds for both the expectation and the variance of their sum, S. Namely the 
expectation of S is the sum of the individual expectations, and the variance of 
the sum of the individual variances. Furthermore, it can be shown that if the 
A { s are not only independent but also have identical distributions, then E(S) = nu 
and V(S) = na 2 . ^ 

Computations of probabilities involving a sum often requires that the entire 
distribution of the sum be known in addition to the expectation and the variance 
values of the sum. In a simple discrete case, such as the binomial which is a sum 
of n Bernoulli variables, the sum can be evaluated directly with great ease. How¬ 
ever, m most cases, it is quite difficult to derive the distribution of a sum. Fortu- 

n if tel ^ We find that many ° f the fre( l uentl F employed probability models possess 
the additivity property. For example, the sum of two or more binomial variables 
is again a binomial variable. Similar statements can also be made, as discussed 
m the last chapter, for the Poisson and the normal probability models. In each 
such case, the distribution of a sum is the same as the individual distributions. 
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8.3 

The Chebyshev 
Inequality 


The Chebyshev inequality was intro¬ 
duced in Chapter 6 for the purpose of showing the relationship among the expecta¬ 
tion, the variance, and the probability assignments of a probability distribution. 
We pointed out then that this inequality holds for any probability distribution, 
provided that its mean and variance exist. Moreover, this inequality can be stated 
in two ways. First, it asserts that the probability that a random variable X will 
deviate absolutely from its mean by ha is always less than or equal to 1/h 2 . That is, 

P(\x - M | > ha) < ^ 

Note that, no matter what pattern the probability distribution assumes, the 
probability that X will have a value outside the closed interval from p — ha to 
11 + ha can be no more than 1/h 2 . 

The second version of the Chebyshev inequality states that at least 1 — 1/h 2 
of the probability associated with any random variable will lie within h standard 
deviations of the mean. Namely, 


P(\X - p | < ha) > 1 - “ 

This shows, for example, that the probability that X will assume a value with four 
standard deviations from the mean is at least 0.9375; similarly, the probability 
that an observed value of X will lie within ten standard deviations ,of the mean 
is 0.99. 

The significance of the Chebyshev inequality is a theoretical one. Its generality 
makes it highly useful in certain discourses of a theoretical nature. One such 
discourse is the law of large numbers, introduced next. 


8.4 


Law of 

Large Numbers 


A set of n observations X h X 2 , • • ■ is 
said to constitute a random sample drawn from a random variable X if Ahs are 
independent variables and each of them is identically distributed as X, a popula¬ 
tion with mean p and variance a 2 . Now, if we let 


S = Xi + X 2 + • • • + X, 
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be the sum of the n observations, and 

X = ~ (X\ X 2 ' ‘ * + X n ) 

n 

be the sample mean, we would have E(S) = n[x and V(S) = na\ As it shall be 
shown later, we would also have E(X) = p and V(X) = a 2 /n. 

From the last quantity 7(Z) = a 2 /n, we deduce the amazing fact that the 
variance of the sample mean approaches zero as n approaches infinity. By the 
Chebyshev inequality, we know that if a random variable has a small variance, 
then the probability will be close to 1 that the value of an observation from the 
random variable will be approximately equal to the mean of the random vari¬ 
able. Now, since the sample mean itself is a random variable, by taking a large 
enough sample we can make the probability of the sample mean as close to the- 
population mean as we wish—that is, close to 1. Or, if the sample size is large 
enough, then the probability that the sample mean will differ from the population 
mean by more than an arbitrarily prescribed positive difference is close to zero. 
These statements are alternative ways of expressing what is called the law of 
large numbers . This law states: For any arbitrarily prescribed difference 8 > 0 
then ’ 

P(\X — p\ < <5) —> 1 as n —» oo (8.i) 

or 

P(\X — (x\ > 8) ■—> 0 as n—> co ( 8 . 2 ) 

To observe the validity of the above statements, let us replace X by X, a 2 by 
V(X) — <r 2 /n , and p by p = E{X) in the Chebyshev inequality, to find 

P(\X - M | < 5) > 1 - 4 2 
n8 2 

and 

P(\X - m | > 5 ) < 4 2 

n8 2 

Since a and 8 are positive quantities, the relation a 2 /n5 2 in the preceding inequalities 
approaches zero as n approach infinity. This proves that the results in equations 
(8.1) and (8.2) are valid. 

The generality that X approaches g in probability is called the Khintchine’s 
theorem for the law of large numbers, which was published in 1929. The first 
general formulation of the law of large numbers, known as the Bernoulli law of 
large numbers, was made by Jacob Bernoulli, and published posthumously in 
1713. The Bernoulli theorem states that if S represents the number of successes 
in n independent identical Bernoulli trials, with probability p of success in each 
trial, and if 8 > 0, then 





and 
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p (- n -P >*) 


0 as n —> go 


(8.4) 


Here, S/n = X and represents the frequency of the number of successful out¬ 
comes in relation to the total number of trials. Intuitively, the Bernoulli law 
states that if n is sufficiently large and a fixed integer, then the relative frequency 
would have a high probability of being close to p. A question that naturally arises 
is: In order to obtain a “good” estimate of p, how large should n be? That is, we 
are interested in estimating the size of n in order that the observed frequency will 
be within a specific distance, <5, from p (whatever the value of p) at a given high 
level of probability, a (read as Greek letter alpha). For this task, the Chebyshev 
inequality is again a handy tool. The problem, once values of a and 8 are arbi¬ 
trarily specified, is to find an integer n so that 


P 


a 




> a 


for all p in 0 < p < 1 


can be satisfied. To find a crude lower bound for this expression by the Chebyshev 
inequality, we note that, first of all, a = 1 — a 2 /n8 2 . Second, V(S/n) = pq/n < 
1/4 n for all p in the closed interval (0,1). This is due to the fact that pq — p(l — 
p) = p — ^2 _ y _ (\y _ p )2 < With this information, we can rewrite the 
foregoing expression as 


P 


( 




1 

4n5 2 


and it is satisfied if 


71 - 45 2 (1 - ot) 


(8.5) 


For example, if 8 = 0.1 and a = 0.95, then n > 500, since 


1 

Yi - 

“ (4)0.1 2 (1 - 0.95) 


500 


So, we see that if n > 500, then P(\S/n — p | < 0.1) > 0.95. This means that if 
we take a random sample of at least 500 items, then the probability is at least 
0.95 that the observed relative frequency of success will differ from the true but 
unknown p by less than 0.1. 

Our discussion so far has been concerned with what is called the weak law 
of large numbers in contrast to what is called the strong law of large numbers. 
While a consideration of the latter is beyond the scope of this text, it may be 
interesting to mention just this: The weak law of large numbers states that if n 
is a sufficiently large and fixed integer, then the resulting sample mean or relative 
frequency is highly likely to be close to g or to p. It does not say, however, that 
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the sample mean or relative frequency will stay near p or p when n is increased. 
Nor does it say that X or S/n becomes stabilized at p or p. These are, however, the 
exact statements of the strong law of large numbers. For example, the strong law 
may state that P(lim X = p) = 1. This is certainly a much stronger mathemat- 

n—> oo 

ical statement, but its role in statistical analysis is somewhat obscure. 

_ In closing this section, we may point out that the law of large numbers is the 
philosophical justification for all attempts to estimate probability empirically. It 
justifies, for instance, the relative frequency theory of probability. Furthermore, 
it assures a high level of probability that a sample average is close to the unknown 
but constant population mean if n is large. This clearly implies that the accuracy 
of estimates will always increase with increases in the sample size. Obviously, 
much of analytical statistics could not exist without a theorem of this kind. 


8.5 

The Central 
Limit Theorem 


We have just shown the validity of the 
law of large numbers by mathematical expression of this fact: that by averaging 
an increasingly large number of observations of the value of a quantity we can 
obtain incieasingly mor§ accurate measurements of the expectation of that 
quantity. It must be noted now, however, that the center of the distribution of 
a sum S moves off to infinity, and the variance of a sum becomes larger and larger 
as n increases since, as we know, E(S) = np and F($) = no- 2 . It is therefore quite 
necessary for us to learn something about the pattern of the distribution of a 
sum. Under certain mild restrictions, the distribution of the sum of a large number 
of independent random variables, whatever distributions the summands possess, 
has approximately a normal distribution. This is the essence of what is called the 
central limit theorem, CLT, a name given it by G. Polya in 1920. The utility of 
this theorem is that it requires virtually no conditions on distribution patterns of 
the individual random variables being summed. As a result it furnishes a practical 
method of computing approximate probability values associated with sums of 
arbitrarily distributed independent random variables. No wonder this theorem is 
considered the most remarkable theoretical formulation of all probability laws 
from both the practical and the theoretical viewpoints. 

The central limit theorem, first introduced by Demoivre during the early 
eighteenth century, has been expressed in many forms. One important version 
treats it as a consequence of sums of identically distributed independent random 
variables. According to this version, if S is the sum of a large number of identical 
and independent random variables, each with mean p and variance a 2 , then the 

variable (s — np)/u \/n approaches the standard normal distribution when n 
becomes infinite. 

The computational significance of CLT is that, for large n, we can express the 
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distribution function of $ in terms of X(0,1) as follows: 

p(s < s) = n ( s <»•« 

\<i V n / 

where s is a specified value of S. As to the question of how large n should be in 
order for (8.6) to hold, there is no standard answer. This depends upon the 
closeness of approximation required and the actual distribution forms of X*. If 
the summands are normally distributed, then (8.6) provides exact probabilities 
no matter how small n is. If nothing is known about the distribution patterns of 
X if the rule of thumb is that n must be 25 or greater in order to have Satisfactory 
approximations. Of course, approximations improve when n becomes larger. The 
tendency of a sum tow T ard normality is illustrated by Figure 8.1, in which, distri¬ 
butions of the sums of 1, 2, 4, and 8 dice are drawn against a scale of normal 
probabilities. This figure shows, in addition to the evident tendency toward 
normality as n increases, that both the mean and the variance of the sum of 
identically distributed random variables increase with the increase in n. 

Now let us apply the central limit theorem in an example. A food-processing 
factory produces canned ground beef with a mean of 5 ounces and a variance of 
0.3 ounces 2 per can. A box of 60 cans has a mean weight of (60) (5) - 300 ounces 
and a variance of (60) (0.3) = 18 ounces 2 . By CLT, the weight of a box, denoted 
by W, would be approximately normally distributed. With this information, we 



Figure 8.1 Distributions of sums of points on 1, 2, 4, and 8 dice. 
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would be able to determine probabilities for such various events concerning W 
as the following: 

P{W < 290 ounces) = N = #(- 2 . 36 ) = 0.0091 

P(W > 310 ounces) = 1 - N (—= i _ 0.9909 = 0.0091 

P( 290 < W < 310 ) = N ( ^_ 3 °° ) - N = 0.9818 

and so forth. 

In the last section we discussed how the Chebyshev inequality could be em¬ 
ployed to determine n so that the observed relative frequency would differ from 
the true proportion by a distance of <5. The estimation of n may now be improved 
by our new knowledge of the central limit theorem. We shall show in the next 
chapter that, in accordance with the central limit theorem, the requirement 
P(\S/n - p\ < 0 . 1 ) > 0.95 is satisfied if n > 100 . Recall that to satisfy this same 
requirement by the Chebyshev inequality, n must be 500 or greater. This improve¬ 
ment is due to the fact that we know now S/n is approximately normally distrib¬ 
uted. Here again we see the value of additional knowledge. 


8.6 

Sample Observations 
as Random Variables 


Sampling refers to a process of selecting 
a sample of n items from a population or random variable. There are, as shown in 
Chapter 11, many alternative sampling procedures. For the time being, it is 
sufficient to point out that these procedures yield either what are called judgment 
samples or random samples. Here we are interested in only a special type of 
random sample the simple random samples introduced in the previous chapter. 
In this section we shall discuss the consequences of random observations and thus 
provide a basis for our later arguments on the derivation of sampling distributions 
and their related properties. 

An observation made from a random variable is, again, a random variable. 
An individual observed value is random in the sense that it can assume any of the 
possible values of a random variable or population. As a random variable, the 
probability distribution of a sample observation is identical with that of the 
population of measurements the random variable under consideration. Imagine 
an urn which contains eight balls, two with number 1, two with number 3, and 
four with number 5. Now, if a ball is selected from this urn at random, the ball 
can have any one of three values—1, 3, or 5—each with a specific probability as 
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follows: 


Number on 
the ball 


1 

3 

5 

Sum 


Probability 


0.25 

0.25 

0.50 

POO 


This is evidently identical with the population probability distribution. 

Let us demonstrate the above conclusion in another way. Suppose an uncondi¬ 
tional simple random sample of two balls is drawn from the urn, then the possible 
samples of two balls and their associated probabilities become 


First ball Second ball 


Probability 


1 

1 

1 

3 

3 

3 

5 

5 

5 


1 

3 

5 

1 

3 

5 

1 

3 

5 


(0.25)(0.25) = 0.0625 
(0.25)(0.25) = 0.0625 
(0.25)(0.50) = 0.1250 
(0.25)(0.25) = 0.0625 
(0.25)(0.25) - 0.0625 
(0.25)(0.50) = 0.1250 
(0.50)(0.25) = 0.1250 
(0.50)(0.25) = 0.1250 
(0.50)(0.50) = 0.2500 


Sum 1.0000 


where the first number drawn is a random variable Xi and the second number 
drawn is a random variable X 2 . The first assumes the value of 1 in the first three 
samples, the value of 3 in the second three samples, and the value of 5 in the last 
three samples. The probability that X\ will assume the value of 1 is, therefore, the 
sum of probabilities of the first three samples, and so on. The distribution of X\ 
is thus 

Value Probability 

1 0.2500 

3 0.2500 

5 0.5000 

Sum 1.0000 

Likewise, the probability distribution of X 2 , the second number drawn, is identical 
with that of Xi and is identical with the distribution of the parent population. 

To generalize: When a simple random sample of size n is drawn from a finite 
population with replacement, or from an infinite population conditionally or 
unconditionally, we would have n identically distributed random variables, X h 
X 2 , • • • , X„, all possessing the same distribution as the parent population. Also, 
if the population is large, though finite, the sample observations, Xi, can in 
practice be treated as if they were identical and independent. From these findings 
we may finally define a random sample as one whose n observations can be 
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described by the mathematical model of n independent random variables, each 
a replica of the population from which the sample is selected. 

We note now that while sample observations are identically distributed when 
considered as random variables and are denoted by X h • • • , X„, the actual 
observations of a specific sample which has been drawn are all different and are 
denoted by xi, x 2 , * • * , x n . Thus, the term “random sample” refers to the 
observations thought of as random variables, not to a particular set of actual 
realizations. The latter may or may not be random, dependent on whether the 
method employed to obtain a sample ensures the independence of observations. 
However, if X*s are identically distributed, then a specific collection of sample 
observations can be thought of as the particular values of a random variable X; 
that is, X:xi, x 2 , • * * , x n . In this connection, for a random sample of n items, 
we may treat the x& as realizations of X*s; namely, 

^1 %1, A" 2 X 2 , , X n = X n 

Consequently, if the sample is random, then sample observations thought of as 
independent random variables or as a particular set of sample values are equiva¬ 
lent and can be used interchangeably. 

The thought that sample observations are random variables leads us to the 
conclusion that any quantity computed from sample observations must also be a 
random variable. As a random variable, the computed quantity, or statistic, has 
a probability distribution of its own, called a sampling distribution, or the prob¬ 
ability distribution of a statistic, which can be established directly from the parent 
population distribution. For example, in the previous illustration, the sum of 
numbers on the two balls drawn, X x -f- X 2 , is a statistic and, according to all the 
possible samples listed before, the possible sums and their associated probabilities 
are as follows: 


Probability 


0.0625 0.0625 

2(0.0625) 0.1250 

0.0625 + 2(0.1250) 0.3125 

2(0.1250) = 0.2500 
0.2500 = 0.2500 
1.0000 

This is called the sampling distribution of the sum with n — 2 drawn from a popula¬ 
tion, with replacement, of eight balls, two with number 1, two with number 3, and four 
with number 5. We may, and we usually do, call it simply the distribution of a sum. 
The full name, however, does reveal some important features of the probability 
distribution of a statistic. First, a sampling distribution is generated from a 
population distribution, known or assumed. Second, the same population may 
generate an infinite number of sampling distributions for the same statistic, each 
for a special sample size n. Finally, a population may generate sampling distri¬ 
butions for two or more different statistics. For example, a random sample of n 
may be taken from a shipment of steel wires of a certain make, and then a distri- 


Xl + X<2 


2 

4 

6 

8 

10 

Sum 
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bution for tensile strength, another for diameter, and still another for length, can 
be derived. Our interest in this chapter, however, is merely concerned with' uni¬ 
variate sampling distributions. We shall now introduce sampling distributions for 
a number of the most frequently encountered statistics; others will be taken up in 
later chapters. F 


8.7 

Sampling Distribution 
of the Number 
of Successes 


If a random sample of size n is taken 
from a population whose elements belong to two mutually exclusive categories— 
one containing elements which possess a certain trait and the other containing 
elements which do not possess the trait-then the sampling distribution of the 
number of successes is a binomial distribution if sampling is made with replace¬ 
ment; and it is the hypergeometric distribution if sampling is made without 
replacement. Here, for our discussion, we shall assume that an unconditional 
random sample is taken and therefore the binomial probability is appropriate, 
the sampling distribution of the number of successes, being a binomial proba- 
11 y model, would have as its mean M = np and as its variance a 2 = npq. The 
standard deviation of a sampling distribution is usually called the standard error 
in the sense that it measures the sampling variability due to chance or to random 
forces. In this case, the standard error, denoted by a, is a = s/npq 

Since we have thoroughly treated the binomial model in the preceding chapter 
we shall not include any illustrations of the distribution of the number of successes 
here. Instead we shall move directly to the application of the central limit 
theorem to this sampling distribution. If X is thejiumber of successes in a 
random sample of size n, the variable (x - np)/Vnpq approaches the standard 
normal distribution as n approaches infinity. Consequently, the distribution 
tunction ot the number of successes can be expressed as 

P& < x) ± N ( , 7) 

\ V npq / 


The left side of this equation, as revealed by Figure 8.2, is a step function which 
has jumps at nonnegative integers only. The right side of it, however, is continu¬ 
ous and increases as * increases from - * to « . Yet the values of these functions 
are approximately equal at each argument for large n, with the continuous func¬ 
tion passing through about the middle of each step of the discrete function, 
inese approximations are good with np > 5 when p < % and with nq > 5 

w en p > 34- Normal approximations become exact binomial probabilities when 
n becomes infinite. 

i k“ t0SSed 10,000 timeS; what is the Probability that heads will come up 
less than 4900 times? more than 5200 times? between 4900 and 5200 times? 
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Probability 



Figure 8.2 Normal distribution function fitted to the binomial distribution func¬ 
tion with n = 8 and p = 0.5. 

The distribution of the number of heads with n = 10,000 taken from an 
infinite binomial population is approximately normal, with p = np = 5000 and 

cr = y/npq = 50. Hence 

x „/4900 - 5000\ , u .. nnWR 

P(X < 4900) - N (———- ) = N( — 2) = 0.0228 


PCX > 5200) = 1 — N 


5200 - 5000 


— = 1 -N 


P(4900 < X < 5200) = N(4) - N(-2) = 0.9772 

Satisfactory normal approximations of the distribution of the number of 
successes can be made even when n is relatively small if we introduce what is 
called the continuity correction factor, CCF, whose value is a constant of From 
Figure 8.2 it can be seen that a better approximation to the value of say, 5, can 
be made by taking the ordinate of the continuous curve half-unit to the right of 
5. Consequently, we write, in general, 

P(X < X) = N ( X + / h-T M ) ( 8 . 8 ) 

\ V npq / 

Consider, for example, a distribution of the number of successes with n = 25 
and p = 0.2. Here, we have p = np = (25) (0.2) = 5 and 


a — V npq = \/(25)(0.2)(0.8) — 2 


Then, 


P(X < 5) = N --) = W0.25) = 0.5987 

P(X = 5) = P(X < 5) - P(X < 4) = N --) - N ") 

= N(0.25) - W —0.25) = 0.1974 
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and 

/4 I 1 / _ 5\ 

P(X > 5) = 1 - P(X < 4) = 1 - N -j = 0.5987 

These values approximate the exact binomial probabilities of 0.6167, 0.1634, and 
0.6167, respectively. Errors of normal approximations in these calculations are 
therefore 0.018, 0.034, and 0.018. It may also be noted here that for the same size 
of n, the approximations are better when p is closer to 0.5. Needless to say that, 
given p , the larger n is, the better the approximation is. 

8.8 

Sampling Distribution 
of a Proportion 

Recall that a population proportion is 
defined as tt = x/N, where x is the number of elements which possess a certain 
trait and N is the total number of items in the population. Recall also that a 
sample proportion is defined as p = x/n, where x is the number items in the 
sample which possess a certain trait and n is the sample size. Thus, a proportion 
may be considered as a proportion of successes, and it is obtained by dividing 
the number of successes by the sample size n. Because of this, we see that if a 
random sample of n is obtained with replacement, then the sampling distribution 
of p obeys the binomial probability law and its probability function, in terms of 
our new symbols, can be written as 

6 s -) 

The expected value and variance of the distribution of p, obtained by dividing n 
into the corresponding measures for the number of successes, are respectively, 

E{p) = — = 7r and (8.10) 

n 

. , nw(l — tt) 7t( 1 — 7r) 

V(p) = — y — -(8.11) 

n 2 n 

The standard error of p, denoted by o- p , which measures chance variations of 
sample proportions from sample to sample, is 

a p = \/V(p) = -— < 8 - 12 > 

If sampling is made without replacement, then the sampling distribution of 
p obeys the hypergeometric probability law. In this case, E(p) is still identical 








250 THEORY OF SAMPLING 


with TTj but the standard error mus t be adjusted by a finite population correction 
factor , FPCF, which is equal to V(N - n)/(N - 1); namely, 

[*( 1 - t r) IN -n 
ap ~ V n 


It may be noted that if the sample is small relative to the population—say, the 
former is less than 5 percent of the latter FPCF would approach unity. Conse¬ 
quently, the introduction of FPCF would produce a practically insignificant 
difference. This is to say that if a small sample is taken from a large population, 
we can treat sample observations as if they were independent variables and cq, can 
be computed without FPCF. 

Now, it may be observed that the distribution of p for an unconditional 
random sample approaches the normal distribution when n becomes infinite. For 
a conditional random sample, the distribution of p approaches the binomial 
model, under conditions specified in the last section, which, in turn, approaches 
the normal model as a limit. In short, the distribution of p obeys the central 
limit theorem. Precisely, the variable (p — ir)/<r p approaches iV(0,l) when n 
becomes infinite. Thus, we state that the distribution function of p with large n is 

P (» - ^ ' V <8 - I4) 

When n is rather small, as in the case of the distribution of the number of 
successes, satisfactory normal approximations can be obtained by introducing a 
continuity correction factor of 1/2 n. (Note: 1/2 n is employed here instead of 
because a proportion of successes is the number of successes divided by n.) With 
the CCF, equation (8.14) becomes 



We shall now use a simple example to show how a distribution of a proportion 
is derived, and to verify that the expectation of p is identical with tt and that the 
standard error of p is as defined by equation (8.13). 

A class in advanced statistics consists of four female and six male students. A 
random sample of five students is drawn from this class without replacement. We 
wish to evaluate the sampling distribution of the proportion of female students in 
a sample of five. 

In this case, r = y 10 = 0.4. The number of all possible samples of five from a 
population of ten is 


/ha = m 

\ 5 / 5!5! 


252 


Furthermore, since there are only four female students in the class, there can 
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then be only five possible sample proportions as listed below. 



0 females 

= 0.0, 

Po = 

5 


1 female 

= 0.2, 

Pi = 

5 


2 females 

= 0.4, 

P2 = 

5 


3 females 

= 0.6, and 

Pi = 


5 



4 females 

= 0.8 

Pa = 

5 


To determine the probability for each of these possible sample results, we note 
that this distribution of p obeys the hypergeometrie law, and its probability values 
can be obtained directly from Table A-IV. To use this table, we have only to use 
x/n in the place of x, that is, h(N,n,k,x) = h(N,n,k,x/n). For this problem, we have 

P(p = 0.0) = h(W,5,A,%) = 0.023810 
P(p = 0.2) = /i(10,5,4,J4) = 0.238095 
P(p = 0.4) = h{ 10,5,4,%) = 0.476190 
P{p = 0.6) = /»(10,5,4,®4) = 0.238095 
P(p = 0.8) = fc(10,5,4,^) = 0.023810 
Sum 1.000000 

which is the sampling distribution of p with n = 5 drawn from a population of 
ten students with w = 0.4. The graph of this distribution of p is given by Figure 

8.3. • 

To calculate the expected value and standard error for the above distribution 

we need the number of samples which will yield each of the possible sample 


Probability 
0.6 r 


0.4 


0.2 


Figure 8.3 Sampling distribution of p with a conditional random sample of 4 from 
a population with n — 10 and ir = 0.4. 
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TABLE 8.1 COMPUTATIONS OF THE EXPECTATION AND THE 
STANDARD ERROR OF THE DISTRIBUTION OF p WITH n — 5 
AND t r = 0.4 


V 

/ 

p - IT 

f(p — 7r) 

f(p ~ tt ) 2 

0.0 

6 

-0.4 

-2.4 

0.96 

0.2 

60 

-0.2 

-12.0 

2.40 

0.4 

120 

0.0 

0.0 

0.00 

0.6 

60 

+0.2 

+12.0 

2.40 

0.8 

6 

+0.4 

+2.4 

0.96 


252 



6/72 


proportions. This again is an easy matter since the number of samples which 
yields a given sample proportion is the product of the total number of all possible 
samples and the probability of obtaining that sample proportion. Thus, 


For p = 0.0, there are 

For p = 0.2, “ “ 

For p — 0.4, “ “ 

For p — 0.6, “ “ 

For p = 0.8, “ “ 


252(0.023810) 

252(0.238095) 

252(0.476190) 

252(0.238095) 

252(0.023810) 


Sum 


Now, with the aid of Table 8.1, we find that 


6 samples 
60 “ 

120 

60 

6 “ 

252 samples 


E(p) = 2 V<f(Pi) = (0.0)(% 82 ) + (0.2 )(«%„) + • • • + (0.8)(% 52 ) = 0.4 

which, as promised, is identical with the population proportion t. 

To compute the standard error directly from the standard formula, we have 


^ - VI 


72 

525 


0.1634 


Let us now calculate the standard error by the theoretical formula to see if it 

yields the same result. If it does, we know that the figure for the standard error 
holds. 



which is identical with the previous value. 

As a second example, let us assume that in a shipment of 20 electronic tubes 
6 are defective. If a random sample of 500 is drawn with replacement from this 
population, how should we go about evaluating the distribution of defective 
proportion? 

Clearly, m this case, it is highly impractical for us to list all the possible 
sample proportions and their associated probabilities. Fortunately, this is an 
unnecessary task. All that we need to know are the expectation and the standard 
error of the distribution of any statistic in order to know about the whole sampling 
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distribution. For the distribution of p with n = 500 on hand, we have 

6 

E(p) = T = — = 0.3, and 


(T p 


V 


0.3(0.7) 
500 


0.0205 


Furthermore, the sample is large enough for this distribution of p to be satisfac¬ 
torily approximated by the normal distribution. With this information, we can 
easily estimate the probability for any possible sample proportion for the distri¬ 
bution of p under consideration. For example, what is the probability that the 
sample proportion will be less than i^ 0 o? equal to 14 %oo? between these two 

values? greater than 16 ^ 500 ? _ x 

To compute the first probability, we note that 15 %oo = and that the 

continuity correction factor here is J^(500) = 0.001. Thus, 




0.3 + 0.001 - 0 


0.0205 


*)* 


N(0.05) = 0.5199 


Next, the probability for p to be equal to 14 %oo is same as between 14 %oo 
and 14 ^oo> or between 0.290 and 0.288. Therefore, 


P 


(°- 


288 < - < 0.290 
n 




290 + 0.001 - 0. 
0.0205 


3\ __ / 0.288 + 0.001 - 0.S 

~)~~ N \ 0.0205 


i N(-0.44) - N(-0.54) = 0.3300 - 0.2946 = 0.0354 


Now, note that the probability for p to fall between 14 %oo and 15 %oo should be 
considered as between 14 ^oo and 15 Hoo, or between 0.288 and 0.300. Why? 
We have then, 


P 


(o.288 < ? < 0.300^ = N 


+ 0.001 - 0.3\ /0 .288 + 0.001 

0.0205 / \ 0.0205 



= AT(0.05) - iV( —0.54) = 0.2253 


Finally, the probability that the sample proportion is equal to or greater than 
le^oo is the probability of one minus that of 16 ^oo = 0.328. Hence, 



N 


c 


0.328 + 0.001 - 


1 - 0.9207 


0.0205 

0.0793 


03 ^ 


1 - iV(1.41) 


As another example, consider a conditional random sample of 20 drav n from 
a lot of 100 radio tubes, 80 of which are nondefective. What is the probability 
that the sample proportion of nondefective tubes will be less than 0.7? 
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Here, we have 


B(P) =r = 0.8, CCF = 2(^0) = °- 025 ' and 

/ 0 . 8 ( 0 . 2 ) /100 - 20 
'' = VlW^T = 0-08055 


Consequently, 
P 


6 s °- 7 ) *" (^ .ZL~ 08 ) - *<-»•*» - »■ 


1762 


8.9 

Sampling Distribution 
of the Mean 


f I..., a random sample of size n is drawn 

Varian ° e ^ th6n the Sample observations are 
independent and identically distributed random variables, as we have alreadv 
explained. Furthermore, the sample mean, computed as 


2 ~ n ^ Xl + X 2 ’ * ‘ + Xn ) 


is also a random variable, and the expected value and the variance of the sampling 
distribution of x can be derived simply. First, we note that 

E ^ = E {n^ X,+Xt+ ' ' ' + = \ ( £ Oi) + B(x 2 ) + • • • + E(x«)) 

1 




(8.16) 


ad. is the expectation of the sample mean is the population mean. 

,, j j v- S1I ! Ce sample observations are considered independent random variables 

e additivity property holds for the variance. Namely, the variance of the sum 

s the sum of the variances. Furthermore, since V(x,) = «^, the population vari- 

ance, we have 


FOr) = V (i Z*) = 1 (V(xi) + V(x 2 ) 


+ 


+ V(x n )) 


(8.17) 


Note that in this derivation we have employed the theorem that the variance of a 
constant times a variable is equal to the square of the constant times the variable. 

lhe standard error of the mean, which measures the chance variability in 
sample means, is J 

= Vv&j = 


n 


(8.18) 


which reveals that <r 5 is smaller than a. Moreover, it indicates that when n 
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<tj —> 0. Thus, the larger the sample is, the less the fluctuation of sample means 
is from sample to sample. 

If samples are taken from a finite population without replacement, as m the 
previous cases, a FPCF must be introduced to compute the standard error of the 

mean. Namely, ___ 

_ <*■ I n ~~ n (8.i9) 

** ” Vn^N - 1 

When the parent population is normal, then the sampling distribution of x is 
also normal, no matter how small the sample size is. However, if the population 
distribution is anything but normal, then the variable (x — m)/ 0 ^ approaches the 
standard normal distribution when n becomes infinite. That the distribution of 
x approaches the normal probability model when n increases is illustrated by 
Figure 8.4. In this figure, the population distribution is given by n = 1 and m = 0. 
The density functions of z for n = 3, 6, 10, 50, and 100 are plotted against this 
population model in the same figure. This figure shows vividly the tendency for 
the distribution of x to approach normality rapidly when n is increased, even 
though the population is far from being normal itself. 

By the CLT stated above, for large n, the distribution function of x can then 

be expressed as follows: 


Let us now give an example of a complete evaluation of the distribution of the 


H(- 



Figure 8.4 Illustration of the effect of sample size on the distribution of x. 










256 THEORY OF SAMPLING 


°°fi d 10n rand ° m Sample ° f Size two is drawn a population which 
t f“ J? 6 6Ven numb f s > 2 - 4 > 8 > and 10, written on identical chips. Under 

these conditions, we note first that the mean and the variance of the population 

are, respectively, 6 and 8. Next, we observe that there are g) = 10 equally 
likely samples, which are ' 

(2,4), (2,6), (2,8), (2,10), (4,6), (4,8), (4,10), (6,8), (6,10), (8,10). 

probabilities SamPle m6anS raUge COnsecutivel y from 3 to 9, with the following 


Possible Values of x 


3 

4 

5 

6 

7 

8 


Probability 


Ho = o.i 
Ho = o.i 
Ho = 0.2 
Ho =0.2 
Ho = 0.2 
Ho = 0.1 
Ho = 0-1 
Sum 1 y l0 = 0.1 


For this distribution of x, the expected value is 

E(x) = Zxif(xi) = 3(0.1) + 4(0.1) + 5(0.2) -f- • • • -f. 9(0.1) = 6 
^ C AL i t entiCal With the population -ean stated before. Also, the standard 


<r 5 = (« - E(x)YJ{x,) 

i _ 

= ^(3 - 6) 2 (0.1) + (4 - 6) 2 (0.1) + • • • + (9 - 6) 2 (0.1) = V3 
To see whether this result agrees with the theoretical formula for we compute 


b 2 In - n 

v n \(v — i 



= V3 


W ? ® ee . tbat the standard error of the mean is related to the population 
standard deviation as specified by (8.19). 

ffl „ + N ° W ’ l6t US °° nSider an ° ther exampIe - Steel wires Produced by a certain 

20 nolds Ve Tf a mean . tensile St , ren f h ° f 500 P° u * d s and a standard deviation of 
pounds. If a random sample of 100 wires is drawn from the production line 

during a certam week, with a total output of over 100,000 units, what is the 

Wh b f blll tl y we Sa T' e mean WiU d ' ffer fr0m 500 P ou nds by 4 pounds’ 

tLn 504 funds’ ^ ^ be leSS than 496 p ounJs? -ore 

For this case, we have 


E(x) — n — 500 pounds and c t 2 


— - 20 
Vn VlOO 
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Why hasn’t the FPCF been used to compute the standard error here? With 
these values, the desired probabilities become 


P(\x - 5001 > 4) = 2 N = 2(0.0228) = 0.0456, 

P(.r < 496) = N ( 4 9(l ~ 5 —) = AT(-2) = 0.0228, and 
P(x > 504) = 1 - N =-^2) = 0.0228 


It was reported by a certain state that on 125 farms the recorded average 
wheat yield was 16 bushels per acre, with a standard deviation of 5 bushels. If a 
random sample of 36 farms is selected without replacement, what is the proba¬ 
bility that the sample mean will be less than, or equal to, 14.5 bushels? 

/ 14.5 - 16 \ 

answer: P(x < 14.5) == N | 5 1 125 — 36 j = iV( —2.12) = 0.0170 

V36 * 125-1/ 


If the recorded average yield is true, then the event of a sample with n = 36 to 
have a mean less than 14.5 bushels per acre would be a very rare event. 


8.10 

Distribution 
of the Difference 
of Two Proportions 


When two random samples drawn from 
two binomial variables are to be compared, it is possible to work only with the 
proportion of successes, not with the number of successes, unless both samples are 
of the same size. For example, during a presidential election, a sample of 100 
voters is taken from one state and 40 are found to be in favor of Candidate A; 
another sample of 150 voters is taken from a second state and 50 are found to be 
in favor of Candidate A. Clearly, these two sets of figures cannot be evaluated 
unless they are reduced to proportions. Specifically, what we need here is a 
probability model of the difference of two proportions. 

Two independent random samples are drawn. The first is of size ni from a 
binomial population with 7 ri, and the second is of size n% from a binomial popula¬ 
tion with t r 2 . Then the difference of the two sample proportions, A p = pi — P 2 , 
is again a sample statistic whose probability distribution has as its expected value 


E(Ap) = A7T = 7Tl — 7T 2 , 


(8.21) 
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and has as its standard error 


I tTi(1 — 7Ti) ^ 7T 2 (1 


Furthermore, if re t and n 2 are sufficiently large, then the sampling distribution 
of A p is approximately normal. That is, by the CLT, we have 


P(Pi ~ P 2 < Ap) = N (A?-—\ 

\ O'A® / 


A game of “heads or tails” is played by two friends, A and B. In this game 
each tosses a com fifty times; one wins the game if he tosses five more heads than 
the other. What is the probability that A will win the game? 

If we assume that the coins used are fair, the sampling distribution of Ap will 
have 

E (p) = 7Ti - tt 2 = 0.5 - 0.5 = 0. and 


0.5 — 0.5 = 0, and 


/0 5(0.5) 0.5(0.5) 

^ + —50~ = 0.1 

Now, for A to win he must toss five more heads than B in fifty tosses, or A must 
have 5/50 = 0.1 more heads than B. Thus, by normal approximation 


P(Ap > 0.1) = 1 




7 1 = 1 — 0.8413 = 0.1587 


It is believed that 10 percent of the batteries produced by Company A are 
defective, and that 5 percent of those produced by Company B are defective. A 
random sample of 2o0 units is drawn from the production line of Company A and 
20 are found to be defective; a random sample of 300 units is taken from the 
production line of Company B and 18 are found to be defective. What is the 
probability of obtaining such a difference or less in sample proportions if the 
belief about the population parameters is true? 

If the belief were true, then the distribution of Ap would be defined by 


Air — 0.1 — 0.05 = 0.05, and 


/ 0.1(0 .9) 0.05(0.95; 

^ 250 300 


0.0228 


The desired probability, if we note that Ap = 0.08 - 0.06 == 0.02, becomes 
P(Ap < 0.02) a N(-1.32) = 0.0934 

In view of this rather small probability, it is highly doubtful that m = 0.1 and 

x 2 - 0.05. Alternatively, this result indicates that it is highly likely that either 
TTi <0.1 or 7T 2 > 0.05. 
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8.11 


Distribution 
of the Difference 
of Two Means 


In many fields of scientific investigation, 
we often desire to compare the means of two random variables, such as the effect 
of two conditions or treatments or production methods. Again, the comparison is 
made on the basis of two independent random samples: one with size n i drawn 
from one population with m; another with size n 2 drawn from the other popula¬ 
tion with M 2 - Now, if xi and x 2 are the two sample means, then we can evaluate 
the possible difference between jui and jn 2 , A/x = Mi — M 2 , by the difference of the 
sample means Ax = Xi — x 2 . The problem here, therefore, is one of determining 
the properties of the sampling distribution of Ax. 

Let Xi, with m and on 2 , and X 2 , with ju 2 and a 2 2 , be the two parent populations; 
then it is easy to see that the expected value of Ax must be 

. E(Ax) = A{i = mi — M 2 (8-Z4) 


and the standard error of Ax is 


X Ax 



(8.25) 


We know that the sample mean is normally distributed when the sample size 
becomes infinite. There is reason to believe, then, that if xi and x 2 are independent 
and normallv distributed, their difference, Ax, must also be normally distributed 
when both ni and n 2 approach infinity. Thus, for sufficiently large integers of m 
and n 2 , the distribution function of Ax can be expressed as 

/ Ax — A u\ 

P(x 1 — x 2 < Ax) = N l — J (8,z6) 

It may be noted here, as in the case of the distribution of the mean, that if Xi 
and X 2 are normal variables, then Ax is also a normal variable however small ni 

and n 2 are. . . , ^ A 

Spot welds of aluminum of high shearing strength produced by Company A 
possess a mean of 4500 pounds and a variance of 40,000 pounds 2 . Those produced 
by Company B possess a mean of 4000 pounds and a variance of 90,000 pounds 2 . 
If 50 welds of Brand A and 100 welds of Brand B are selected at random and 
tested, what is the probability that the sample mean strength of A will be at least 
600 pounds more than B? At least 500 pounds more than B? 

Since, for the distribution of Ax in this case, 

Aji = 4500 — 4000 = 500 pounds, and 


<T Ax 


40,000 90,000 

50 + 100 


= 41.23 pounds, 
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the desired probabilities become 

P(Ax > 600) = 1 - N (— °~ 23 5 -) = 1 - N (2.43) = 0.0075 

P(Ax > 500) = I - A' 23 50 ° ) = 1 - N( 0) = 1 - 0.5000 = 0.5000 

Steel pipes produced by a certain process have a mean diameter of 5 inches 
and a standard deviation of 0.1 inches; what is the probability that two lots, each 
with 25 pipes, will differ in mean diameter by (a) 0.01 inches or more? (b) bv 
0.005 inches or more? (c) by 0.005 inches or less? 

Here, the distribution of Ax has 

Am = 5 — 5 = 0, and 


( 0 . 1) 2 ( ( 0 . 1) 2 

~ \~25 -25~ = 0-02^2 inches 

Consequently, 

(a) P(\Ax\ > 0.01) = = 2iV(—0.35) = 0.7264 

(b) P( \Ax\ > 0.005) = = 21V(0.18) = 0.8572 

(«) r<M < 0.005) * N O - Jf ggf) - 0.57,4 - 0.4250 - 0..428 

4 i, ab ° Ve caloulations indicate that, given population parameters, the smaller 
the difference is between two sample means, the greater the probability is for it 
to occur. Similar statement can be made for the distribution of A p. 


8.12 

Sampling Distribution 
of Variance 


f When a random sample of size n is drawn 

trom a population, the sample variance is computed as the sum of squared devia¬ 
tions about the sample mean. That is, 

s 2 = -2(xi - xy 

n 

The probability distribution of the variance so calculated, as it can be shown, has 
the following expectation: 


n — 1 
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This indicates that, on the average, s 2 is smaller than the population variance o- 2 
bv a factor of (« - 1) /n. In general, as we shall see m the next chapter, a statistic 
whose expectation is different from the population parameter being estimated is 
called a “biased” estimate of that parameter. Thus, s 2 is a biased estimate of <r . 
This bias can be corrected by computing the sample variance with a division 
constant of n - 1 instead of n. We shall denote the sample variance by using 
n — 1 as s 2 and 

s 2 = —- x) 2 , or 
n — 1 

(n - 1 )s 2 = 2(xi - x) 2 

where n — 1 is called “n — 1 degrees of freedom,” a term explained in a later 

^To derive the expectation of the sampling distribution of I 2 , we note that, by 
the linear combination theorem, the variance remains unchanged when the origin 
is changed. Thus, subtracting a constant m from x> and x, expanding the square 
and collecting like terms, from the last equation, we have 

(n - l)s 2 = 2(Xi - m) 2 - n(£ - m) 2 
Now, taking expectation on both sides of this expression, we get 

(n - l)E(s 2 ) = S E{(xi - m) 2 ) - nE((x - m) 2 ) = Sv 2 - n = (n - l)<r 2 


Namely, 


E(s l ) = (t 2 


(8.28) 


Now it may be noted that for large samples, s 2 and ^ 2 are practically equal 
and thus s 2 is said to be “asymptotically unbiased.” Throughout our discussion 
in this section we shall be concerned with large samples and therefore assume that 


E(s 2 ) = E(P) = <r 2 . , . , 

The calculation of the standard error of s 2 , denoted as v.v is much more 
involved. It can be shown, however, that if the parent population is normally 
distributed and possesses the fourth moment, ih, then 


ov = 



(8.29) 


In this expression we have introduced a concept moment. In general, the term 
“moments” is employed to describe the properties of a distribution, empirical or 
theoretical. Moments are calculated from the origin or the expectation of a 
random variable. The first moment about the origin of a random variable, for 
example, is the mean of the random variable. When moments are computed about 
the mathematical expectation, the first moment is mi = E(X - m) = 0; the second 
moment is the variance, ms = * 2 = E{X - m) 2 ; the third moment measures the 
skewness and is defined as ms = E(X - m) 3 ; and the fourth moment is a measure 
of kurtosis and is defined as mi = E(X - m) 4 - This last moment has been used to 
define ov in (8.29). 






262 THEORY OF SAMPLING 


The variance of weights for truck tires produced by a certain manufacturer 
Tf "Inn 1 ™ 117 dlstnbut ed, with a mean variance of 10 pounds 2 . If random samples 
of 100 tires each are taken, what is the percentage of sample variances that will 
be greater than 10.5? less than 9.75? 

To solve this problem, we note that the distribution of s 2 in this case is approxi- 
mately normal, with 

E(s 2 ) — 10 pounds 2 , and 


Thus 


.* = <r 2 J—~~r = 10 J— = 1. 

- 1 V 99 


414 


P(s 2 > 10.5) 1 JV (“ 1414 ) = 1 - JV(0.35) = 1 - 0.6368 = 0.3632, and 

P(s 2 < 9.75) = N 10 ) = 0.4286 

inn A wrr° m + r mpl ! f-, 200 UnitS is drawn from a P°P ulati ° n whose variance is 
00. What is the probability that the sample variance will differ from the popula¬ 
tion variance by 2 or more? 

The desired probability is 

r<|.- .001 > 2, - 2* (_iL_) . . 0. 8414 

This result indicates that 84 percent of the sample variances will fall outside 
the range of 98 to 102. 


8.13 

Distribution of 
Stundurd Deviution 


. Ail comments made on the sampling 

distribution of s can apply to the sampling distribution of s—sample standard 
deviation with one important exception: that is, while the expectation s 2 
computed with the division constant of n - 1 is identical with ff 2 , the expectation 
o s is only nearly equal to cr when the sample size is greater than 100. Assuming 
a normal population and a sample size greater than 100, the distribution of s has 


E(s) = „ 


and 


(8.30) 


V^T) (8 - U) 

If a random sample of 200 men is drawn from the American armed forces in 
which the standard deviation for heights is 2.5 inches, what is the probability’for 
the sample standard deviation to be less than 2.4 inches? greater than 2.7 inches? 
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The distribution of s in this case is approximately normal with 


Therefore, 


E(s) = 2.5, and a s 


2.5 

V^oo^Tj 


0.125 


/2 4 — 2 5\ 

P(s < 2.4) = N f 0125 --j = 0.2119, and 
P(s > 2.7) = 1 - N ( 2 'of 2 |^) = °- 0548 


8.14 

Distributions 
of Median and 
Related Measures 


If the parent population distribution is 
normal, and if the sample size is equal to or greater than 30, the distribution of 
the median is approximately normal with expectation and standard error as 
follows: 

E( Med) = ju, and C8.32) 


G’med 


L2533cr 
's/ n 


(8.33) 


We note that, while the expectation of the median is the same as the expectation 
of the mean, the standard error of the median is greater than the standard error 
of the mean by a multiplier of 1.2533. 

Recall that the median is a position measure which divides a variable into two 
equal parts. Recall also that a variable may be divided into four equal parts by 
three quartile measures. The first quartile, Qi, is a statistic whose value is equal 
to or less than 25 percent of the values of a variable. The second quartile, Q 2 , is 
identical with the median. The third quartile, Qz, is a measure which is equal to 
or greater than 75 percent of the values of a variable. Furthermore, for ungrouped 
data, we know that Qi = n/4, Q 2 = 2n/4, and Qz = 3n/4, where n is the sample 
size, as usual. 

Distributions of Qi and Qz have the same standard error, which is defined as 


O’Qi - *Q t ~ 


1.3626cr 
Vn 


(8.34) 


Furthermore, if the parent population is normal or approximately so and the 
sample size is greater than 30, distributions of Q\ and Q 2 are nearly normal, with 
expectations very nearly equal to the first and second quartiles of the population, 
respectively. 
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Measures which divide a set of data into ten equal parts are called deciles. 
Clearly there are nine decile measures, with Di = n/ 10, D 2 = 2n/10, Z) 3 = 3^/10 
■ • • , Z) 9 = 9n/10. Remarks made on the distribution of the median apply 
equally well to distributions of deciles. Expectations of deciles are very nearly 
equal to their corresponding population parameters. Standard errors of deciles 
are as follows: 


1.7094(7 


V n 

(8.35) 

1.4288(7 


cr I>2 O’Dg /— 

V n 

(8.36) 

1.3180(7 


<td 3 ~ <td 7 = ) and 

V n 

(8.37) 

1.2680c7 


<td 6 = 

V n 

(8.38) 


Note that the standard error of D b is obviously the same as that of the median. 
Note also how the multiplier factor decreases as the decile value comes closer to 
the median. 


8.15 

Significance of 
Sampling Distributions 


The value of a sample statistic computed 
from a random sample of a given size drawn from a specific population depends 
upon which elements are included in the sample. A different sample will, usually, 
yield a different value of the statistic. This observation implies that a sample 
statistic is expected to be different from its corresponding population parameter, 
which is often an unknown constant; that is, measuring only a part instead of the 
entire population results in a margin of error, known as the sampling error—the 
difference between the value of a statistic and that of a population parameter. It 
is important to note, in addition, that a possible difference, although referred 
to as an error, might occur due to chance, not to an error that has been made or 
will be made because of sampling. Furthermore, we must understand that sam¬ 
pling errors are not literally “errors” as the layman understands the word. It is 
perhaps more appropriate to call them “sampling variations” or “chance devia¬ 
tions,” since their existence is due to the characteristic of chance inherent in 
random sampling. One basic value of sampling distributions is the assistance that 
they give us in revealing the patterns of sampling errors and their magnitudes in 
terms of standard errors that is, standard deviations of sampling distributions. 

A sampling distribution shows that a statistic of a random sample may take 
on any of a set of values; but these values do not have the same probability of 
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occurrence. It is indeed remarkable that the closer a statistic is to its corresponding 
parameter, the greater the probability is for the former to happen As we shall 
see this property enables us to evaluate the validity of statistical inferences. 

’it may now be observed that, in deducing a sampling distribution wo must 
first make an assumption about the appropriate population parameter. Inasmuch 
as any value can be assumed for a parameter, depending upon our knowledge or 
guess of the population, there is no theoretical limit to the number of sampling 
distributions for the same sample size that can be taken from the same population. 
There is a sampling distribution for each assumed v alue of a parameter. 

Furthermore, as we have already mentioned, given the assumed value ol a 
parameter, there is a different sampling distribution of a statistic for each speci c 

sample size. . , 

Finally, under the same assumptions about a population and the same sample 

size the sampling distribution of one statistic differs from that of another statistic. 
For’ example, the pattern of the distribution of x will differ from that of s , even 
though both measures are computed from the same sample. 

From previous observations, it is easy to appreciate why we should always 
bear in mind the assumption of the population, the name of the statistic, and the 
sample size when we think of a sampling distribution. . , , , 

It will also be useful for us to remember that our discussion m this chapter 
might appropriately be called “theory of sampling for large samples.” In short 
when a sampling distribution with large n meets the requirements of the central 
limit theorem, we have applied the large sampling method. As to how large n 
should be in order for the CLT to apply depends upon the particular statistic. 
For the mean, the median, and other position measures, it is sufficient if n > 30. 
For sample proportion, it is required that n ranges from 30 to 1400, depending on 
the value of x. In the case of sample variance, and also of standard deviation, 
the sample size must be greater than 100. Needless to say, when large samphng 
theory holds, statistical inferences are made with the normal probability 

It is also interesting as well as important to note that when sample size is 
large enough for the CLT to operate, standard errors can be calculated with 
sample statistics in place of the corresponding population parameters when the 
latter are unknown; for instance, s can be used for <r, p can substitute for x, and 
so on. In other words, if the sample size is large enough, the sampling theory lor 
large samples holds whether a standard error is computed with the known popu¬ 
lation parameter required or its sample estimate. 

When samples are small and population parameters required to compute 
standard errors are unknown, we face what is called the “small sampling method 
or “exact sampling theory.” With exact sampling theory, each statistic has a 
particular probability distribution other than the normal probability model, 
unless the population is itself normal. These probability models will be taken up 

in Chapter 12. . , , , , 

We shall now turn, with the knowledge gained m the present chapter, to a 

discussion of the traditional decision procedures of estimation and testing of 
hypotheses for the case of large samples. 
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Glossary of Formulas 


(8.1) P(\X -p\ < «)- las»-> « and (8.2) P(\X - p\ > s) ^ 0 as „_ M 

The se equations are alternative ways of stating the law of large numbers in terms of the sample 
mean. The former states that the probability for the sample mean to differ from the correspTn^ 
ing population mean absolutely by less than a constant S approaches 1 as the sam D le size 
approaches infinity. The second expression says that the probability for the sample mean to 
differ from the corresponding population mean absolutely by greater than a constant of s 
approaches 0 as n becomes infinite. The implication of the law of large numbers is that we can 

enough^ampfe SamP ' 6 mean ** ^ l ° the population mean as ™ wish by taking a large 

(8.3) P(| (S/n) - pi < S)_> lasn^ « and (8.4) P(\(S/n) - p\ > «) ^ 0 as „ ^ M 

These expressions are referred to as the Bernoulli law of large numbers. Here, S is the num- 
ber of successes, n, the number of trials, and p, the probability of success in each trial The 
of equations 116 ^h^ 6 fr ®. q “ ency of successes - Similar interpretations for the preceding group 
def?nition°of S p robabi 6 ity PP l6< ^ ^ B#m ° Ulli "" tha "■«*■ fre^en/y 

(8 ‘ 5) ” - 45 2 (1 - a ) Thls formula 8'ves the size of n required in order for the sample rela- 
tive frequency to differ from p (which may be thought of as the corresponding population or 

level of probabiii,y ' - ° r greater - tL rL “ p 

(8.6) P(S < s) = N ( This is one of the _ X1 . 


(8.6) P(S < s) - N This is one of the possible statements of the powerful 

| C n*~nHT it t th T m ‘ '* SayS that if 5 iS the Sum 0f a large number of identically distributed 
independent random variables, each with mean p and variance <r 2 , then the variable ( s - «„)/ 

a V» obeys the standard normal probability law. Note that np = E(S) and » is a Darticular 
value of the sum. Also, in general, this expression holds if „ > 25. Particular 

(8.7) P(X <x)=N This savs that tha Hiatril,.,*:— _, 


t . ) (A < X) - N J This says that the distribution function of the number of 

successes can be approximated by the standard normal distribution for large n because of the 
n ra ' llmit theorem - Satisfactory normal approximations of binomial probabilities require that 
np - 5 or that »? > 5. Note also np = p and \/npq = „ here. 

(8.8) P(X < x) = N ^ ^ To i m P rov e normal approximations of binomial—the 

continuhy^correchon factor of^!' 6S Wh6n " iS Sma "' 14 ,8 — y ^duce a 


(8.9) P((x/n) <p)= y) ir*(l - r)> 

(8.10) E(p) = tt 


(8.11) V(p) 


(8.13) ,, = 


Ml — T ) 


(8.14) P((x/n) < p) = 


«_/ y - n 

\N- 1 


(8.15) P((x/n) <p)=N 


+ Yn~ 





GLOSSARY OF FORMULAS 267 


This group of equations define the properties of the distribution of a proportion p, which is 
number of successes divided by n; that is, p = x/n. If the population proportion is tt and 
sampling is made with replacement, the distribution of the proportion of successes obeys the 
binomial probability law and its distribution function is given as (8.9). The next three equations 
give the expectation, variance, and standard error of a proportion respectively. When sampling 
is made without replacement, the distribution of p follows the hypergeometric probability law. 

In this case the expectation of p is still identical with the population proportion 7 r but the stand¬ 
ard error must be adjusted by a finite population correction factor as given by (8.13). Equation 
(8.14) states the fact that the distribution of p obeys the central limit theorem. As in the 
case of the distribution of the number of successes, satisfactory normal approximations of 

proportion probabilities for relatively small samples, if a continuity correction factor of is 

introduced, are expressed by the last equation in this group. 

(8.16) E{x) = m (8.17) = a ^ n ( 8 - 18 ) 0-2 = <r /'V / ™ 

(8.19) 0 * = o/\/n (V (N - n)/N - 1) (8.20) P((Xx/n) < x) = A r 

Here we have properties of the sampling distribution of the mean. If the parent population 
possesses a mean p and variance <r 2 , then the expectation of x is identical with the population 
mean and its variance is related to the population variance as expressed by (8.17). The standard 
error of the mean is defined by (8.18) if the population is infinite or if sampling is made with 
replacement from a finite population. When a conditional random sample is drawn from a finite 
population, 0-5 must be determined, as in previous cases, by a finite population correction factor 
as given in (8.19). If n\s sufficiently large, then the variable (x - is approximately normally 
distributed and, therefore, the distribution function of x is given as ( 8 . 20 ). 

Ml - TTl) . 7T 2 ( 1 — TT<l) 

(8.21) E(Ap) = 7H - 7T2 (8-22) a a p - yj ^ ^ 

(8.23) P(pi - P 2 < Ap) = N 

If a random sample of n x is drawn from a population with -m, and another sample of n 2 is drawn 
independently from a population with ir 2 , then the distribution of the difference between two 
sample proportions, p x — p 2 = Ap, would have its expectation and standard error defined 
by (8.21) and (8.22). Furthermore, if n x and n 2 are sufficiently large, then the distribution 
of Ap is approximately normal as revealed by (8.23). 

(8.24) E{Ax) = Ap ~ pi — M 2 (8.25) 0 -A 2 = 

(8.26) P(x x - x 2 < Ax) - iV 

The sampling distribution of the difference of two means, Ax, has as its expectation the differ¬ 
ence between the population means, and has as its standard error the square root of the sum 
of variances of x x and x 2 . If the parent populations are normal, the distribution of Ax is also 
normal irrespective of the sizes of n x and n 2 . If the parent populations are not normal, the dis¬ 
tribution of Ax approaches the normal distribution when n x and n 2 become infinite. Thus, for 
large sample sizes, the distribution function of Ax can be stated as that of A T (0.1) as in (8.26). 

(8.27) E(s 2 ) = ~~ <r 2 (8.28) E(^) = a 2 (8.29) <r s2 = 0-2 

The distribution of sample variance s 2 , computed with the division constant of 1/n, has an 
expectation, as stated by (8.27), smaller than the population variance by a factor of (n - 1 )/n. 


(Ax — Ap\ 
\ / 


( Ap — Att\ 
(TAp / 









268 THEORY OF SAMPLING 


However, the sample variance s 2 , obtained by the division constant of l/(n - 1), has an expec¬ 
tation identical with the population variance. Expression (8.29) is the standard error of the dis¬ 
tribution of s 2 or s 2 , derived under the assumption that the fourth moment of the population 
exists, it is also assumed that the population is normally distributed. The distributon of s 2 is 
approximately normal if n > 100. 

(8.30) E(s) ± a (8.31) a s = — ■ * 

V2(« - 1) 

If the parent population is normal and if sample size is greater than 100, then the distribution 
of sample standard deviation is approximately normal, with an expectation very nearly equal to 
population standard deviation and with a standard error as given by (8.31). 

(8.32) E(Med) = „ and (8.33) <r mri - 

V n 

The distribution of the median has the population mean as its expectation. Its standard error is 
greater than that for the mean by a multiplier of 1.2533. 


/n 1.3626a- 
(8.34) <r Ql = <tq 2 =-— 

V n 

Recall also that the second 


Standard errors of the first and the third quartiles are identical, 
quartile is identical with the median. 


(8.35) 0'D l = <f D 3 


1.7094a 

\/ n 


(8.36) ai) 2 = aj 5 g 


1.4288a 

\/ n 


(8.37) aJ5 3 = (TD 7 


1.3180a 

\/ n 


(8.38) <TD i = (TD 6 


1.2680a 

\/ n 


These formulas are standard errors for distributions of deciles. Note that D 5 = Q 2 = Med. 
Note also, how the constant multiplier increases as the decile measure moves away from the 
fifth decile, or median, whose standard error has a constant multiplier of 1.2533. If the parent 
population is normal or approximately so, and if the sample size is greater than 30, then the 
distribution of each decile is approximately normal, with an expectation nearly equal to its 
corresponding population decile. The same observations can also be made for distributions of 
quartiles. 


Problems 


8.1 Why is the distribution of a sum impor¬ 
tant for the discussion on sampling theory? 

8.2 What are the important properties of the 
distribution of a sum? 

8.3 State the law of large numbers in your 
own words. 

8.4 Comment on the similarities of the two 
alternative statements of the law of large 
numbers. 

8.5 What is the significance of the law of 
large numbers? 

8.6 What role does the Chebyshev inequality 
play in the discussion of the law of large 
numbers? 


8.7 What does the central limit theorem say? 
What is its importance? 

8.8 In what sense do we say that a random 
observation is a random variable? Use a nu¬ 
merical example to support your answer. 

8.9 Suppose your class of statistics contains 
100 students, numbered from 1 to 100. Select 
a simple random sample of 10 by using the 
table of random digits (A-XVI). 

8.10 Show that the first number selected in 
the preceding problem comes from a uniform 
distribution with f(x; 100) = 1/100, % = 1,2 3 

• • • , 100 . 

8.11 What is a sampling distribution accord¬ 
ing to your understanding of the term? 
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8.12 Can you explain why a sampling dis¬ 
tribution can be derived from the process of 
deduction? 

8.13 What do we mean by sampling errors? 
How are their magnitudes measured? 

8.14 Explain in at least two different ways 
the fact that the larger the sample, the more 
reliable is the sample statistic as an estimate 
of the corresponding population parameter. 

8.15 A certain type of ground-to-ground mis¬ 
sile has a probability of 0.25 to hit the target. 
Ten such missiles are fired. 

a. Write the exact expression that exactly five 
will hit the target. 

b. Write the exact expression that at least five 
will hit the target. 

c. Use the Chebyshev inequality to estimate 
the number of shots required in order to have 
a probability of at least 0.5 that the average 
number of hits will differ from 0.5 by less 
than 0.25. 

8.16 If you wish to estimate the proportion of 
business executives who have graduate 
degrees, and to have the estimate be correct 
within 2 percent with a probability of 0.95 or 
better, how large a sample should be taken if 
you (a) are confident that the true proportion 
is less than 0.2, and (b) have no knowledge 
at all about the true proportion? 

8.17 A random sample is to be taken to esti¬ 
mate the proportion of defectives, p, of a 
certain production process. Determine the 
sample size so that the probability is at least 
(a) 0.95, (b) 0.99, that the observed proportion 
will differ from the true proportion by less 
than (i) 1 percent and (ii) 10 percent. 

8.18 A die is tossed sixty times. 

a. What is the mean of the sum of points? 

b. What is the variance of the sum of points? 

c. What is the probability that the total num¬ 
ber of points will be less than 200? 

8.19 A delivery truck is loaded with three 
different kinds of cartons containing food 
products. The weight of each kind of carton 
is a random variable. There are 10 cartons of 
one kind, 40 of another kind, and 80 of a third 
kind. Mean weights and standard deviations 
for these cartons, respectively, are 100, 10, 
50; and 5, 25, \/2Q —>all in pounds. What is the 
probability that the load on the truck is more 
than 5100 pounds? 


8.20 The reliability of a rocket is the proba¬ 
bility p that an attempted launching of the 
rocket will be successful. It has been estab¬ 
lished that the reliability of a certain type of 
rocket is 0.9. A modification of this rocket is 
made and is being evaluated. Which set of 
evidence below throws more doubt on the 
hypothesis that the modified design is only 
90 percent reliable? 

a. 121 modified rockets tested, 116 performed 
successfully. 

b. 81 modified rockets tested, 78 performed 
successfully. 

8.21 Which of the following sets of evidence 
throws more doubt on the hypothesis that 
more voters are in favor of Candidate A than 
in favor of Candidate B in a presidential elec¬ 
tion? (a) Of 10,000 voters sampled, 5100 are in 
favor of A. (b) Of 1000 voters sampled, 510 are 
in favor of A. 

8.22 An urn contains eight numbered balls, 
three with the number 1 and five with the 
number 2. Two balls are drawn at random 
without replacement from the urn. 

a. List all the possible samples and their 
associated probabilities. 

b. Derive the sampling distribution of the 
difference between the two numbers on the 
balls drawn. 

c. What comments are in order from your 
results in (a) and (b)? 

8.23 Three independent observations are 
made from a normally distributed random 
variable X with ix — 0 and <r 2 = 1. The largest 
of these three observations is a statistic—a 
function of these observations. The proba¬ 
bility distribution of this statistic is 

P(largest observation < x ) 

= P(all observations < x) 

= P(first observation < x) 
P(second observation < x) 

P(third observation < x) 

= N(x)N{x)N(x) = {N(x)X 

What is the probability that the largest obser¬ 
vation exceeds a value of 2? 

8.24 A random sample of 4 is drawn from an 
infinite population with p =0.5. Derive the 
sampling distribution of the number of suc¬ 
cesses (a) in terms of exact probabilities, and 
(b) in terms of normal approximations. 

8.25 If a random sample of 100 is taken from 
the production line of a process in which 
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20 percent of the items are defective, what is 
the probability that 15 or less in the sample 
are defective? 

8.26 Plot the distribution of the number of 
successes with n = 20 and p = 0.4 against 
its normal approximations. In your judgment, 
are the normal approximations good enough 
for practical situations? 

8.27 Let n = 3600 and p — and calculate 
the probability for the number of successes 
between 3600p - 20 and 3600p + 20. 

8.28 Half-inch iron screws manufactured 
by a certain factory are occasionally not 
slotted. This occurs at random, and the com¬ 
pound probability of its happening and escap¬ 
ing inspection is 0.02. In a shipment of 2500 
such screws, what is the probability that (a) 
64 or more will lack slots? (b) 36 or less? (c) 
between 36 and 64? 

8.29 Let the population be ten balls in an urn, 
five of which are black and five are white. A 
random sample of six is drawn without re¬ 
placement; evaluate the sampling distribution 
of the proportion of white balls. (Note: The 
evaluation of a sampling distribution involves 
the listing of all sample values with associated 
probabilities, and calculations of its expected 
value and standard error.) 

8.30 Forty percent of the registered voters 
in a given state are Republicans. From this 
population a sample of five is drawn at ran¬ 
dom. Evaluate the sampling distribution of p, 
proportion of Republicans. (Hint: Since the 
sample is so very small relative to the popula¬ 
tion, independence may be assumed here.) 

8.31 Let the population be the same as in the 
preceding problem, and let a random sample 
of 100 be drawn. Would you be surprised to 
find that there are 50 Republicans in the 
sample? 

8.32 In a national election, 55 percent of the 
voters are in favor of a certain candidate; 
what is the probability that, in a sample of 100, 
the result will not show a majority in favor of 
the candidate? 

8.33 If an unconditional random sample of 
180 items is drawn from a population with 

= H, what is the probability that the sample 
proportion satisfies 50/180 < p < 70/180? 


8.34 On college faculties in New York City, 
% are women. If a random sample of 180 is 
drawn from this population, determine 

a. P(p > 0.3), and b. P(0.1 < p < 0.25). 

8.35 The variance of the distribution of p is 
found to be 0.0025 with n = 100; what is tt? 

8.36 Forty-six percent of union members are 
against trading with Red China. What is the 
probability that a poll would show a majority 
of this trait if the poll consisted of (a) 100 union 
members? (b) 1000 union members? 

8.37 It is known that 5 percent of the radio 
tubes produced by a certain manufacturer are 
defective. If the manufacturer sends out 1000 
lots, each containing 100 tubes, in how many of 
these lots can we expect to have (a) fewer than 
90 good tubes? (b) 98 or more good tubes? 

8.38 In a random sample of 1000 households 
selected in West Virginia in 1965, 96 of the heads 
of families were found to be unemployed. 
Was this sample result consistent with the 
assumption that 10 percent of the labor force 
there in that year were unemployed? Explain. 

8.39 Evaluate the sampling distribution of x 
with n = 2 from a population of 10 digits, 0, 1, 
2, 3, 4, 5, 6, 7, 8, and 9. Assume that sampling 
is made with replacement. 

8.40 Rework the preceding problem under 
the assumption that a conditional sample of 2 
is drawn. 

8.41 The distribution of average weekly 
wages of 3000 secretaries in a Canadian city 
is found to have » = $68.00 and <r = $3.00. If 
250 random samples, all of the same size of 
25, are drawn from this population without 
replacement, what would be the mean and 
standard error of the distribution of x formed 
by these 250 samples? 

8.42 In the preceding problem, how many 
samples in the distribution can we expect to 
have means between $66.80 and $68.30? 

8.43 A lot of 1000 fried chicken dinners has a 
mean weight of 12 ounces and a standard 
deviation of 0.6 ounces. What is the probability 
that in a random sample of 100 from this 
population the total weight will be (a) less than 
1190 ounces? (b) more than 1195 ounces? (c) 
between 1190 and 1195 ounces? (Hint: That the 
combined weight will be between 1190 and 
1195 ounces is the same as that the sample 
mean will be between 11.90 and 11.95 ounces.) 
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8.44 Packages to be delivered by a factory 
have a mean weight of 300 pounds and a 
standard deviation of \/2500 pounds. What 
is the probability that 25 packages taken at 
random and loaded on a truck will exceed the 
specified capacity of the truck, known to be 
8200 pounds? 

8.45 A liberal arts college has 100 faculty 
members, 60 of whom have doctoral degrees. 
Two samples, with n x — n 2 = 30, are drawn 
from this faculty independently, with replace¬ 
ment, and whether or not they possess doc¬ 
toral degrees is noted. What is the probability 
that the two samples will differ by 8 or more 
with doctoral degrees? 

8.46 Rework the preceding problem under 
the assumption of nonreplacement. 

8.47 Similar products are produced by two 
manufacturers, A and B. A’s output contains 
7 percent defectives, and B’s contains 5 per¬ 
cent defectives. If an unconditional random 
sample of 2000 is drawn from each manu¬ 
facturer’s product, what is the probability that 
the two samples will reveal a difference in 
proportional defectives of 0.01 percent or 
more? 

8.48 A certain make of ball bearings has a 
mean weight of 0.5 ounces and a standard 
deviation of 0.02 ounces. Two unconditional 
random samples are taken independently 
from a certain day’s production, with n x = 500 
and n 2 = 800. What is the probability for the 
two sample means to differ by more than 0.002 
ounces? By less than 0.001 ounces? 

8.49 Two different makes of TV picture tubes 
A and B, possess the following parameters: 
jlm = 1400 hours, <r A 2 = 40,000 hours 2 , mb = 
1200 hours, and <r B 2 = 10,000 hours 2 . A random 
sample of 125 tubes is drawn from each make; 
determine the probability that (a) Make A will 
have a mean life at least 160 hours longer 
than B; (b) Make A will have a mean life at 
least 250 hours longer than B. 

8.50 The annual salary of professors in a 
certain city averages $12,000, with a standard 
deviation of $1,000. In the same city, the annual 
salary of physicians averages $15,000 with a 
standard deviation of $1,500. A random sample 
of 100 is taken from each population; what is 
the probability for the sample means to differ 
by less than 5,000? more than 6,000? 


8.51 Weights of American soldiers are nor¬ 
mally distributed, with a variance of 100 
pounds 2 . If a random sample of 200 is drawn 
from this population, what are the expectation 
and standard error of the sampling distribu¬ 
tion of s 2 ? 

8.52 For the preceding problem, what is the 
probability that s 2 will be greater than 101? 
less than a- 2 ? different from o- 2 by 1.5? 

8.53 Tensile strengths of steel wires are 
normally distributed with a standard deviation 
of five pounds. Many samples of 100 each are 
drawn at random, and standard deviations 
are computed for these samples. Find the 
expected value and the standard error of the 
distribution of s. 

8.54 For the last problem, what percentage of 
samples would have standard deviations 
greater than 5.71 pounds? less than 4.148 
pounds? 

8.55 A normal population has m = 100 and 
cr = 5. If a random sample of 250 is drawn 
from this population, is it likely for this sample 
to have a median of 91 or less? 

8.56 If the first quartile of a population with 
a = 10 is 11, what is the probability for Q x with 
n = 100 to be less than 10? 

8.57 If the third quartile of random variable, 
With <t 2 = 81, is 75, what is the probability for 
Q 3 with n = 81 to be greater than 77? 

8.58 If 100 students are selected at random 
from colleges in California and interviewed, 
and 51 are found to be in favor of open-housing 
policy, what is the probability for this sample 
proportion to differ from the true proportion 
by more than 1 percent? 

8.59 The Transit subway Authority in New 
York City bought 100 light bulbs of Brand A and 
another 100 of Brand B. On testing these 
bulbs, it found that x A = 1,300 hours, = 90 
hours, Xb = 1,250 hours, and sb = 100 hours. 
What is the probability that the difference 
between the two corresponding population 
means is greater than 40 hours? 

8.60 The average IQ of 350 school children 
observed at random in India is 105. The sample 
standard deviation for this sample is 5. In 
view of this information, is it reasonable to 
assume that the mean IQ for all children in 
India is greater than 110? Why or why not? 
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ESTIMATION 


9.1 

Statistical 

Inferences 


With a knowledge of probability theory 
and sampling distributions, we are prepared to discuss traditional decision pro¬ 
cedures for scientific investigations. 

In conducting a scientific investigation, the scientist often knows, or is willing 
to assume, that the population or the random variable X from which he samples 
is of a certain functional form whose parameter he attempts to evaluate. For 
example, from theoretical considerations or previous studies, it might be known 
that the IQ of school children possesses a normal function, n(x;a,iji), where the 
mean IQ, is the unknown parameter of interest. In general, when we say that a 
random variable X is distributed as f(x;6), we mean that 0 (theta) is the unknown 
parameter in the frequency function, f(x). 

Statistical inferences refer to methods by which one tries to select a random 
sample from a population and, on the findings of sample observations, attempts 
(1) to ascertain the value of the unknown parameter 0, or (2) to decide if 0 or 
some function of 0 is the same as some preconceived value of 0, say, 0 O . The first 
of these decision procedures is called estimation of 0, and the second is known as 
testing a hypothesis of 0. 

In this chapter, we shall be concerned with methods of statistical estimation, 
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and in the next, with methods of hypotheses testing. With respect to estimating 
a parameter, there are two types of estimates to be considered: point estimation 
and interval estimation. We shall now introduce them in that order. 


9.2 

Point 

Estimation 


The procedure in point estimation is to 
select a random sample of n observations, x h x 2 , * • • , x n , from a population 
j'(x;d); and then to use some preconceived method to arrive, from these observa¬ 
tions, at a number, say, 0 (read theta hat), which we accept as an estimator of 0. 
Note that the estimator, 0, is a single point on the real number scale and thus the 
name point estimation. 

It is important to observe that an estimator 0 is a function of n independent 
sample values. Considering this fact, we should select a function, say, 
$ = g(xi,x 2 , • • • ,x n ), which will give us the best estimate of 0. Such a func¬ 
tion, unfortunately, is often difficult and sometimes impossible to determine in 
practice. The next best thing we can do is to insist that the estimator be a “good” 
one. A good estimator, as common sense dictates, is one which is “close” to the 
parameter being estimated. More precisely, the quality of an estimator is to be 
evaluated in terms of unbiasedness, consistency, efficiency, and sufficiency. Let 
us comment on these desirable properties of an estimator before we move on to 
see how they can be incorporated into an estimator. 


UNBIASEDNESS 


An estimator is said to be unbiased if its expected value is identical with the 
population parameter being estimated. That is, if 0 is an unbiased estimate of 0, 
then we must have E{B) = 0. 

Thus, we see that the sample mean x, the sample proportion p, the difference 
between two sample means Ax, and the difference between two sample propor¬ 
tions A p, are all unbiased estimators, since in each case the expectation of the 
estimator is equal to the corresponding parameter being estimated. However, the 
sample variance, as has already been noted, computed with the division constant 
l/n, is a biased estimate of <j 2 because 


E(s 2 ) 



cr 


2 


n 


The bias here is the quantity —<j 2 /n. Clearly this negative bias will vanish when 
n becomes infinite, and therefore s 2 becomes an unbiased estimate of a 2 . Further¬ 
more, as it has also been noted, when the sample variance is computed with a 
division constant of 1/(ft — 1) it would be an unbiased estimate of v 2 however 
small n is. 

The criterion of unbiasedness assumes significance when many investigations 
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produce estimates of the same parameter. These estimates, if unbiased, can be 
combined to produce a still better estimate of the parameter. 

Bias in estimation, however, is not neccessarily undesirable; it may turn out 
to be an asset in some situations. For example, if the parent population is normally 
distributed, then it can be shown that a sample variance computed with 1 fn is 
a slightly better estimator than one computed with l/(n - 1), when they are 
evaluated on the basis of their mean square deviations about a 2 , Or, more gener¬ 
ally, suppose we wish to estimate 6 for f(x\&), where it may be known that, say, 
^ basis of a sample, and suppose that we insist upon an unbiased 

estimate; then it may be that some values of Q are positive. If we do arrive at a 
positive estimate of 6 under these conditions, it would be obviously better to set 
G — 0. Of course, if many estimates are to be obtained for a parameter, it is 
advisable to report all unbiased estimates even though some of them are impos¬ 
sible results. 

It is also of interest to note that many estimators are what we call “asymptoti¬ 
cally unbiased” in the sense that the biases reduce to practically insignificant 
values when n becomes sufficiently large. The estimator $ 2 is an example. Usually 
we would want bias to disappear in large samples. If a bias still exists with large 
samples, it is customary to remove the bias with a correction factor. 

What counts, actually, is that an estimator must be close to the parameter 
being estimated. Unbiasedness should not be considered as an absolutely desirable 
property. For example, it may happen that an unbiased estimator is less desirable 
than a biased estimator if the former has a greater variability than the latter and, 
as a consequence, the expected value of the latter is closer than that of the former 
to the parameter being estimated. This being the case, the biased estimator may 
be preferred. 

CONSISTENCY 

An estimator 6 is said to be consistent for 6 if the limit of the probability that 
\d — B\ < b is unity when the sample size approaches infinity. In other words, an 
estimator is said to be consistent if the probability for it to approach the param¬ 
eter being estimated is 1 as u approaches infinity. This is clearly true for x or 
p, or s 2 as a consequence of the law of large numbers. 

Recall that E{x) = U(Med) = n\ but are sample mean and sample median 
equally satisfactory to estimate fx? The answer is yes if f(x]/x) is symmetrical and 
if consistency is the only criterion under consideration. If, however, the popula¬ 
tion distribution is skewed so that the population mean and median are not 
identical, we would expect the sample mean to come closer to the population 
mean and the sample median to come closer to the population median when 
sample size is increased. Thus when n approaches infinity or approaches the size 
of the population, the sample mean will approach the population mean in value, 
and the sample median will approach the population median (which is different 
from the population mean) in value. So we see that the sample mean is, but the 
median is not, a consistent estimate of fx when the population distribution is not 
symmetrical. Furthermore, the sample mean is an unbiased estimator of ju no 
matter what form the population distribution assumes, while the sample median 
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is an unbiased estimate of M only if the population distribution is symmetrical. 
We conclude, therefore, that the sample mean is better than the sample median 
as an estimate of /x in terms of both unbiasedness and consistency. 

Consistency seems to be a desirable property for an estimator to possess when 
large samples are employed. When a small sample is used, consistency is of little 
importance unless the limit of probability defining consistency is reached even 
with a relatively small size of the sample. 

EFFICIENCY 

Given that estimators are unbiased or at least consistent, then an estimator 0i is 
said to be more efficient than another estimator 0 2 for 0 if the variance of the first 
is less than the variance of the second. This criterion seems to be an intuitively 
clear concept. Obviously, the smaller the variance of an estimator is, the more 
concentrated is the distribution of the estimator around the parameter being 
estimated and, therefore, the better this estimator is. 

The best illustration of relative efficiency in estimators is the estimation of m 
by sample mean and by sample median. If the population is symmetrically distrib¬ 
uted, then both the sample mean and the sample median are consistent and 
unbiased estimators of /x. Yet, we can claim that the sample mean is better than 
the sample median as an estimate of /x- This claim is made in terms of efficiency. 
We know that V(x) = <r 2 /n and that 7(Med) = (1 .2^<j /n) 2 = 1.57076er 2 /n. 
That is, V(x) < 7(Med). As a matter of fact, V(x) = 0.647(Med). Thus, we 
conclude that the sample mean is more efficient than the sample median as an 
estimator of 

When we say that one estimator is more efficient than another, it seems rea¬ 
sonable to think of an estimator that is the most efficient for the parameter being 
estimated. The most efficient estimator, evident from our understanding of 
relative efficiency, must be one which possesses a variance as small in value as 
possible. That is, we think of the most efficient estimator as a minimum variance 
estimator. An estimator 0 is said to be a minimum variance estimator of 0 if 
E(6 — E(d)) 2 < E(§* — E(d*)) 2 , where 0* is any estimator of 0 other than 0. 

The lower bound of a minimum variance can be found by what is called the 
Cramer-Rao inequality, according to which, for example, if 0 is an estimate of /x, 
then the variance of 0 cannot be less than <j 2 jn -V (0) > cr 2 /n. Here, 0 could be the 
sample mean, the sample median, or some other statistic. Whatever it is, its 
variance has a lower bound of (j 2 /n. But we know that V(x) = a 2 /n. Thus, in 
addition to being unbiased and consistent, x is a minimum variance estimate of a- 

SUFFICIENCY 

A rigid mathematical statement of this last desirable property, sufficiency in 
estimation, is rather involved. Fortunately, we find that this concept entails an 
accurate intuitive meaning. An estimator is said to be sufficient if it conveys as 
much information as possible about the parameter which is contained in the 
sample, so that little additional information will be supplied by any other estima¬ 
tor. This rather obvious yet vague statement can be made clearer perhaps by way 
of an illustration. 
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„ . onslder ’ for example, a normal population with a unit variance but an 
-nown mean, M If we wish to estimate this unknown mean, we may take a 
random sample of, say, two observations. (These observations, X 2 and X 2 are 
assumed to be independent random variables, and each is distributed identically 
with the population.)Now, when we investigate the collection (X,,X 2 ), we inves- 
igate all the information this sampling experiment yields.' Furthermore, the 
sample set (Xi,X 2 ), obtained from the parent random variable whose mean we 

seek to estimate, furnishes all the information that is available for us to compute 
various estimators. p 

Now, suppose, we select the following two functions of (Xj,X 2 ) for evaluation: 

a _ V + X 2 , 

»i - y —and 

* v - x 2 


We see that the set (0i,0 2 ) contains the same information as (X h X 2 ) since one is 

dlsTribide? "th t6d t0 th + 6 ° ther ' NeXt We n ° te that “ ( M0, is normally 
button ofl h “ expectation of_zero anda variance of 0.5. ;Clearly, the distri¬ 
bution of 0 2 does not involve M j; and therefore it does not tfdd dny useful informa- 

ut°ed 0n th 6 Paramet6r We S ® ek t0 estimate. Win, in (Ms), h is normally distrib¬ 
uted with an expectation identical with /and a variance of 0.5. Clearly 0, is a 

sufficient estimator of M since it provides all the information on M we can’obtain 
from the sample data, and since any other estimator, such as 0 2 , cannot yield any 
more information for the task of estimation at hand. 

exists* 1 -! Slg “ fic . ai ! C ? ° f sufficienc y lies > n the fact that if a sufficient estimator 
e ists it is absolutely unnecessary to consider any other nonsufficient estimators- 

resnS 1 t n tf + ^ a11 illformation that a sample can furnish with 

respect to the estimation of a parameter is being utilized. It may now be men¬ 
tioned that x, p, Ax, and A p are sufficient estimators of the corresponding param- 
eters /z, t, A/x, and At, respectively. 

Having decided upon the properties desirable for an estimator to possess, we 

satisMnJthT 86 ?° d \° estlmatin S functions that may provide estimators 
satisfying these properties. Among the many important methods, we shall consider 

only two in this text: the maximum likelihood function and the least square method. 

The first is our immediate concern; the latter we shall take up when we treat time 
senes and association analysis. 


9.3 

Maximum Likelihood 
Function 


VVe develop the concept of the 

maximum likelihood function by an example. Suppose, after taking a sample of 
10 students from colleges and universities, we find that 3 of them are against the 
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admission of Red China to the United Nations. We would like to know, given 
this sample evidence, how likely is it that the population proportion will be 0 . 1 ? 
0 . 2 ? • • • 0.9? 1.0? 

To answer this question, we note that the sample proportion in this case is a 
binomial variable. If the true proportion ir is, say, 0.1, then we have 

P(p = 0.3) = ( 3 °) (0.1) 3 (0.9 ) 7 = 0.0574 

If the true proportion t is, say, 0.2, then we have 

P(p = 0.3) = ( 3 °) (0.2) 3 (0.8) = 0.2013 

Similarly, we can compute the probability for the sample proportion to be 0.3 
given any other possible values of w specified in the query. Let us tabulate these 
probabilities as follows: 


7 r 

0.0 

0.1 

0.2 

0.3 

0.4 

0.5 

0.6 

0.7 

0.8 

0.9 

1.0 

P(p - 0.3) 

0.0 

.0547 

.2013 

.2668 

.2150 

.1172 

.0425 

.0090 

.0008 

.0000 

0.0 


Now, if we think that the true proportion can assume any value between 0 and 1 
instead of just those given above, we are thinking of the function L(x) — P(p = 
0 . 3 1 7 T = x), which is defined for all zs satisfying the inequality 0 < x < 1. L(x) 
is called the likelihood function for w and observed result p = 0.3 with n = 10. 
This function clearly gives the conditional probability of p — 0.3, given that 
ir = x. We can graph this function by plotting the values shown in the preceding 
table and connecting them by a smooth curve. In doing so we obtain what is 
called the likelihood curve for t given p = 0.3 with n = 10, as shown by Figure 
9.1. 

We ask: What value of w seems to make the sample outcome observed most 
likely? The standard answer is: The value of w must be one that makes the proba- 


P(p = 0.3) 



Figure 9.1 Likelihood curve for 7r given p = 0.3 and n — 10. 
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bility P(p = 0.3) as high as possible. Looking at Figure 9.1, we see that this value 
is 7T = 0.3. There is then reason to conclude: In our sample of 10 we found that 3 
were against the admission of Red China to the United Nations. Among all 
values of tt, the value of tt = 0.3 seems to make this sample result most likely. 
We therefore shall estimate w to be 0.3. Having done this, we have made what is 
called a maximum likelihood estimate for tt. 

To generalize the foregoing discussion, suppose that the population is distrib¬ 
uted as f(x;9), where 9 is the parameter we attempt to estimate. Although 9 is 
unknown, we may well know a set S of numbers to which 9 must belong. That is, 
S is the collection of possible values of the parameter 9. If x 0 is an observed value 
of the variable X (the population), we can consider the function 

L(y) = P(X = Xo \e = y) 

as the likelihood function for 9 , given X — xq. Furthermore, if 

L(9) = max {L(y)\y E £} 

then we say that 9 is the maximum likelihood estimate of 9. 

An alternative approach to the likelihood function is often useful. If E is any 
fixed event, the relationship defined by 

L(y) = P(X E E\9 = y ) 

is the likelihood function for 9 , given the event E. Here, L(y ) is the probability that 
the event E occurs when y is the true value of the parameter. Furthermore, 

L (y) = ^ 

x£E 

when the probability function for X is f(x;9). 

In our presentation of the maximum likelihood function, we begin with a 
sample result, then proceed to all possible values of the parameter, and finally 
proceed to the population and find the parameter. The process seems to be straight 
and simple. These impressions, however, are due to our simple illustration. As a 
matter of fact, mathematical methods devised by R. A. Fisher, which enable us 
to find estimators based on maximum likelihood reasoning, are actually beyond 
the reach of most readers of this text. But the reader may be assured that most 
statistics introduced in the preceding chapter are obtained by maximum likelihood 
methods. Let us now mention the results of the maximum likelihood method for 
a few situations, without proof. 

First, if a random sample of size n is drawn from a binomial population, then 
the MLE of t is p = x/n. We know that E(p) = tt; p is therefore an unbiased 
estimator of i r. Furthermore, since <r p = \ // 7r(l — ir)/w, we see that <j p approaches 
0 as n approaches infinity. Thus, p is also a consistent estimator of tt. Generally, 
we add a “hat” to the parameter to indicate its estimator. Here, we have f = p. 

Second, the MLE of y is sample mean x = 'Lx/n. ft = x. We have already 
observed that x is an unbiased, consistent, efficient, and sufficient estimator of y. 

Third, the NILE of the difference between two population proportions is 
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the difference between two independent random sample proportions; that is, 
At = pi — pz = Xi/ni — x 2 /n 2 . We note that A p possesses all the four desirable 
properties of an estimator. Can you explain? 

Fourth, the MLE of the difference between two population means is the 
difference between two independent sample means. Namely, A/x = x\ — x 2 = 
'Lxi/ni — Zx 2 /n 2 . Is Ax an unbiased, consistent, efficient, and sufficient estimator 
for A/x? 

Fifth, for a normal population the MLE of a 2 is the sample variance; that is, 
(j 2 = (x ■— x) 2 /n — s 2 . It has already been pointed out that s 2 is a biased estimate 
of a 2 and that this bias can be corrected by introducing a division constant of 
l/(n — 1), or this bias disappears when n becomes infinite. In statistical inference, 
a 2 or a may be known from previous studies. Also, due to the fact that if a constant 
is added to or subtracted from every value of a variable, the distribution of the 
variable changes only its scale (not its variance), the value of a known previously 
can be used even though p has increased or decreased. And when a is needed for 
computation purposes but is unknown, s can be used in its place, as mentioned in 
the previous chapter, without sacrificing much accuracy if n is large. But is s 
the MLE of a? 

In concluding our discussion on point estimation, let us observe that the 
maximum likelihood method provides estimators that are consistent, efficient, 
and sufficient. It does not, however, provide unbiased estimators in many 
situations. 


9.4 


Interval 

Estimation 


As we saw, the procedure iu point esti¬ 
mation is to select a function of a sample random variable that will represent 
“best” the parameter being estimated- Us merit is that it provides an exact value 
for the parameter under investigation. This merit, however, is also the very 
deficiency of a point estimate. Being a single point on the real number scale, a 
point estimate does not tell us how close the estimator is to the parameter being 
estimated. Moreover, in scientific investigations, it is usually not necessary to 
know the exact value of a parameter. For example, in ascertaining average family 
income in a certain city, a knowledge of the exact average family income is 
probably unnecessary; a value within, say, $50.00 of the true mean will suffice. 
It is desirable, of course, to have some degree of confidence that the value obtained 
is within a certain range. A point estimate does not provide such confidence and, 
therefore, the use of an interval estimate is suggested. 

Interval estimation refers to the estimation of a parameter by a random inter¬ 
val, called the confidence interval , whose endpoints, L and U with L < U, are 
functions of the observed random variables such that the probability that the 
inequality L < $ < U is satisfied in terms of a predetermined number, 1 — a. 
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This formulation may be stated as follows: 

P(\8 - e\ < kSE(e)) = l - a 

where SE(6) stands for the standard error of the estimator d, 1 — a is called the 
confidence coefficient, and k is the confidence multiplier corresponding to the value 
of 1 — a. We may now note that the inequality in the above expression can be 
written as 

\e - 6\ < kSE(e) 
or 

-kSE(e) <e - e < +kSE(§) 

Adding 6 to all members of this extended inequality, we obtain 

8 - kSE(d) < e < § + kSE(6) 

With this result, we can express the general statement of a confidence interval 
for estimating 6 as this: 

P[8 ~ kSE(d) < Q < 8 + kSE(d)] = l - a 0.1) 

Here, 

6 — kSE(d) = L , the lower confidence limit, and 
6 + kSE(6) = U, the upper confidence limit 

For obvious reasons, we call L and U confidence limits, which are random end¬ 
points of a random interval. The adjective “random” employed here is indicated 
by P; the P refers to the thing that is random inside the brackets of (9.1), and 
that is the estimator $. 

When the parent population is normal, or when the central limit theorem 
applies, the sampling distribution of the estimator 8 is normal. As a result, the 
confidence multiplier k turns out to be the standard deviation value of a normal 
distribution. The most frequently used confidence coefficients and their corre¬ 
sponding confidence multipliers for the normal case are given below: 


1 — a 

k 

0.90 

1.64 

0.95 

1.96 

0.9545 

2.00 

0.98 

2.33 

0.99 

2.58 


Thus, if it is decided that 1 — a = 0.95, then we can write 

P(e - 1.96 se( 6) < e < e + lMSE(e)) = 0.95 

which is commonly called a 95 percent confidence interval. 

To give a proper interpretation to a confidence interval, we note from (9.1) 
that a confidence interval gives a probability of 1 — a that the parameter being 
estimated will fall into the interval bounded by L and U. If the same estimating 
function is employed for various samples of the same size, then each sample 
statistic, 8, will give a different interval and on the average 1 — a of all these 
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intervals will cover the parameter 0. In practice, when we construct only one 
confidence interval to estimate the parameter, the parameter may or may not 
fall within the interval. Nevertheless, we have a level of confidence of 1 — a that 
it will. More obviously, if we have constructed a 99 percent confidence interval, 
we say that the probability (confidence) is 0.99 that the interval will include the 
parameter being estimated. That is, if we construct such an interval again and 
again for many times, in the long run 99 percent of these intervals will cover the 
unknown parameter and 1 percent of them will not. Now, since 99 percent of the 
intervals will cover the parameter, we can certainly afford to behave as if each of 
our intervals will cover the parameter. 

The preceding arguments are demonstrated in Figure 9.2. This figure shows 
that the distribution of the estimator 0 is normal. Each circle under the density 
curve is thought of as a possible value of the estimator, or a group of estimators 
of equal values. The horizontal scale measures possible values of 0, and the 
vertical scale measures probabilities associated with these values. Now, if we 
wish to construct, say, a 95.45 percent confidence interval, then k = 2. Clearly, 
if 0 assumes a value represented by any circle within the limits E(6) + 2 SE(d), 
then the interval 0 ± 2 SE(6) will cover 0, which is equal to E(d). (See, for 
example, the random interval identified as A.) But, we know that 0 would fall 
within the interval E(§) ± 2 SE(6) 95.45 percent of the time. Now, if 0 happens to 
be one of those extreme values which are outside the interval of two standard 
errors from the expectation, then 0 + 2 SE(Q) will not cover 0. (See, for example, 
the random interval identified as B.) But 0 deviates from its expectation by 2 
standard errors or more only 4.55 percent of the time. Thus, we see that we have 
a confidence level of 0.9545 in estimating 0 with a 95.45 percent confidence 
interval. Similar demonstrations and statements can be made for confidence 
intervals with other confidence coefficients by using Figure 9.2 in the same 
fashion. 


n($, SE(6 )) 
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In interval estimation we naturally wish to have a shorter rather than a longer 
random interval, since the shorter the interval the more precise is our estimate. 
However, we must note that the actual width of a confidence interval is dictated 
by the confidence coefficient and the sample size. Given n, therefore SE(§), the 
shorter the interval the smaller is 1 — a, the level of confidence. If we insist 
upon a given width of interval and a given high degree of confidence, the size of 
the sample must be increased so that SE(§) is reduced. 


9.5 

Confidence Limits 
_ for n _ 


We know that the sampling distribution 
of x is normal if the parent population is normal or if the size of the sample is 

greater than 30. We know also that E(x) — fi , and uz — c/'\/ti. An interval 
estimate of \x involves the construction of confidence limits for g on the basis of 
x as follows: 

P(x — k(Tx < M < x -f kaz) = 1 — a 


or, more compactly, 


x + k<7x 


(9.2) 


Thus the procedure follows the general statement on interval estimation made 
in the previous section: First, obtain a random sample. Second, compute the 
sample mean. Third, compute the random endpoints with the sample mean as 
implied by (9.2). Let us now cite an illustration. 

The Chamber of Commerce in Miami Beach wishes to estimate the mean 
expenditures per tourist per visit in that city. For this purpose, a random sample 
of, say, 100 tourists has been selected for investigation, and it has been found that 
x = $800.00. Now, suppose the standard deviation of expenditures for all tourists 
is known to be $120.00, then we have <tj = 120/ \/100 = $12.00. Finally, suppose 
the Chamber wishes to construct a 95 percent confidence interval, then the 
confidence multiplier k = 1.96, and with data at hand, we have 

Lower confidence limit = L = x — 1.96<r 5 = 800 - 1.96(12) = $776.48 

and 


Upper confidence limit = U = x -f 1.96er s = 800 + 1.96(12) = $823.52 

So we state: The mean expenditures of tourists per person per visit at Miami 
Beach falls in the interval from $776.48 to $823.52, with a level of confidence at 
0.95. 

Now, we may observe that there is an error 5 involved in the interval estimate 
of g. This error may be defined as 5 = \x - g|, which is clearly half of the length 
of a given confidence interval. Furthermore, this error must be less than kaz at a 
confidence level of 1 — a. That is, if we have constructed, say, a 95 percent con- 
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fidence interval for /x, we are 95 percent sure that the error 8 < 1.960-*. Or, we 
say that the probability is 0.95 that 8 < 1 . 960 -*. 

The last interpretation of error in interval estimate leads us to consider what 
is called the risk of an interval estimate. Such a risk is defined as the probability 
that the error of estimation will be equal to or greater than kay, that is, P(8 > k<r$). 
For instance, if 1 - a = 0.95, then the risk is 1 - 0.95 = or a that the error 
will be equal to or greater than 1.96o-*. 

An interesting consequence of the discussion on the relationship between 
error and risk is that it gives us a clue to the determination of a proper sample 
size, so that a specified width of interval at a given level of confidence can be 
satisfied. To see why this is true, let us note, for confidence limits for /x, that 

and upon solving this equation for n, we have 


In our previous example, the error of estimation was 

8 = 1.96(12) = $23.52 

at a confidence level of 0.95. Now, if the Chamber of Commerce would like to 
increase the level of confidence to 0.99 without increasing the error of estimation, 
the sample size would have to be enlarged from 100 to 

. &V 2 (2.58) 2 (120) 2 

n > - = ---AA- L ~ 171 

~ a 2 (23.52)2 

On the other hand, if the Chamber wishes to reduce the error of estimation to, 
say, $ 20 . 00 , with the level of confidence remaining at 0 . 95 , then the required 
sample size becomes 


n > 


(1.96)2(120)2 

(20)2 


136 


As ail exercise, the reader might try to find the required sample size in this 
illustration if it is specified that 1 — a = 0.99 and & = $20.00. 

When we are confronted with a completely new situation where the popula¬ 
tion variance is unknown, we may use the sample variance s 2 from a pilot study 
as an estimate of a 2 in determining the desired sample size. Suppose, for example, 
a new drug for the reduction of temperature has been perfected and a sample 
variance s- = <f 2 = 0.1 degrees has been found. The manufacturer wishes to have 
an interval estimate of the mean effectiveness (average reduction in temperature) 
and he is willing to assume an error of 0.1 degrees at 1 - a = 0.99. How large a 
sample is required to satisfy these conditions? 
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Using < 7 2 to replace a 2 in equation (9.3), the solution becomes 

^ k 2 d 2 (2.58) 2 (0.1) . ^ 

w ^ = ~loI)^ = 66 

When population variance is not known, the standard error can be computed 
with sample variance when n > 30. Thus the approximate confidence limits for 


x ± k&z = x ± k — 7 = (9-4) 

V n 

Suppose our drug manufacturer has tried the new drug on 66 patients who had 
high temperatures and has found that, on the average, th e red uction in tempera¬ 
ture was 2.5 degrees, with a standard deviation of V0.09 degrees; then the 
approximate 99 percent confidence interval for p is 


= 2.5 ± 0.11 


That is, 

2.4048 < m < 2.5952 

Note that the error of estimation here is 0.0952, which is approximately 0.1 as 
specified before. 

If a random sample is drawn from a finite population withou t replacement, and 
if n > 0.0 5N, then the finite population correction factor of V(N - n)/(N - 1) 
should be introduced to calculate <r 5 or H. All formulas in this section have been 
designed under the assumption of either infinite population or sampling with 
replacement from a finite population. 


Confidence Limits 
for 7T 


The sampling distribution of p is asymp¬ 
totically normal with E(p) = i r and a p = V"(tt)(1 — ir)/n. In this case a confidence 
interval may be constructed for ir in the same way as that described in the previous 
section. Corresponding to a confidence coefficient 1 — a, the approximate confi¬ 
dence limits for w, assuming n is large, are 

V ± k& p 

where & p is the unbiased estimate of a- p defined as 

Ip( 1 “ P) 


(9.5) 
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or the biased estimate of a p defined as 


= yj‘ 


P( 1 - v) 


n 


These two estimates differ but very slightly when n is large. We shall use the 
mased estimate because it is easier to work with. 

We use the estimate of the standard error because the computation of 

howver’tn t unknown parameter which we try to estimate. We may be assured, 
however, that when n is large, p is a very good point estimate of tt. 

The parameter *• is undefined for an infinite population. Why? Thus when we 
talk about a proportion we are thinking of a finite population. Therefore when 
sampling is made without replacement, the estimate of <r p must be calculated with 
a unite population correction factor as follows: 


\ n VJV - l 


Confidence limits defined by (9.5) require a large sample size. Intuitively we 
can see that the more the sample proportion deviates from 0.5, the larger n 
should be. W. G. Cochran has given us working rules on this point as presented 


If p equals 
0.5 

0.4 or 0.6 
0.3 or 0.7 
0.2 or 0.8 
0.1 or 0.9 
0.05 or 0.95 


TABLE 9.1 

Use normal approximation 
only if n is at least 
equal to 

30 

50 

80 

200 

600 

1400 


Source: Reprinted from W. G. Cochran, Sampling Techni¬ 
ques (New York: John Wiley & Sons, Inc., 1953), p. 41. 

™ T m b K 9 - 1 ' According to this table, for example, if p = 0.1, the sample size 
should be at least 600 to use normal approximation. 

seletted Un 8 C 0 0 o?!i 0nal fi rand0m ° f * = 500 ma ™facturing Arms has been 

i’ i these report that they are planning to increase investment 
expenditures during the next two years. What is the 99 percent confidence interval 

We have for this problem, p = s% 00 = 0.16 and 


„ _ /(0.16) (0.84) 

<r " > 500 


0.0163 


Consequently, the desired confidence limits are 

P ± k& p = 0-16 ± 2.58(0.0163) = 0.16 ± 0.042 
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Or, the 99 percent confidence interval is 

0.118 < 7T < 0.202 

As an exercise, the reader might construct a 95 percent confidence interval for 
the previous illustration under the assumption that a conditional random sample 
was taken from a population of 2500 manufacturing firms. 

The error of estimating tt, as in the case of the mean, is the difference between 
the sample proportion and the population proportion; namely, 5 =" V *• 
Furthermore, the probability is 1 - a that this error is less than ka p . With this 
concept of maximum error, we can again determine the sample size required m 
order to satisfy a given degree of precision in estimating i r. Now, since 


upon solving for n, we obtain 


> ir(l — it) 


An unfortunate aspect of this result is that we need the value of tt, a value we 
wish to estimate, in order to determine n. A practical solution to this difficulty 
is to use any information we have, such as, say, a sample proportion obtaine m 
the past, as an estimate of ir. When no information is available on we may 
assume ir = U- The logic for this assumption is that 


= M - (U - » + **) 

-H- (U - *) 2 

which shows that the maximum value ir(l - ir) can have is U at t = . 

Suppose that the producer of a new TV program wishes to ascertain the 
proportion of all viewers watching TV who are tuned in to his show. He is willing 
to assume an error of + 5 percent at a confidence level of 0.95; how large a sample 
should be taken? 

By (9.6) and assuming t = Y% we find 




This result indicates that if we take a random sample of 359 or larger, the proba¬ 
bility is 0.95 that the sample proportion will differ from the true value by 5 percent 

or less. ... , . 

Now, suppose the producer knows that in the past programs similar to his new 

one shared approximately 25 percent of the TV audience; he may then use 0.2o 
as the value of tt, and the sample size required becomes 


n > (0.25)(0 


/1.96 V 

■ 7S > (cSi) ' 


= 288 
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Thus, we see once again the value of information about past experience. In this 
case, possessing some information of w, we can achieve the same degree of precision 
with a much smaller sample. This advantage is especially important when sam¬ 
pling is expensive. 

Confide nce limits for w can be im proved, especial ly w hen n is relatively^mall, 
in two ways. First, since the distribution is discrete, a continuity correction factor 


of — may be introduced for p to determine a confidence interval for ir as follows: 
2 n 


( P ~^n)~ k& » <T< ( P + h) + k *’ 


(9.7) 


which, when n is quite large, reduces to (9.5). 

The second procedure is to obtain what is called the quadratic confidence 
interval for 7r. This is done by solving the inequality 

- 7r) 




\tt — p\ < k 

for 7r, yielding the following confidence limits for w: 


1 


1 + k 2 /n 


, k 2 p( 1 - p) k 

p + —- ± k a/-+ 

2 n ^ 77, 


2 

4 n 2 


(9.8) 


This rather involved formula, when the sample is very large, reduces to the simpler 
form of (9.5). Furthermore, these and the last limits are still approximate, since 
the relationship between k and 1 — a is determined under the assumption that 
p is normally distributed, which is only approximately so. However, when n is 
relatively small, (9.7) and (9.8) do yield more satisfactory approximate confidence 
limits for tt. As an exercise, the reader might work out the example of the manu¬ 
facturing firms, using both these formulas; he will see that they yield practically 
the same results as those obtained before. 


9.7 

Confidence Limits 
for Aw 


When two in dependent random samples 
of n i > 30 and n 2 > 30 are taken, then the distribution of the difference between 
the two sample means , Ax , is approximately normal with E(Ax) = A/i and 

o'Ax = ’\/o\ 2 /ni + o' 2 2 / n 2 - Given the confidence coefficient, the approximate confi¬ 
dence limits for Au may be expressed as follows: 

Ax ± ko-Ax (9.9) 

An automobile manufacturing company has recorded observations of two 
different makes of batteries, both of which are being used in its cars. Forty 
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observations of Make A showed a mean life of 32 months. Forty-five recordings 
of Make B showed a mean life of 30 months. Past experience indicates that the 
standard deviations for both makes of batteries are the same-—4 months. What 
are the confidence limits for the true difference in mean life between the two types 
of batteries with 1 — a = 0.95? 

For this problem, we have Ax = x A — xb = 32 — 30 = 2 and 


X Ax 


I4 2 42 

40 + 45 


0.87 


Substituting these data into (9.9), we find 

2 ± 1.96(0.87) = 2 + 1.7 

Or the 95 percent confidence interval in this case is 

0.3 < A/x < 3.7 

Two cities are separated by a river. The Chamber of Commerce in City A 
claims that the average family income of that city is $500 more than that in 
City B. The Chamber of Commerce in City B disputes this, and a statistician is 
hired to settle this argument. He attacks this problem by estimating the true 
difference between the average family incomes in the two cities. One random 
sample is drawn from each city and the following results are obtained: 


Sample from City A 

7li = 100 

Xi = $5900 
Si 2 = 9050 


Sample from City B 

n 2 = 120 
x<i = $5800 
s 2 2 = 8700 


Since population variances are unknown, the statistician uses sample variances 
to compute an estimate of the standard error of Ax. This is valid since sample 
sizes in this case are quite large. And 

_ 19050 ^8700 _ 127671 

Ani n 2 100 120 


He proceeds then to construct a 99 percent confidence interval for A/x as follows: 

Ax — 2.58<jax < A/x < Ax + 2.58<jax 
which, in terms of sample values, turns out to be: 

100 - 2.58(12.7671) < A/x < 100 + 2.58(12.7671) 


$62.20 < A/x < $137.80 


This result indicates that while the average family income in City A may be higher 
than that in City B, the true difference is far below $500 as the Chamber of 
Commerce in City A claimed. Furthermore, we can state with a confidence level 
of 0.99 that the mean incomes in the two cities differ only from a little over $62 
to a little less than $138. 
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9.8 

Confidence Limits 
for Att 


The sampling distribution of A p, given 
that pi and p 2 are determined from independent random samples and that n x 
and n 2 are sufficiently large as specified by values in Table 9.1, is approximately 
normal with E{Ap) = Ax and <r 4j) = V^T - xO/m + x 2 (l - x 2 )/« 2 . No new 
knowledge is required for the construction of confidence limits for Att. However, 
we are faced with the same difficulty now as that in the case of interval estimation 
for tt f that is, we need the values of xi and 7 r 2 (which are unknown) for the cal¬ 
culation of cr Ap . Inasmuch as Ax is unknown, we are forced to used pi and p 2 as 
point estimators for x : and x 2 , respectively, and find the estimator for a Ap as 
follows: 


0" A p 


-4 


P i(l - in) 


n 1 


Pa(l ~ in) 
n 2 


With the estimate for <ra p available, if we assume large n\ and n%, the approxi¬ 
mate confidence limits for Ax corresponding to a confidence coefficient 1 - a are 


A p i kc&p (9.10) 

Prior to a gubernatorial election in a certain state, two random samples, one 
for male voters with m — 150 and one for female voters with n-, = 120, are taken. 
It is found that 70 men in the first sample are in favor of Candidate X and 60 
women in the second sample are in favor of the same candidate. What are the 
confidence limits for Ax, the true difference in voting preferences between men 
and women in that state, given that 1 — a = 0 . 95 ? 

For the problem at hand, we note that 


Pi = %o = 0.47, 
Pi = 6 %20 = 0.50, 


A p =-0.47 - 0.50 = -0.03, and 
= ^(0.47) (0.53) 


&A 


, (0.50) (0.50) 

+-rr::-- = 0.062 


150 120 

With these data, we have as the desired confidence limits 


-0.03 ± 1.96(0.062) = -0.03 + 0.12152 
Or, the 95 percent confidence interval for Ax in this case is 


-0.15152 < Ax < 0.09152 


Had we computed A p as p 2 - Vl = 0.50 - 0.47 = 0.03, then the desired confi¬ 
dence interval would be 


-0.09152 < Ax < 0.15152 
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The negative value for the lower confidence limit here should not be a 
surprise to us since the error of estimate for this problem is 1.96(0.062) — 0.12152, 
which is much larger than the observed difference between sample proportions. 
The interesting point to note is that the negative value for the lower confidence 
limit in conjunction with the positive upper limit implies that Ax may very well 
be zero. In other words, the sample result does not indicate that men’s voting 
preferences are different from women’s in the state. It might be that there is a 
real difference, that is, Ax ^ 0, but the samples may be too small to bring out this 
difference. In any event, our proper inference from the above confidence interval 
should be this: Given the stated conditions of the sampling experiment and the 
confidence coefficient of 0.95, a difference of 3 percent between two sample per¬ 
centages does not support the contention that the voting preferences are different 
between men and women in the said state. 


9.9 


Confidence Limits 
for a 2 


Under the assumptions that the parent 
population is normally distributed and that n > 100, the sampling distribution 
of sample variance s 2 is approximately normally distributed with E(s 2 ) = a 2 and 
<7V = a/ 2 <7 2 / (n — 1). With these assumptions, we can then write 

P *-y/^) * 1 - « 

Solving the inequality inside the parentheses, we obtain an equivalent inequality 
as the confidence interval estimate of a 2 : 

s 2 o $ 2 

- —.-. - < a 2 < - , = 

1 + k V 2/ (n - 1) 1 - k a/ 2/ (n - 1) 

From this inequality, we may express the confidence limits for a 2 corresponding 
to the confidence coefficient 1 — a as follows: 


1 ± k a/2 /(n - 1) 

It is important to note that in this case 

s 2 


(9.11) 


1 + k V2/(n - 1 ) 


and 


U = 


1 - k V2/(n - 1 ) 

It is also important to note that L and U are not equidistant from $ 2 . 
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A random sample of 250 units of canned tomatoes is drawn and the variance 
in the weights of the cans is found to be 5 ounces. Assuming the weight is normally 
distributed, then an approximate 99 confidence interval for a 2 would have the 
limits 

5 ' 

1 + 2.58 Vy„, 

Or, we have 

4.065 < cr' 2 < 6.494 


9.10 

Confidence Limits 
for a 


Approximate confidence limits for <r can 
be obtained from those for a 2 if the latter are available. This is done simply by 
taking square roots of the limits for a 2 . For example, the 99 percent confidence 
interval for <r corresponding to that for a 2 in the last illustration is 

V4.065 < a < a/6.494 

When we wish to construct confidence limits for a directly, we note that if the 
parent population is normal and if n > 100, then the distribution of "s is approxi¬ 
mately normal with an expec tation very nearly equal to a and a standard error 

defined as <r 8 = u/s/2(n — 1). To obtain an interval estimate for a under these 
assumption, we can state that 

P(\s-a\ _ JUl-g 

The inequality inside the parentheses is equivalent to 

s _ ^ s 

1 + k/\/2(n — 1) 1 — k/s/2(n — 1) 

where the extreme members are the confidence limits for cr corresponding to the 
confidence coefficient 1 — a. Thus, 

s 

1 + k/ V / 2(« - 1) <! ' 12> 

The standard deviation of tensile strengths of 200 steel wires selected at 
random was found to be X0 pounds. Find the 95 percent confidence limits for a. 
By (9.12) just given, we find the desired limits to be 

10 10 
1 + “ 1 ± 0.098 

“ V2(199y 
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That is, we have a 95 percent confidence interval estimate for a here as 

9.1 < cr < 11.1 


It can be shown that the limits given by (9.12) are approximately equal to 


s ± k 


\a/ 2 n) 


(9.13) 


from which we see that the approximate error in estimating a is 8 = s — a, which 
cannot be greater than k{&/\/2n). That is, 

6 < k(a/\/2n) 


Solving this for n, we have 



(9.14) 


For example, how large a sample of steel wires (see previous example) must 
be drawn in order to be 99 percent sure that the true population standard devia¬ 
tion will not differ from the sample standard deviation by, say, 5 percent or less? 
We have, by (9.14) 


n < 


1\ (2.58) 2 (10) 2 
.2/ (0.5) 2 


Note, in this calculation, 5 = 0.5, which is 5 percent of 10. In any event, to meet 
the specified precision and confidence level, the sample size must be 1320 or 
larger. 


9.11 

Summary 
and Conclusions 


In this chapter we have been concerned 
with the traditional decision procedure of estimation. Estimation is the statistical 
method of making inferences about parameter values on the basis of sample 
statistics. An estimate of a parameter given by a single point derived from sample 
observations is called a point estimate. An estimator is said to be good if it 
possesses the properties of unbiasedness, consistency, efficiency, and sufficiency. 
The maximum likelihood method provides estimators which are consistent, effi¬ 
cient, and sufficient; but it does not always provide estimators that are unbiased. 
It can be shown that all estimators introduced so far in this text are maximum 
likelihood estimators. 

An estimate of a parameter given by a random interval whose endpoints are 
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functions of sample observations is called an interval estimation. Interval esti¬ 
mates indicate the precision or accuracy of an estimate, and are therefore prefer¬ 
able to point estimates. Each interval estimate gives a probability—a confidence 
level—that the confidence limits constructed will cover the parameter being 
estimated. 

In interval estimation, the error of estimation, the level of confidence, and the 
sample size are closely related. The error here is defined as the difference between 
the estimator and the parameter being estimated. With a probability of 1 — a, 
this error cannot be greater than the product of the confidence multiplier and the 
standard error of the estimator. The probability that the error of estimation is 
equal to or greater than this product is thought of as the risk in estimation; that 
is, the probability that the confidence interval will not cover the parameter being 
estimated. Given the sample size, the more precise or shorter the confidence inter¬ 
val is, the lower must be the level of confidence; or if the confidence coefficient is 
increased, the less precise (or the greater the error of) estimation becomes. In 
general, if the goal is to have a small error and a high level of confidence, the 
sample size must be increased. It is possible to determine the minimum size of 
sample required to satisfy predetermined precision and confidence. Usually, this 
is done by equating the error of estimation to the maximum error, (9 — 6) = 

6 = kSE(d), and solving for n, which is always involved with the calculation of 
the standard error of an estimator under investigation. 

Our discussion of estimation so far has been made under the assumption that 
the sampling distribution of an estimator is normally distributed in accordance 
with the central limit theorem. Insofar as many sampling distributions are only 
approximately normal, confidence limits constructed with normal confidence 
multipliers possess only approximate values. Bearing this in mind, we must also 
say that such approximate confidence limits are quite satisfactory for estimating 
parameters in many types of investigations. 

In our previous discussion, we have also arbitrarily chosen the confidence 
coefficients as 0.90, 0.95, 0.9545, 0.98, and 0.99; these are the most frequently 
used values. Another confidence coefficient commonly employed in the past, but 
one used only in military applications today, is 0.50. The 50 percent confidence 
interval for 6 is given by 6 ± O.6745$E(0), since 50 percent of the area under the 
density curve of the standard normal distribution lies between —0,6745 and 
0.6745. The quantity 0.674 5SE(6) is known as the probable error of estimate. It 
means that if a sample statistic is used to estimate the corresponding parameter, 
the probability is 0.50 that the error of estimate will be less than O,6745>SE(0). 

Finally, it may be noted that although our treatment covers estimation for 
only /j,, w, A/j,, Aw, a 2 , and a, the same general procedure of interval estimation can 
be applied to other parameters—such as the median, the mean of binomial 
variable, and other position measures—providing n is large enough for the central 
limit theorem to operate. These few parameters have been singled out for evalua¬ 
tion because they are by far the most important decision parameters insofar as 
univariate data are concerned. We shall continue to be concerned with them as 
we proceed to take up the traditional decision procedure of hypotheses testing in 
the following chapter. 
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Glossary of Formulas 


(9.1) P(d — kSE(e ) < 0 < e + kSE(d)) = l — a This is the general statement for interval 
estimation. A confidence interval is constructed with an estimator in such a way that the prob¬ 
ability is 1 — a (the confidence level or coefficient) that the inequality L < d < U is satisfied. 
Here, L = 6 — kSE(d), is the lower confidence limit, and U = d + kSE(d), the upper confi¬ 
dence limit In this statement also, k is called the confidence multiplier corresponding to a 
given value of 1 — a, and SE(<9) is the standard error of the estimator d. When the distribution 
of 6 is normal, the relationship between 1 — a and k is established by the standard normal 
distribution. 


(9.2) x ± ko”x These are confidence limits for n constructed with the sample mean. Note, 
<rx = c I's/ n. 


(9.3) n > {k 2 a 2 )/8 2 This expression helps us to determine the minimum size of sample 
required so that a prescribed level of confidence and error of estimation can be satisfied for 
the estimation of v Here, 5 = x — ju, which is half of the confidence interval specified. 

(9.4) x ±k(a/-\/n) Confidence limits for n when the standard error of the mean is computed 
with the estimator of the population standard deviation, s = &. 

(9.5) V ± kfr p Confidence limits for 7 r. In this expression & p = \Zp(l — p)/n if sampling 
with replacement is made from a finite population, but when sampling is made without replace¬ 
ment & p = \Jp( 1 — p)/n \/(iY — n )/ (N — 1). 


(9.6) n > 7 r(1 — 7 r) (k/ 5 ) 2 To determine the minimum size of n so that a given degree of 
precision 8 = p — x is satisfied at a given level of confidence 1 — a for estimating ?r, this 
formula may be employed. Here, it is commonly assumed that ir = 0.5 or any other value of 
7 r we judge to be appropriate in a given situation. 


(9.7) 

(9.8) 


( p -£)-^ <T< ( p+ £) 

. 1 . ( P +^ + kj p(i - p) 

1 + k 2 /n \ 2n ~ \ n 


+ k&p 

_fcA 
+ 4 n 2 ) 


Better approximate confidence limits for ir can be constructed with these two expressions 
when n is relatively small. In (9.7) a continuity correction factor of %n is introduced. Expression 

(9.8) is what is called the quadratic confidence limits for ir. It may be noted that if n is quite 
large, both expressions here are reduced to the form of (9.5). 

(9.9) Ax ± ka-Ax Confidence limits for A/*. Note that <ta2 = V( crp/ni) + (<T2 2 /n2). Also, 
s 2 = fr 2 can be employed here for <r 2 when necessary. 

(9.10) A p ± k&Ap Confidence limits for Att. Here, we have 


oa v = a/ Pi( 1 - pi)/ni + p 2 ( 1 - p 2 )/n 2 . 
s 2 

(9.11) - . . , Confidence limits for a 2 . It is important to remember here that 

1 ± k V2/(n - 1) 

L = s 2 /(l + k \/2 tin - 1)) and that U = s 2 /( 1 - k y/l/(n - 1)). 

s 

(9.12) -— 7 == Confidence limits for a . This expression is equivalent to 

1 ± fc/\/2(n “ 1) 

s/(l + k/’sf 2(n - 1)) < (r < s/a - k/y/l{ n - 1)). 
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(9.13) s ± k(&/\/2n) These confidence limits are approximately the same as (9.12), 
especially if n is large. Here, evidently, a = s. 

/A 

(9.14) n > ( - j — This expression gives the minimum size of n required in order to 
satisfy prescribed precision 5 for the confidence coefficient for estimatings. 


Problems 


9.1 What do we mean by estimation? How 
does point estimation differ from interval 
estimation? 

9.2 What are the desirable properties of a 
point estimate? 

9.3 In what way do we say that an interval 
estimate is better than a point estimate? 

9.4 How is the confidence coefficient related 
to the precision of estimation? 

9.5 How is the confidence coefficient related 
to the risk of estimation? 

9.6 Is the precision of estimation different 
from the error of estimation? If so, how do 
they differ? 

9.7 How does the sample size affect the 
degree of estimating precision, given the con¬ 
fidence coefficient? 

9.8 How does the sample size affect the con¬ 
fidence coefficient, given the degrees of 
precision? 

9.9 “Theoretically speaking, it is possible to 
have an estimate which is identical with the 
parameter being estimated. In practice, how¬ 
ever, such an estimate is often unnecessary 
as well as physically impossible.” Comment. 

9.10 What are the maximum likelihood esti¬ 
mators for pi, ir , <r 2 , An, and Ax, respectively? 
Evaluate these MLE in terms of the four 
desirable properties for the parameters being 
estimated. 

9.11 In what sense do we consider estima¬ 
tion as a procedure of decision making? 

9.12 A shipment contains a very large num¬ 
ber of radio tubes of which a proportion x is 
defective. A random sample of 10 tubes con¬ 
tains 2 defectives. Plot the likelihood function 
for x and give the maximum likelihood esti¬ 
mate for x. 


9.13 Let x be the proportion of people in a 
certain city who watch a certain TV program 
on Friday night. In a random sample of 20 
people from this city, 6 are viewers of this 
program. Graph the maximum likelihood func¬ 
tion for x and find a maximum likelihood 
estimate for x. 

9.14 An urn contains n balls numbered 1, 2, 
3, • • • , n where n is unknown but the 
standard deviation of this population is known 
to be 3. Two balls are drawn at random with 
replacement; the numbers on them are 7 and 
11. How would you go about arguing that 
x = (7 + 11) = 9 is the maximum likelihood 
estimator for n in this case? 

9.15 The standard deviation of average 
weekly wage rates for elevator operators is 
known to be $2.79. An unconditional random 
sample of 100 elevator operators yields a 
mean average weekly wage rate of $87.45. 
Construct (a) 95 percent and (b) 99 percent 
confidence intervals for the true mean average 
weekly wages rates of elevator operators. 

9.16 Suppose there are 5000 elevator opera¬ 
tors in a large city, and suppose a sample 
mean of $87.45 is obtained from a conditional 
random sample of n = 100, what are the (a) 
95 percent and (b) 99 percent confidence 
intervals for n now? 

1>.17 Measurements of the diameters of a 
conditional random sample of 50 from a lot of 
200 ball bearings show as a mean x = 1.05 
inches, and as a standard deviation s = 0.04 
inches. 

a. What are the 95 percent confidence limits 
for the mean diameter of the 200 ball bearings? 

b. At what level of confidence could we say 
that the mean diameter of all 200 ball bearings 
is 1.05 ± 0.005? 

9.18 A conditional random sample of 45 
grades taken from a class in statistics of 221 
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students shows a mean of 70 points and a 
standard deviation of 9 points. 

a. What are the 98 percent confidence limits 
for the mean of all 221 grades? 

b. With what level of confidence could we say 
that the mean of all 221 grades is 70 ± 1.5? 

9.19 In measuring assembly time for a cer¬ 
tain mechanism, the engineer estimates that 
the standard deviation is 0.05 seconds. How 
many times should the assembly be made in 
order to be (a) 95 percent and (b) 99 percent 
certain that the error will not exceed 0.01 
seconds? 

9.20 A department store wishes to estimate, 
with a confidence coefficient of 0.98 and a 
maximum error of $5.00, the true mean dollar 
value of purchases per month by its cus¬ 
tomers with charge accounts. How large a 
sample should the store take from its records 
to satisfy the specifications if the standard 
deviation is known to be $15.00? 

|9.21 A sample of 35 wires selected at random 
- from a very large shipment of steel wires 
shows a mean tensile strength of 1500 pounds 
and a standard deviation of 20 pounds. 

a. If this sample mean is used to estimate the 
mean tensile strength of the whole shipment, 
what can be said for the possible error with a 
probability of 0.95? 

b. If the error estimated in (a) is to be reduced 
by half without reducing the level of confi¬ 
dence, what size sample is required? 

c. If the estimate requires that the error 
estimated in (a) be reduced by half and the 
probability be 0.99 that the reduced error is a 
maximum, how large should the sample be? 

9.22 In a random sample of 25 college in¬ 
structors in the United States, 16 are found 
to hold Ph.D. degrees. 

a. Construct an approximate 95 confidence 
interval for the proportion of all U. S. college 
instructors holding Ph.D. degrees by using 
equation (9.5). 

b. Do the same by using equation (9.8). 

c. Comment on the difference in results for 
(a) and (b). 

9.23 Ten out of 400 articles produced by a 
certain process are found to have defects. 
Construct a 99 percent confidence interval for 
the probability that a single article produced in 
the process is defective. 


9.24 A sample poll of 100 members of the 
AFL and CIO chosen at random reveals that 55 
are against trade with Red China. 

a. Find the 95 percent confidence limits for the 
proportion of all the union members against 
trade with Red China. 

b. What is the minimum size of sample re¬ 
quired in order to be 95 percent sure that at 
least 50 percent of the union members are 
against trade with Red China? 

9.25 During a certain week, it was observed 
and recorded by a small department store 
that 5750 of the 12,500 persons who entered 
the store made at least one purchase. Treat¬ 
ing this as a random sample of all potential 
customers, find the 99 percent confidence 
limits for the actual proportion of persons 
entering the store who will make at least one 
purchase. 

9.26 A very close vote between the two major 
presidential candidates is forecast for a na¬ 
tional election. What is the least number of 
voters that must be polled in order to be (a) 
95 percent and (b) 99 percent certain of a 
decision in favor of either one of the two 
candidates? 

9.27 The auditor of a large bank wishes to 
estimate the proportion of monthly state¬ 
ments for the bank’s demand depositors that 
have errors of various kinds, and he specifies 
a confidence coefficient of 0.99 and a maxi¬ 
mum error of estimation of 0.25 percent 
(or 0.0025). 

a. What is the minimum sample size required 
if there is no information available on the true 
proportion of the monthly statements that are 
in error? 

b. What is the minimum sample size required 
if the auditor, according to his past experience, 
believes the true proportion is near 0.01? 

9.28 The same graduate examination was 
given to 50 seniors of University A and to 50 
seniors of University B. The mean and vari¬ 
ance of grades made by students of A are, 
respectively, 73.6 and 10; the sample mean 
and variance of grades made by students of 
B are, respectively, 72.4 and 8. Construct a 90 
percent confidence interval for the true dif¬ 
ference in average grades between the sen¬ 
iors of Universities A and B. 

9.29 A random sample of 200 Brand A radio 
batteries show a mean life of 140 hours and a 
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standard deviation of 10 hours. A random 
sample of 120 Brand B radio batteries yield a 
mean life of 125 hours and a standard devia¬ 
tion of 8 hours. Give (a) 95 percent and (b) 99 
percent confidence limits for the difference of 
the mean lifetimes of the populations of 
Brands A and B. 

9.30 Two randomly selected groups, of 50 
students each, of a secretarial school are 
taught shorthand by two different systems 
and then tested for performance in taking 
dictation. It is found that the first group 
averaged 120 words per minute with a stand¬ 
ard deviation of 11 words, while the second 
group averaged 110 words per minute with a 
standard deviation of 10 words. Construct a 
99 percent confidence interval for Afx. 

9.31 The mean and the standard deviation of 
the maximum loads supported by 100 cables 
produced by Alpha Company are found to be 
20 tons and 1.1 tons, respectively. The mean 
and the standard deviation of the maximum 
loads supported by 60 cables produced by 
Beta Company are 16 tons and 0.8 tons, 
respectively. Find (a) 95 percent and (b) 98 
percent confidence limits for the difference in 
mean maximum loads between the two brands 
of cables. 

9.32 In a random sample of 600 women, 300 
indicate that they are in favor of American 
intervention in South Viet Nam. In a random 
sample of 400 men, 100 indicate that they are 
in favor of the same. Construct (a) 95 percent 
and (b) 99 percent confidence limits for the 
difference in proportions of all women and all 
men who are in favor of American interven¬ 
tion in South Viet Nam. 


9.33 Twenty-five out of 250 TV picture tubes 
produced by Process I are defective, and 15 
out of 180 TV picture tubes produced by Proc¬ 
ess II are defective. Construct (a) 95 percent 
and (b) 99 percent confidence intervals for the 
difference in proportions of defective tubes 
from the two processes. Comment on your 
results. 

9.34 Of two groups of patients suffering from 
chronic headaches, A and B, consisting of 200 
and 100 individuals, respectively, the first are 
given a new kind of headache pill and the 
second are given conventional pills; 15 of 
Group A find immediate relief and 12 of Group 
B find immediate relief. Construct a 99 percent 
confidence interval for the difference in pro¬ 
portions of immediate relief from the two 
kinds of medicine and comment on the result. 

9.35 The variance of the breaking strength of 
100 cables tested was found to be 32,000 
pounds 2 . Find the 95 percent confidence 
limits for variance of all cables of this make. 

9.36 The standard deviation of the lifetime of 
a random sample of 200 portable radios of a 
certain make is 100 hours. Find the 99 percent 
confidence interval for the standard deviation 
of all such radios. 

9.37 How large a sample should one take in 
order to be (a) 95 percent and (b) 99 percent 
sure that a population standard deviation will 
differ from a sample standard deviation by 0.1? 

9.38 How should the probable error for the 
mean, for the proportion, and for the standard 
deviation be expressed mathematically? 

9.39 Give the probable errors in problems 
9.21, 9.25, and 9.36. 




10 


STATISTICAL 

TESTING 


10.1 

Testing as a 
Decision Procedure 


The purpose of the collection and analy- 
sis oi data is often that of finding an objective criterion for deciding on a proper 
course of action. If, for example, there are two possible courses of action, Ai and 
A 2 , we would like to know which would be the better action in a given decision 
situation. We know, now, that such a decision depends upon the nature of a 
certain population or the probability distribution of a certain random variable. 
We also know, however, that the precise probability distribution of a random 
variable is often unattainable and, therefore, we are forced to make our choice 
between A x and A 2 on the basis of sample information. The procedure for selecting 
an appropriate course of action, in accordance with a decision criterion derived 
from the evaluation of sample results, is the classical analysis of statistical testing 
or testing hypotheses. We shall, in this section, cover some of the highlights of 
testing as a decision procedure by following through a simple testing problem. 

Suppose that the manager of a radio-parts store is considering whether or not 
to purchase a lot of radio tubes of a certain type. This lot contains 2000 units. 
I he seller frankly admits that there is a high percentage of defectives in the lot. 
In addition, the seller is not at all sure whether the lot contains 1200 or 800 defec¬ 
tive units; that is, p = 0.60 or p = 0.40. He quotes a price of SI.00 per tube. At 
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this price, the manager estimates that he could make SI.00 profit per perfect 
tube and he could lose, obviously, $1.00 per defective tube. Thus, if 60 percent of 
the lot consists of nondefective tubes and if he decides to buy it, he would make a 
total profit of 

(2000) (0.6) ($1) - (2000) (0.4)($1) = $400.00 
If, however, only 40 percent of the tubes were perfect and if he decides to buy the 
lot, he would suffer a total loss of 

(2000) (0.4) ($1) - (2000) (0.6) ($1) = -$400.00 

Now, noting that the lot of radio tubes is a binomial population with p = 0.6 or 
p = 0.4 (where p is the probability of obtaining a nondefective tube at each 
random selection from the lot), and denoting the decision to buy as A i and not 
to buy as A 2 , we may then summarize all pertinent information in Table 10.1 for 
later use. 

For the above decision problem, what procedure can the manager adopt? A 
natural way to proceed would be to examine an unconditional random sample of, 


TABLE 10.1 POSSIBLE GAINS AND LOSSES 
FROM THE PURCHASE OF 2000 RADIO 
TUBES 


Possible State 

Manager’s 

Decision 



of Nature 

Ai 

At 

p — 0.60 

$400.00 

0 

p =0.40 

-$400.00 

0 


say, 25 tubes to see if the sample information obtained is consistent with the state 
of nature that p = 0.6 or with the state of nature that p = 0.4. These states of 
nature may be called statistical hypotheses. Furthermore, p = 0.6 may be named 
as the null hypothesis, denoted as Ho, and p = 0.4 as the alternative hypothesis, 
denoted as Hi. To focus attention on two possible population values is a conven¬ 
ient way of specifying what is required of a decision procedure, or of evaluating 
a proposed procedure. The designations of Ho and Hi are often arbitrary. There 
are, nevertheless, as we shall state in the following section, some important 
considerations on this point. For the time being, we shall simply write 

Ho'- p = 0.60 nondefectives 
Hi: p = 0.40 nondefectives 

Having set up the hypotheses, the manager should next test the validity of 
Ho against that of tfj. He does this by selecting first an appropriate testing 
statistic whose sampling distribution is known under the assumption that Ho is 
true. In this case, the testing statistic is the number of successes (nondefective 
tubes) in the sample, and it has a binomial distribution, with p = 0.6 and n = 25. 

With the appropriate testing statistic selected, we must establish a decision 
criterion or rule in accordance with which Ho may be either accepted or rejected. 
Here a decision criterion involves a division of all possible sample results into two 
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mutually exclusive categories: (1) those which lead to the rejection of H 0 , and 
(2) those which lead to the acceptance of H 0 . The first kind of result is said to be 
m the region of rejection, or critical region; the second result is said to be in the 
region of acceptance . Now, suppose the manager adopts this decision rule: Reject 
H 0 if and only if the number of nondefectives in the sample is equal to or less 
than 9; accept H 0 if and only if the number of nondefectives in the sample is 
greater than 9. That is, 

Reject H 0 : p = 0.60, if X < 9 
Accept Ho\ p = 0.60, if X > 9 

A moment's reflection will reveal that, in following such a decision rule, the 
manager may make two types of errors due to random fluctuations in the testing 
statistic. On the one hand, the null hypothesis is in fact true, but because sample 
data appear to be inconsistent with it, it is rejected. The error of rejecting a true 
H fi .is generally referred to as an error of the first kind, or a Type I error . The proba¬ 
bility of making a Type I error is called the level of significance and is denoted as 
a. Since, when a Type I error is committed we would take the wrong action, A 2 , 
the level of significance can be defined as the probability of deciding on A 2 given 
that Ho is true. Consequently, we state 

a = PiH^Ho) = P(A 2 \Ho) = P(I) 

On the other hand, we may find that H 0 is in fact false; yet, on the basis of sample 
observations, we are led to accept it as true. The error of accepting a false null 
hypothesis is called the error of the second kind, or a Type II error. The proba¬ 
bility of committing a Type II error is denoted as 0. When we make errors of the 
second kind, we are led to take the wrong action, A h given that the alternative 
hypothesis is true. Thus, 

0 = P(Ho\Hf) = P(Ai\Hf) = P(II) (10 . 2) 

Conclusions regarding a and (3 may be summarized as follows: 

TABLE 10.2 DECISIONS VERSUS HYPOTHESES 


State of 
Nature 


Decision 


Accept: Ai Reject: A 2 


H 0 is true Correct decision Type I error 
H o is false Type II error Correct decision 


Type I and Type II errors are used to evaluate various decision rules. For the 
decision rule formulated for our illustration, we have 


a = P(X < 


” / . 25 

9|p = 0.6) = y pM (0.6)*(0.4)«- - V (0.4H0.6) 2 *-* 

-o v x ti 6 \ 

15 

= 1 _ ^ (jfj (0.4)*(0.6) 25_ * = 1 - 0.96561 = 0.03439 
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and 


/3 = P(X > 9|p = 0.4) = 1 - P(X < 8|p = 0.4) 


= 1 


20 

x = 0 


4)*(0.6) 25 ”* = 1 - 0.27357 = 0.72643 


The above value of j3 indicates that the probability of accepting the null 
hypothesis when the alternative hypothesis is actually true is almost 0.73. That 
is, the manager is running a great risk of losing $400 by the present decision rule. 
Naturally, the manager would feel that such a risk is exceedingly large. To reduce 
his risk, he must set Up another decision rule. As a matter of fact, the best decision 
rule, among all permissible decision rules, is one which can minimize both a and 
0 in a given decision situation. In the present case, it may be argued that a more 
proper or “fairer” test would be to reject H 0 if X < 13 or 12, since each of these 
two numbers is close to halfway between 10 (the expected number of successes 
in 25 observations when p = 0.4) and 15 (the expected number of nondefectives 
in 25 observations when p = 0.6). Now, if the manager decides upon the following 
new decision rule, 

Reject H 0 , if and only if X < 13 
Accept II o, if and only if X > 13 

then we would have 


li 


= P(X < 13|p = 0.6) 


oo- 

x = 0 


4)*(0.6) 26 ~* = 0.26772 


and 


12 


j3 = P(X > 13 |p = 0.4) = 1 


x = 0 


(0.4)*(0.6) 25 -* = 0.15377 


We can, in fact, for various values of K consider this test: Reject Ho if and 
only if X < K. For various values of K, we may compute a and $ as in Table 10.3. 
From graphs, such as Figure 10.1 (suggested by the values of a and /3 in this 
table), we may also study how the sizes of testing errors change as K is changed. 


TABLE 10.3 a AND /3 RISKS FOR THE TEST X < K WITH 
n = 25 
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a,/3 



Figure 10.1 Values of a and /3 for testing p = 0.6 with X < K and n = 25. 


Let us pause for a moment to make a few observations about the relationship 
between Type I and Type II errors. 

First, a Type I error is computed with the hypothetical value for H 0 , and a 
Type II error is computed with the hypothetical value for Ih. 

Second, from Figure 10.1, we may clearly see that, given the sample size, in 
an attempt to make (3 small we must increase a. Under the condition that n is 
fixed, we would prefer a test whereby both a and 0 could be made relatively small 
In our illustrative case, the graph for both types of errors reveals that the decision 
rules of rejecting H 0 if and only if X < 12, or if and only if X < 13, are good 
ones, since in each case both a and /3 are quite small. Furthermore, had we selected 
as the testing statistic a sample proportion whose distribution was continuous, 
then the best decision rule would have been to reject the null hypothesis 7 r = 0.6 
if and only if p < 0.5, where p was the sample proportion. Can you explain why 
by looking at Figure 10.1? As we shall show later, if we are willing to let n vary, 
then it is possible to specify both a and /3 at any desired level. 

Third, the probability that sample results will fall in the critical region under 
the null hypothesis when the alternative hypothesis is true is called the power of 
the test , or the power function of the test. Alternatively, the power of the test is the 
probability that a particular alternative hypothesis will be accepted when it is 
the true parameter in the case. Thus, if we are testing the pair of hypotheses 

Hq‘. 6 — 6q 
H i: 6 = 6i 

with testing statistic 6 and critical region CR, then 

Power function = P(d falls in CR\0 = 0i) = P(A 2 \d = 00 = 1 - p ( i 0 .3) 

Thus, the power function of a test is the likelihood function for the critical region 
of the test and is related to a Type II error. In particular, when II 0 is true then 
the power of the test is a. Now, since the power of a test is the probability of 
accepting a hypothesis which is true, we would evidently like to have this proba¬ 
bility large or /3 small. Suppose we have two tests or rules, R\ and R 2 , for deciding 
between two hypotheses. If Ri and R 2 have the same size of a, Ri has (3i and R 2 
has f3 2 , and if (3i < fi 2 , then we say that Ri is a more powerful test (or decision 
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rule) than R 2 . In general the best test is one which minimizes 0 for a given level 
of a. It can be shown that, in selecting a sample with n = 25 to test p = 0.6 against 
p = o.4 ? the most powerful test at a ~ 0.27 is: Reject H 0 if and only if X < 13. 

It is fortunate that this test, which seems so reasonable intuitively, is indeed the 
most powerful decision rule at the given a level and the given data. 

jr r om the preceding comments, it may be deduced that the “goodness of a 
testing procedure is judged by the level of significance and the power function of 
the test. In general, given a, we would like the power of test to be large or the 
value of (3 to be small. In many economic and business decision situations, the 
best decision rule may be considered the one for which a and 0 risks are so bal¬ 
anced as to yield maximum gains or minimum losses. Thus, if we wish to evaluate 
the two decision criteria employed by the manager of the radio-parts store, we 
must first recall that if p — 0.6 and that if he decides to buy the lot, he would 
make a profit of $400. If p = 0.4 and if he decides to buy, however, he may suffer 
a loss of $400. Of course, if he decides not to buy, he would gain nothing and lose 
nothing. Here, to avoid extra implications, we are ignoring the opportunity lost 
due to failure to purchase a profitable lot of tubes. 

The manager J s first rule, to reject Ho if and only if A <9, can be evaluated 

as follows: 

(1) If Ho: p = 0.6 is true and if it is rejected, the manager would select A 2 
(do not buy), and he would gain nothing. The probability of making this wrong 
decision is ck, which is equal to 0.03439. This means that he expects to gam nothing 
by this rule about 3 percent of the time. 

(2) If Ho: p = 0.6 is true and if it is accepted, the manager would stand to gain 
$400. The probability of making this right decision is 1 - a = 1 - 0.03439 = 
0.96561. That is, he expects to gain $400 by this rule more than 96 percent of the 
time. 

From these observations, we see that if the manager adopts the first decision 
rule, his expected gain each time in the long run, denoted as E(G ,Ri ), is 

E(G;Ri) = (1 — a) (gain) + a(loss) = (0.96561) (400) + (0.03439) (0) = $386.24 

(3) If Hi: p = 0.4 is true and he decides upon A 2 , he expects to lose nothing. 
The probability that he would make this correct decision (reject H 0 or accept HO 
is the power of the test, which is equal to 1 — 0 = 1 — 0.72643 = 0.27357; that 
is, he expects to lose nothing about 27 percent of the time. 

(4) If Hi: p = 0.4 is true and if the manager decides to take A h he would 
face a loss of $400. The probability that he would make this wrong decision 
(accept Ho when Hi is true) is 0, which is equal to 0.72543. Thus, he expects to 
lose $400 about 73 percent of the time. 

From (3) and (4), it is clear that if the manager adopts the first decision rule, 
his expected loss each time, E(L]Ri), in the long run is 

E(L;R0 = (loss) + (1 - 0)(gain) 

= (0.72643) (-400) + (0.27357) (0) = -$290.57 

Now, since the manager does not have any information about the population 
except possibly that p = 0.6 or that p = 0.4, he may reasonably assume that 
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both parameter values are equally likely. Under this assumption, the average 
expected gain for the first decision rule may be considered as the mean of E(G\Ri) 
and E(L;Ri) ; that is, 

\ t? . i • n -ry 386.24 + (-290.57) 

Average Expected Gam for R 1 = ---- = $47.83 

2 

The second decision rule is to reject H Q : p = 0.6 if and only if X < 13. 
Following the same evaluation procedure as before, we have 

E(G;R 2 ) = (1 - a)(gain) + a(loss) = (0.73228)(400) + (0.26772)(0) = $292.91 

E(L;R 2 ) = /3(loss) + (1 — /3)( gain) 

= (0.15377)( —400) + (0.84623) (0) = -$61.51 

A t ? + J r, . , D 292.91 + (-61.54) 

Average Expected Gam for R 2 = ---- = $115.70 

2 

The above calculations indicate that R 2 is better than #i; but is R 2 the best 
decision rule in this problem situation? 


10.2 

A General Procedure 
of Testing 


We should now study more rigorously 
and in a more orderly fashion some of the problems of statistical testing introduced 
in the previous section. 

Testing hypotheses or the construction of decision criteria involves very com¬ 
plicated methods. For the sake of simplicity at an elementary level of statistical 
analysis, we shall concentrate on those testing problems in which there are only 
two courses of action open to the decision maker. Such problems are sometimes 
called two-action testing problems; for example, buying or not buying a given 
commodity, changing or not changing a process of production, accepting or 
rejecting a lot of merchandise, continuing or discontinuing production, using or 
not using a more expensive channel of advertising, and so forth. Starting from 
this premise, we shall try to develop a general procedure of testing. In principle, 
all statistical tests are similar to those we are about to discuss. Thus, when the 
reader fully understands the basic ideas underlying this general procedure, he 
should encounter no further difficulties with respect to the tests introduced in 
this chapter and subsequent chapters. 

FORMULATING HYPOTHESES 

A statistical hypothesis, in formal terms, is an assumption made about the distri¬ 
bution of a random variable. In applied situations, a hypothesis is usually given 
in a form that specifies one or more of the parameters associated with the popu¬ 
lation under consideration. 
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The first step in statistical testing is the formulation of hypotheses. As indi¬ 
cated in our illustrative problem in the previous section, for two-action problems 
we need to focus on two possible parameter values: one is stated as the null 
hypothesis and the other as the alternative hypothesis. In evaluating this pro¬ 
posed decision procedure, we associate A \ with the acceptance of H o, and A 2 with 

rejection of Ho (or acceptance of Hi). . 

Hypotheses formation may not be an easy task in a given problem situation. 

In any event, hypotheses must be in agreement with existing knowledge or theory 
about the problem. This requirement that hypotheses be “predesignated’ is 
logical. If we were to use sample information in formulating hypotheses, we w ould 
be using sample data to formulate as well as to test the hypotheses. Obviously, 
with such a procedure, we could hardly expect the sample data to be inconsistent 
with the hypotheses; thus, it is grossly illogical to employ sample data to test 
hypotheses which have been suggested by the same data. 

On the other hand, it is important to note that the requirement that hypothe¬ 
ses be stated before observations are made does not mean that we should never 
use sample data to suggest possible hypotheses. As a matter of fact, after the 
specified hypotheses have been tested by the sample data collected latei, we 
should examine the results thoroughly to discover if there is any possible hypothe¬ 
sis that had not been anticipated. Such a hypothesis, of course cannot be tested 
rigorously by the data that suggest it. It can, however, be regarded as a new 
hypothesis to be tested in the future by sample data collected independently. 
We should realize that although we must designate hypotheses for a given 
situation before observations are made, we should not ignore the possibility that 
useful new hypotheses or theories may be suggested by data employed to test 
the predesignated hypotheses. 

In our later work, we shall use the simple, convenient, and most frequently 
adopted way of testing a null hypothesis against an alternative hypothesis. Even 
though the designations of Ho and Hi are often arbitrary, the most useful way 
in which the null hypothesis can be formulated is one that will enable sample data 
to discredit it and to cause its rejection; as a general rule, we always find it easier 
to discredit a hypothesis than to verify it. Often, a hypothesis can be rejected 
with a high degree of significance; that is, with a (the probability of rejecting a 
true H 0 ) being very small, even almost zero. When we accept a hypothesis, 
however, we may never know how reliable our action is. 

To illustrate, if we desire to discover whether a new production process is 
more or less efficient than the old, we state as the null hypothesis that the two 
processes are equally efficient. If we would like to discover whether Drug A has a 
greater germ-killing power than Drug B, we state as the null hypothesis that they 
have the same germ-killing power. If we are concerned as to whether the mean 
income of professors during the past ten years has changed, we state as the null 
hypothesis that it has remained unchanged. Thus, a hypothesis is null in the 
sense that it “nullifies” the possible differences. Because of this, the form of 
the null hypothesis is typically precise, such as 6 = 6 0 . Occasionally, however, we 
may find it appropriate to state the null hypothesis in a less precise form, such as 
0 < do or 6 > do. 
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The practice of testing the null hypothesis against a single alternative suggests 
that the rejection of the former means the acceptance of the latter. Thus the 
alternative hypothesis is in effect the statistical hypothesis that we suspect to be 
true and that we wish to establish; whereas the null hypothesis is what we suspect 
to be false and what we wish to discredit. 

- TT Uy ’ f 6 alt ; rnativ ® hypothesis is stated in a nonspecific form, such as 
c e, 6 > d 0 , or $ S* 00. The first two types of designations for H 1 are called 

Z 9 wt ~ P recisely > when H 1 is given as 0 < 9., we have a left-tail 

test. When IU is stated as 0 > 0„, we have a right-tail test. The last form of an 

alternatwe hypothecs, 0 * <?„, indicates what is called a two-sided or two-tail test. 

f tun theSe desigIlatlons we should use in a given case depends on the nature 
of the decision problem at hand. This point will become clear to the reader after 
we have presented examples of a few statistical tests. 

The various ways of formulating hypotheses lead us to distinguish between 
what are called simple and composite hypotheses. A simple hypothesis is a complete 
specification of a probability distribution. For example, the hypotheses, H 0 : p = 
0.6 and Hi: p - 0.4 (which we had before) are both simple. A hypothesis that is 
not simple is a composite hypothesis; thus, it is convenient to think of a composite 
hypothesis as made up of a number of simple hypotheses. For example the 
hypothesis say, y > 1000 hours is composite, since it could be any value ranging 
from 1000 to co hours As we shall see, if we know a simple hypothesis to be true, 
en the probability distribution of the testing statistic is completely defined If 
we know a composite hypothesis to be true, however, we still do not know the 
exact distribution of the testing statistic. Also, when we say that a composite 

k true^ eS1S W trUe W6 mean that ° ne ° f the Simple hypotheses which make it up 

In concluding the discussion of the first stop of the general procedure of testing 
we note that even though the common terminology calls H 0 the hypothesis being 
tested and Hi the alternative hypothesis, in reality we are testing to decide 
between two hypotheses, H 0 and H h That is, in a statistical test concerning a 

population, we try to find a rule which will enable us to choose between two 
courses of action. 


SPECIFYING THE LEVEL OF SIGNIFICANCE 

The second step of our general procedure is to select a level of significance: the 
specification of the value of a with respect to the sample size given. The a value 
rs commonly set at 0.05 or 0.01. If a - 0.05 and H„ is rejected, for example, we 

n I ti < l he Sa f ple resuIts are significantly different from H„ at the a level of 
0.05. 1 hat is, if we use this procedure to make decisions, in the long run the 

sample results could be expected to cause rejection of true null hypotheses 5 per- 
cent of the time. 

„ • W !? en h yP oth esis is rejected at a = 0.05, the test result is said to be 

significant When the null hypothesis is rejected at a = 0.01, the test result is 
said to be highly significant.” These two phrases are used without explicit 
definitions, but in statistical terms, the word “significant” does have a precise 
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meaning. The concept “level of significance” is employed to indicate merely that 
a statistical test evaluates the “significance” of a difference between the hypothet¬ 
ical value of a parameter and the sample result. 

But which of the two values of a risk should be used in a given test? The 
classical position on this point is ambiguous. It evades the responsibility by saying 
that the determination of a level is in the hands of policy decision makers, not 
in the hands of statisticians. The statistician, given the a risk that the decision 
maker is willing to take, should only provide the decision maker with useful 
information for his policy formulation. Then, the student may ask; How does a 
policy maker decide on the size of risk to be taken, and whether or not to reject 
the null hypothesis? The answer here depends upon the consequences of Type I 
and Type II errors. We shall develop this observation by way of some examples. 

Suppose that it has been established without doubt by medical scientists that 
if the average nicotine content of cigarettes is 25 milligrams or more, lung cancer 
is certain to develop in a smoker. If, however, the average nicotine content of 
cigarettes is less than 25 milligrams, the user is relatively safe. Suppose that you 
are a habitual smoker and are willing to take your chances; you would certainly 
try to find a brand of cigarettes whose average nicotine content is less than 25 
milligrams. In this case, you should formulate your hypotheses as follows: 

Ho: Mo — 25 
H\\ mi < 25 

For this test, a Type I error is made if you conclude that the mean is less than 
25 when it is in fact equal to 25. Clearly, this is a serious mistake to make, since 
you would select a brand of cigarettes that would endanger your life. You should 
try to avoid such a mistake as much as you can by employing a small a risk of 
0.01, or of smaller values such as, say, 0.001 or even 0.0001. Here, if a Type II 
error is committed, you make the wrong conclusion that the mean is equal to 25; 
actually it is less than 25. You would then not use this brand of cigarettes even 
though it is considered safe. Type II error in this case is not serious, since the 
only trouble you have would be to test another brand. 

Thus, in a situation where the consequence of committing a Type I error is 
serious, we should specify a at 0.01, or at an even lower risk than this if the 
occasion demands it. In such a case, it is clearly not necessary for us to be deeply 
concerned with /3 risk or the power of test. 

Now, suppose a cannery specifies that 10 ounces of green asparagus tips be 
put in each can and adjusts the automatic measuring device accordingly. If the 
average weight is below this figure, the cannery may run into trouble with govern¬ 
ment inspectors and be subject to heavy fines. But if the average weight is higher 
than this figure, the cannery will make less profits. From time to time the cannery 
should test the following hypotheses to see whether the measuring device is 
appropriately adjusted: 

Ho\ mo = 10 

Hi: mi ^ 10 

In this test, a Type I error seems to be less important than a Type II error. 
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If the. null hypothesis is rejected when it is true, all that is wasted is the time 
spent in checking the measuring device. If, however, H„ is accepted when Hi is 
actually true, the cannery is confronted with the risk of large fines and possible 
loss of goodwill. Consequently it is advisable to set a at 0.05 or at an even higher 
level, such as 0-10. Note that, with fixed n, the larger a is the smaller 0 is, a 
desirable condition in the present case. * 

To generalize, in a situation where the consequence of committing a Type II 
error is more serious than that of committing a Type I error, we should fix a at 
a relatively high level, thereby increasing the power of the test or reducing /3, for 
every possible simple hypothesis in the composite alternative. 

Situations may arise, of course, where errors of the first and the second kinds 
are equally serious. For instance, in the preceding example, we may find that the 
time, lost in examining the measuring device is costly because stoppage of pro¬ 
duction is entailed. If this is the case, then it would be desirable to have both a 
and (3 small. Probabilities of committing both types of error can be set at any 
desired level, provided the sample size is permitted to vary. 

We shall subsequently discuss statistical testing by, first following the pro¬ 
cedure of specifying the level of significance alone, then moving on to test problems 
for which both a and 0 are evaluated, and finally taking up the method for finding 
the appropriate sample size so that prescribed a and f3 risks for a given test can 
be met. We might point out now, however, that the simple testing procedure of 
specifying a risk alone makes good sense because of the way in which we formu¬ 
late hypotheses; it is quite adequate in many situations. 

SELECTING THE TESTING STATISTIC 

Having formulated hypotheses and determined the level of significance, we now 
turn to the third step of our general testing procedure: the selection of a testing 
statistic whose sampling distribution is known under the assumption that the 
null hypothesis is true. The common practice is to choose as the testing statistic 
that measure which is used to estimate the parameter in the terms of which H 0 
and H x are stated. For example, if H 0 and Hi are stated in terms of population 
mean, then a sample mean would be selected as the testing statistic. 

When we have selected, say, 8 to test hypotheses concerning 8 , we may use 8 
to test H o against H x directly, or we may use its equivalent, Z = (8 — 0 O ) /SE(8) 
where 0o is the assumed parameter in H 0} to do the job. The employment of Z as 
the testing statistic is especially convenient if the sampling distribution of 8 is 
normal, since then Z has the standard normal distribution. 

ESTABLISHING DECISION CRITERIA 

At this point—as a fourth step—a decision criterion, or rule, must be established 
for the purpose of rejecting or accepting H 0 . This involves the division of the 
sampling distribution of the testing statistic into two parts: the critical or rejection 
region, and the acceptance or nonrejection region. This division depends upon the 
designation of the alternative hypothesis, the level of a, and the sampling distri¬ 
bution of the testing statistic—all of which have already been predetermined. 
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n (0,1) 



Figure 10.2 A one-sided critical region for testing H 0 :d = 0 O against Hi:0 > d b 
at a = 0.95. 

Throughout our discussion in this chapter, we shall assume that the parent 
population is normal or the sample is large enough for the central limit theorem 
to apply; namely, we shall assume that the sampling distribution of the testing 
statistic is normal. Then the task becomes one of discovering a critical value of the 
testing statistic which would separate the critical region from the region of 
acceptance at a given level of significance and for a particular alternative hypothe¬ 
sis. We shall now show how such a critical value can be found for each of the three 
most frequently used forms of alternative hypotheses. 

First, if we test H 0 : 6 = 0 O against Hi. 6 > 0 O , then only large values of 0, the 
testing statistic, would support the validity of Hi. Consequently, given the level 
of significance, we try to determine the critical value, K, so that P{6 > K) = a , 
where 

K = 0 O + Zi^ a SE(e) (10.4) 

That is, if we are concerned with a right-tail test, the decision rule is: Reject H o 
if and only if 6 !> K", do not reject Ho if 6 ^ K. Since Z is a standard normal 
variate in (10.4), this decision rule can also be stated as: Reject Ho if and only if 


e - do 

SE(e) 


> z i_« 


(10.5) 


The critical region for a right-tail test is shown in Figure 10.2. 

Second, if we test F 0 : 6 = 6 0 against Hi: 0 < do, then Hi is supported by 
small values of 6 only. Therefore, the critical value, K , should be chosen so that 
P{6 < K) = a, where 

K = e o - Z a SE(d) (10.6) 


Namely, if we are concerned with a left-tail test, the decision criterion is to reject 
Ho if and only if d < K. If Z is used as the testing statistic, then this rule becomes: 
Reject Ho if and only if 


6 - do 

~SE(d) 


Z a 


(10.7) 
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"( 0 , 1 ) 



The critical region for a left-tail test is shown by Figure 10.3. 

Finally if we are testing Hy 0 = e 0 against Hy 9 * 0„, we have a two-tail 
test. In tins case, both small and large values of the testing statistic tend to 
support U x . There is reason to expect then that the critical region of this test as 
shown by Figure 10.4, is divided equally between both ends of the density function 
oi the testing statistic. We have two critical values, K t and K 2 , instead of only 
one value to be determined. It is easy to show that, given the level of significance, 

Kt = 9 0 — Z a/i SE(9), and (10 . 8a) 

K 2 = 00 + Zu„ r ,SE(0) (108b) 

That is, now we have this decision rule: Reject H 0 if and only if 6 < K x or § > K,. 


n (0,1) 



Figure 10.4 A two-sided critical region for testing H o :0 = »„ against Hy» ^ 0, at 
a = 0.05. 
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TABLE 10.4 RULES FOR TESTING Ho: 0 = 0o AGAINST Hi IN TERMS OF 


Hi 

Reject Ho 
if and 
only if 

a = 0.05 

a = 0.01 

0 > do 
d < d 0 

9 + do 

d > K 
d < K 
d < Hi or 

9 > K, 

K = do + 1.65 SE0) 

K = do - 1.65 SE0) 

Ki = do - 1.96 SE0) or 

K 2 = do +1.96 SE0) 

K = do + 2.33 SE(d) 
K = do - 2.33 SE(d) 
Ki = do - 2MSE(9) 
Ki = 0o + 2.58 SE0) 


In terms of Z values, we state: Reject H 0 if and only if 

6 - 0 O 


SE(6) 


< Z a/2 , or 


* “ ^ 7 
« > Zl -“ /2 


<10.9a) 

(10.9b) 


For convenience, the preceding decision criteria, under the assumption that 
the sampling distribution of the testing statistic is normal, are summarized m 
Tables 10.4 and 10.5 for a = 0.05 and 0.01. Table 10.4 contains critical values m 
terms of the testing statistic directly, and Table 10.5 gives the corresponding 
critical values in terms of Z. 

DOING COMPUTATIONS 

Having taken the first four steps, we have completely designed a statistical test. 
We may now proceed to a fifth step—performance of various computations, from 
a random sample of size n, necessary for the test. These calculations include the 
testing statistic, the standard error of the testing statistic, and the critical value 
of the testing statistic. 


TABLE 10.5 RULES FOR TESTING II o: 

TERMS OF Z 


AGAINST Hi IN 



Reject Ho 

if and only if 

Hi 

a = 0.05 

a : 

d > do 

S ~!°> 1.65 

SE(8) 

d - 0o 

SE(d) 

e < do 

i.65 

SE(e) 

d - 00 
SE(d) 

0 + 0o 

*-?•< 1.96 or 

SE(d) 

0-0o 

SE(d) 


0-0o 

0-0o 


A > 1.96 

SE(d) 

SE(d) 


> 2.33 

< -2.33 

< —2.58 or 

> 2.58 
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MAKING DECISIONS 

Finally, as a sixth step, we may draw statistical conclusions, and management 
may make decisions. On the basis of previous computations, the statistician 
would decide to reject H 0 if the testing statistic fell in the critical region and to 
accept H 0 if the. testing statistic fell in the acceptance region. Then, the policy 
maker would make a managerial decision—that is, he would select an appropriate 
course of action in view of the statistical conclusion. 

Statistical decision is made on the basis of the value of the testing statistic 
within the framework of established decision criteria. If the testing statistic falls 
in the critical region, we consider the difference between the sample statistic and 
the hypothetical parameter significant. In other words, we think the sample 
result is so rare that it cannot be explained by chance variations alone. We then 
decide to reject H 0 and state: “The null hypothesis is false”; or “The sample 
observations are not consistent with the null hypothesis.” (The student is 
reminded that the rejection of H 0 is in effect the acceptance of H v ) On the other 
hand, if the testing statistic falls in the region of nonrejection, we reason that the 
difference between the sample result and the hypothetical parameter can be 
explained by chance variations and therefore is not significant statistically. 
Consequently, we decide not to reject Hq and state: “The sample result is not 
inconsistent with the null hypothesis.” 

Careful readers may have already noted that the rejection statement is much 
str °gggrthan the acce pfance'sta tement. When we rejectVFypothesis, we believe 
% at tllere is a definite reason for us to do so, whereas when we accept a hypothesis, 
we simply behave as if the sample data are not sufficient evidence to doubt the 
truth of the hypothesis. This difference in attitudes arises essentially from the 
fact that, in logic, it is always easier to prove something false than to prove it true. 
In testing, Type I error is easily asserted, whereas Type II error is always difficult 
to evaluate because of the way we design our alternative hypotheses. Hence, we 
have adopted the rule of rejecting all hypotheses if we can; but if we are forced to 
accept them, we do not want to commit ourselves. Justification for this practice 
is the fact that the risk of rejecting a true hypothesis is completely under control, 
limited to the value of a. Furthermore, if the sample is sufficiently large, we can 
be fairly sure that our decision of rejection is right. 

We should also note that if the difference between the observed value of the 
testing statistic and the hypothetical parameter is very great, we can reject H 0 
with an extremely high level of significance. This point is indicative of an impor¬ 
tant characteristic of statistical testing: A test can never be considered positive 
proof of the truth of a hypothesis. The central core of testing is to give statistical 
evidence an opportunity to disprove a hypothesis. However, we must not blind 
ourselves to the fact that there is still the probability, though very small, that the 
rejection may be the wrong decision. What we should remember is that a hypothe¬ 
sis may be rejected with a degree of confidence that the acceptance of a hypothesis 
can never have. 

The managerial decision which follows the statistical decision is beyond the 
authority of the statistician. It is mentioned here merely to stress that the basic 
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purpose of testing is to assist management in reaching rational economic and 
business decisions. Generally, statistical decision is the basis on which a decision 
maker selects an appropriate course of action. His rule is to associate his decision 
with testing before the testing is conducted; he decides in advance that one course 
of action will be taken if H 0 is accepted and another course of action if Ho is 
rejected. The important thing to realize is that “statistical significance” does not 
necessarily imply “practical importance.” Statistically, we may find that there is 
a “significant difference”; but the decision maker may feel that this difference is 
not of any importance from a practical point of view. As a result, he may simply 
refrain from taking any action. 

SUMMARY 

The general procedure of statistical testing just outlined consists of the following 
six stops: (1) formulating the null and the alternative hypotheses, (2) specifying 
the level of significance, (3) selecting the testing statistic, (4) establishing decision 
criteria, (5) doing computations, and (6) making decisions. We shall apply this 
procedure, in the next three sections, to a number of statistical tests concerning 
jx, ir, A/i, and Air. Then we shall move on to discuss the evaluation of 0 given the 
sample size, and the determination of sample size given both a and 0. 


10.3 

Testing the 
Hypothesis = fi 0 


The population mean is a very important 
decision parameter. Often we wish to know if a population mean has increased, 
or decreased, or remained unchanged. Or, we may be interested in determining 
whether a population mean is significantly greater than, or less than, some 
assumed value. Has the real per capita income in Burma increased since its 
independence? Can a new assembly procedure really reduce the mean time of 
assembling a mechanism? Has there been no change in the life span of American 
males during the past ten years? Each of these questions can be answered by 
testing ii = go against some appropriate alternative hypotheses. 

To test whether a specified go is reasonable in view of sample results, the 
testing statistic used is the sample mean or, more conveniently for our general 
testing procedure, the critical ratio Z = (x —■ Mo)/A*. 

AN UPPER-TAIL TEST 

A manufacturing process used by a factory during the past few years yields an 
average output of 100 units per hour with a standard deviation of 8 units. A 
new machine for making this type of product has just been put on the market. 
While it is very expensive compared to the one now in use, if the mean output of 
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the mw machine is more than 150 units per hour, its adoption would be quite 
profitable To decide whether the new machine should be purchased to replace 
the old, the management of the factory buys 35 of the new machines as an 
experiment. The final decision is to be made according to the following procedure: 

L Formulating Hypotheses: Let us assume that the management is 
inclined to believe that the average output per hour of the new machines is 
greater than 150 and that, it is also anxious to avoid the error of buying when it 
should not; then the hypotheses should be stated as 

H Q \ n = 150 units 
n > 150 units 

2 Specifying the Level of Significance: In this case, the rejection of H 0 if 
it is true would lead to serious consequences, since then the wrong* action (buying 
the expensive machines) would be taken. In order to guard against the purchase 
of new machines that might not actually be as productive as expected the 
management decides to set a at 0.01, a low probability of rejecting H 0 when it 
is true. 


3. Selecting the Testing Statistic : To test the hypotheses stated in (1) the 

statistician decides to use as the testing statistic the critical ratio Z = (x - 150) /V- 

which is a standard normal variable. 

4. Establishing the Decision Criterion: At a = 0.01, and for a right-tail 

test, the decision rule is: Reject H „ if and only if Z > 2.33; otherwise, accept H e . 

5. Doing Computations: 

a. Assume that the 35 new machines constitute a random sample, and that it 
has been found that x = 160 units per hour. 

b. Assuming that the standard deviation of outputs for the new machines is 

identical with that for the old (that is, <r = 8 units), then, with n = 35 we 
have ’ 


c. The critical ratio is 


a* = —= 1.35 
V 35 


Z 



160 — 150 
L35 


7.41 


6. Making Decisions: Since Z falls in the critical region, the difference 
between the sample mean and the hypothetical mean is significant. H 0 is not true. 

e rejection of #0 is the acceptance of Hi. According to management’s pre- 
esignated criterion, the new machine should be purchased to replace the old. 
(Note: When Z = 7.41, we know that if H 0 were true, the probability of obtaining 
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a difference as large as 10 between x and g 0 is practically zero; that is, the signif¬ 
icance of this test, is actually that a = 0. What does this observation mean or 
imply?) 


A LOWER-TAIL TEST 

The average distance for stopping a certain make of automobile when it is trav¬ 
elling 30 miles an hour is 65 feet. The engineering department of the company 
has designed a new brake system thought to be more effective than the type 
currently in use. To test this invention, the new brake system is installed in 64 
cars, and tests show that the average distance for stopping a car at a speed of 
30 miles an hour is 63.5 feet, with a standard deviation, s, of 4 feet. Does the 
difference of 1.5 feet prove that the new brake system is more effective than the 
old? Now, if the management wishes to avoid the mistake of not adopting the 
new brake system if it really should, the question can be answered by the following 
test: 


1. Hypotheses: i7 0 : M = 65 feet 

Hi: fi < 65 feet 

2. Level of Significance: a = 0.05 

3. Testing Statistic: Z — (x — go)/<rs 


4. Decision Rule: Reject Hq if and only if Z < —1.65. 

5. Computations: The sample mean, with n = 64, was given before as 
63.5 feet. The standard deviation of the population is unknown in this case; but 
the sample is large enough for us to estimate it by s, which was given as 4 feet. 
Thus, 

s 4 q ^ 

y/n V64 


and 


Z = 


63.5 - 65 
0.5 


-3.00 


6. Decision: Since Z = —3.00 < —1.65, H 0 is rejected. The new brake 
system is more effective than the old. The management should seriously consider 
its adoption. 


A TWO-TAIL TEST 

A floor-wax factory has nationwide selling outlets. In the past, its salesmen earned 
a mean commission of 1600 per month, with a standard deviation of $8(3. Recently, 
new brands of floor wax produced by other factories have entered the market. 
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This factor tends to reduce the volume of sales per salesman and, thus, to reduce 
the salesmen’s income. Meanwhile, the list price of the firm’s output has increased 
along with general price inflation; this factor tends to increase the salesmen’s 
commission per sale. The management of the firm is anxious to discover the net 
effect of these two factors on its salesmen’s commissions. To achieve this, the 
following decision procedure is adopted: 

1. Hypotheses: Hq : n = $600 

Hi: ii 9^ $600 

2. Level of Significance: a = 0.05 

3. Testing Statistic: Z = ix — mo)Ax, which, as before, is a standard normal 
variable. 


4. Decision Rule : With a = 0.05, for a two-tail test the decision rule becomes: 
Reject Ho if and only if \Z\ > 1.96. That is, reject Ho if and only if Z < —1.96 
or Z > 1.96. 


5. Computations: Suppose that an unconditional random sample of 
n = 100 is drawn from all the salesmen’s commission accounts, and it is found that 
x — $585. Also, since a = $80, we have 


and 


Ox 


80 

VToo 


z = 


585 - 600 

8 


- 1.88 


6. Decisions: Now, Z = —1.88, which falls in the acceptance region; there¬ 
fore, Ho is not to be rejected. This result indicates that the difference of $15 may 
be attributed to random fluctuations in the sample statistic and that it is not 
significant at an a risk of 0.05. Since sample results lead us to conclude that the 
salesmen’s monthly mean income has not changed, the management may no 
longer be concerned with this problem. 

It is perhaps more appropriate for this problem to state the alternative hy¬ 
pothesis as g < $600, since the management would have no trouble if the mean 
commission were equal to or greater than $600. Had the alternative hypothesis 
been so designated, we would reject H 0 , for the same level of significance of 0.05, 
if and only if Z < —1.65. Recall that the critical value for the present test is 
— 1.88, which is less than —1.65. Thus, the same difference that is insignificant 
for a two-tail test may become significant for a single-tail test. Further, had we 
decided to conduct a left-tail test, the managerial decision would have been 
entirely different for the same sample results. Instead of choosing to do nothing 
(because Ho was accepted), the management might (because of the acceptance 
of Hi) act in a number of ways: step up its advertising campaign in order to 
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increase its sales; increase the percentage of commission paid; improve the 
quality of its output in order to improve its competitive strength; or take more 
than one of these actions, for the purpose of keeping its sales force intact. 

These observations are indicative of the importance of formulating hypotheses 
and specifying level of significance, thereby establishing the decision rule before 
the collection and observation of data. Unless the required procedure is followed, 
we may be led to conduct a statistical test within the framework of an improper 
decision procedure, which is both suggested and tested by the same sample 
results. 


10.4 


Testing the 
Hypothesis 7r = tt 0 


We have seen that situations often arise 
in which sampling is used to determine an attribute rather than the mean value of 
a population. In such a case, observations are qualitative in nature. Sampling 
attributes, as we already know, reveals information as to whether workers are 
males or females, whether products are defective or nondefective, apd so forth. 
A population, of course, may contain more than two mutually exclusive categories. 
However, it is always possible to group the elementary units m a population into 
two mutually exclusive qualitative classes. For instance, voters may be Republi¬ 
can, Democratic, Liberal, or Independent, but all of those who are eligible to vote 
can be classified as being in favor or against a given candidate. 

In any event, when we analyze qualitative data, we are interested m verifying 
an assumption made about the population proportion of successes, x. Here, we 
would like to test the hypothesis x = tt 0 with the sample proportion p as the 
testing statistic. Also, in such a test, we compute the standard error of p by using 
tto in the null hypothesis. This is a logical practice because m our test the sampling 
distribution of the testing statistic is determined under the assumption that the 
null hypothesis is true. 


A TWO-TAIL TEST 

The manufacturer of a patent medicine claims that its product is more than 70 
percent effective in giving immediate relief from skin itches, from any cause. The 
American Medical Association, hoping to verify this claim, appoints a committee 
of seven skin specialists to evaluate the effectiveness of this medicine. Some 
members of the committee are confident that the manufacturer’s ckdm could not 
be possibly true (due to their past experience with similar drugs), but others 
suspect that the claim might be valid, so it is finally agreed that both alternatives 
should be considered. Also, after some thought, it is decided to set a at 0.01 and 
to try the medicine on 200 patients who have skin disorders. In ottpr words, the 
testing procedure is designed as follows: 
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1 . Hypotheses: H 0 : tv = 0.70 

Hi: 7 r ^ 0.70 

2. Level of Significance: a = 0.01 

3 ; t _ Testmg Statistic; Z = (p - ir Q )/cr p , which is a standard normal variate 
ii H 0 is true. 

4. Decision Rule: Reject H 0 if and only if Z < -2.58 or Z > 2.58. 

5. Computations: Suppose that among the 200 patients treated by this 
medicine, 125 experienced immediate relief; then p = 0.625. Also, for this test, 

= JHm = 0.0324 
x n V 200 

and 


0.625 - 0.700 


6 ; “ nS! Sin ,° e Z = ~ 2M > _2 ’ 58 ’ H ° cannot be rejected. A difference 

of 0.075 between the sample proportion and the hypothetical value of ir is not 
sufficient to disprove the manufacturer’s claim. If the new drug does not have any 
undesirable side effects, it should be recommended for use. 

A LEFT-TAIL TEST 

Suppose that one of Philadelphia’s diaper services has advertised in a newspaper 
as follows: ‘There are more than 10 diaper services in Philadelphia, but 30 percent 
of the families who use diaper services are our customers.—The Smile Diaper 
Service. ’ As may happen in reality, we can imagine that other diaper services will 
complain to the Better Business Bureau, challenging the validity of this claim. 

e ore the BBB can act on the complaint, it must decide about the truth of 
the claim made by The Smile Diaper Service. To aid in arriving at this decision, 
the Bureau selects a random sample of 150 families, without replacement from 
the thousands currently using diaper services. It finds that 39, or 26 percent of the 
J 5 ® fa “ 1 ' les are customers of The Smile Diaper Service. Now, the question is: 
Is the difference of 4 percent between the sample result and the claimed share of 
the market statistically significant? To answer this question, the BBB adopts the 
following decision procedure: 

1. Hypotheses: H 0 : ir = 0.30 
Hi: tv < 0.30 

Note that the alternative hypothesis here suggests a left-tail test. It is appropriate 
because the BBB is primarily interested in verifying Smile’s claim against the 
alternative that its market share is not as large as claimed. 
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2. Level of Significance : In deciding the value of a, the BBB is confronted 
with two conflicting forces. On the one hand, Smile would like the Bureau to adopt 
a decision criterion that would minimize the probability of its incorrectly rejecting 
the null hypothesis. This course demands a small a. On the other hand, the Bureau 
itself and other diaper services are more concerned with an unwarranted accept¬ 
ance of the null hypothesis. Thus, they would like to have a small $ or large a. 
After thoughtful consideration, the Bureau finally decides on the 5 percent level 
of significance as a balanced criterion, namely, a = 0.05. 

3. Testing Statistic: Z = (p — to)/<t p 

4. Decision Rule: With a = 0.05 for a left-tail test, reject H Q if and only if 
Z < —1.65. (We are assuming here that the BBB wants to reach a decision one 
way or another. Otherwise, the decision rule may be stated as; Reject H 0 if and 
only if Z < —1.65, but reserve judgment or conduct another test if Z > —1.65.) 


5. Computations: 


V = 3 %50 = 0.26 


jo.3(0.7) 

v 150 

0.26 - 0.30 
0.0374 


0.0374 


= -1.07 


6. Decision: The value of Z falls in the acceptance region. If tt = 0.3, it is not 
unlikely for p = 0.26 to occur. The claim made by The Smile Diaper Service is 
not unfounded in terms of sample observations. There are, therefore, no grounds 
for censure. 


10.5 

Testing the 
Hypothesis Q x = 6 2 


One often meets such decision problems 
as those suggested by the following questions: Is the difference between the mean 
income of lawyers and that of physicians significant? Has a population of smokers 
a greater susceptibility to lung cancer than a population of nonsmokers? Is there 
any real difference between voting habits of men and women? Does one TV pro¬ 
gram have more appeal to the public than another? Is the new method of therapy 
for a certain class of patients more effective than the old? Has one make of 
aluminum channels a greater variability in stiffness than another make? Has the 
rate of economic growth in Red China been considerably reduced because of 
Mao Tse-tung's “cultural revolution?” Has teachers' real income in the United 
States changed since 1945? 
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These questions are concerned with the comparison of two populations. One 
action is called for if they can be thought of as the same population; another 
action is appropriate if there is a difference, or if some change has taken place from 
one population to another. Our interest here may focus on the difference between 
population means, between population proportions, or between population vari¬ 
ances. We shall discuss statistical tests about the first two types of difference in 
this section, and take up the last kind in the next chapter. 

COMPARISON OF TWO POPULATION MEANS 

To test whether there is a significant difference between two population means, 
m and At 2 ? we formulate the null hypothesis that there is no difference between 
them; that is, H Q : mi = M 2 - The testing statistic used here is the difference between 
two sample means computed from two random samples independently drawn. 
Under the assumption that Hq is true, the critical ratio Z — (Ax — A m)/oax = 
(xi — x%)/cr A % has the standard normal distribution. Note that if the null hy¬ 
pothesis fii = \i% is true, then Ag = mi M 2 = 0. 

To ascertain whether a new fertilizer is more effective than the old for wheat 
production, a tract of land was divided into 100 squares of equal areas, all of the 
same quality. The new fertilizer was applied to 50 squares and the old fertilizer 
was applied to the other 50 squares. The mean number of bushels of wheat har¬ 
vested per square of land using the new fertilizer was 25.5 bushels with a variance 
of 22. The corresponding mean and variance for the squares using the old fertilizer 
were 24.6 and 19 respectively. Is the new fertilizer more efficient than the old at 
a = 0.01? 

1. Hypotheses: H o: mi = M 2 

Hi’. fJLl < fJL2 

2. Level of Significance: a = 0.01 

3. Testing Statistic: Z = (x i — 

4 . Decision Rule: Reject Hq if and only if Z < —2.33, 


5. Computations: Since both n\ and n 2 are quite large, sample variances can 
be used as estimates of population variances to compute the standard error of 
Ax. That is, 


O' A x 



'22 19 

60 + 50 


= 0.9 


With this value of oas, we have 


xi — x<i 25.5 — 24.6 
&Ax 0.9 
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6. Decisions: Z falls in the acceptance region and Ho cannot be rejected. The 
new fertilizer is not more efficient than the old at the 1 percent level of significance. 

An automobile manufacturing company has recorded observations of two 
different makes of batteries, both of which are being used on its cars: 40 observa¬ 
tions of Make A indicated a mean life of 32 months; 45 records of Make B showed 
a mean life of 30 months. Also, past experience indicates that the standard devia¬ 
tion for both makes of batteries is the same, 4 months. Is there a real difference in 
mean life between the two makes of batteries at a — 0.05? 

The appropriate hypotheses in this case are H 0 : n A = /j B and Hi: ^ /u B . 

Also, 



which is greater than 1.96 and, therefore, Ho is rejected. The difference of 2 months 
in mean life cannot be explained by chance variations alone. 

For this problem, it may be interesting to recall that the 95 percent confidence 
interval discussed in Section 9.7 is 0.3 < A^ < 3.7, which does not include Afj, = 0. 
This indicates that a confidence interval with 1 — a corresponds to a two-tail 
test at a. In general, for example, the inequality 

8 - 1.9 6SE(8) < 8 < 8 + SE(8) 

states that before a sample is selected and 8 determined, the probability is 0.95 
that the interval computed from 8 will include the unknown but constant 8. When 
we test the null hypothesis 8 = 8 0 against the alternative 8 ^ 8 G and assume that 
the variance cr 2 for H 0 is the same as that for H h we can actually adopt the 
decision rule of rejecting H 0 8o does not lie in the confidence interval. Namely, 
H o is rejected if 

10 O - 8\ > 1MSE(8) 

This is the same as saying, however, that the testing statistic 8 falls farther away 
from 8q than a certain quantity; this is actually a two-tail test we have been 
conducting. In the confidence coefficient 1 — a, a is the level of significance of a 
test. To show this relationship for a test against a single-tail alternative, we have, 
of course, to construct a one-sided confidence interval as introduced in the next 
chapter. 

COMPARISON OF TWO POPULATION PROPORTIONS 

To compare two population proportions, we conduct a test for H 0 : 7T l — 7T 2 
against some appropriate alternative. The testing statistic employed is usually 
(p i — P 2 )/&Ap, where the sample proportions are derived from two independent 
random samples. Under the assumption that 7T l — 7T 2 ~ 7T, 
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But, the population proportions are usually unknown to us; we take the weighted 
mean of the two sample proportions as the estimate. Call this estimate p ; we then 
have 

nipi + n 2 p 2 

V = --;- 

ni + n 2 


Substituting p into the previous expression, we have as an estimate of <r& P the 
following: 


^ = yjp (l - P) 

* \ nin 2 / 


( 10 . 10 ) 


In the spring of 1954, the Federal Reserve System and the Research Center of 
the University of Michigan jointly sampled 3000 spending units in a survey of 
consumer finances. A similar study was made in the spring of 1955, when 3120 
spending units were interviewed. These two surveys, among other things, revealed 
that in 1954, 7.7 percent of those interviewed intended to purchase television sets, 
whereas in 1955, only 5.9 percent of those questioned planned to do so. Had there 
been a significant change in consumers’ intentions to buy television sets between 
the spring of 1954 and that of 1955? To answer this question, we conduct the 
following test: 


I. Hypotheses: H Q : ir\ = 7r 2 

Hi: 7Ti + 7T 2 


2. Level of Significance: a = 0.05 

3. Testing Statistic: Z = (pi — p 2 )/<J& V} which has the standard normal 
distribution if Ho is true. 


4. Decision Rule: Reject H 0 if and only if Z < — 1.96 or Z > 1.96; otherwise 
accept H 0 . 


5. Computations : Sample data give 


1954 

ni = 3000 
pi = 0.077 


1955 

n 2 = 3120 
p 2 = 0.059 


We have also 


_ (3000) (0.077) + (3120) (0.059) 

p = - = 0.0678 

y 3000 + 3120 


By (10.10), 


~ °-° 678) Sok/iS) ) = °- 0064 
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Therefore, 


0.077 - 0.059 
0.0064 


2.81 


6. Decisions: Z falls in the rejection region; there had been a significant 
change in consumers’ spending intentions between the spring of 1954 and that of 
1955 insofar as the purchase of TV sets was concerned. 

A sample poll of 200 college students and 250 high school students showed that 
59 percent and 55 percent, respectively, were against the draft system as it 
applied in 1967. Was this difference of 4 percent in sample proportions sufficient 
evidence to support the contention that a greater percentage of college students 
was dissatisfied with the draft system at a level of significance of 0.01? 

For this problem, 


= (200)(0.59) + (250) (0.55) = Q 50g 


200 + 250 


d'Ap 


= ^0.568(1 - 568) = 0.0469, and 


,(200X250)/ 


Z = 


0.59 - 0.55 
_ 0.0469 


0.85 


Since the value of the critical ratio is less than 2.33, the null hypothesis, n = i r 2 , 
cannot be rejected in favor of the alternative, tti > tt 2 . In other words, the differ¬ 
ence of 4 percent is not sufficient evidence to support the contention that the 
college students were more dissatisfied with the draft system than the high school 
students in 1967, ata = 0.01 with m = 200 and n 2 = 250. However, there might 
be a real difference and, if so, this difference could perhaps be revealed statistically 
by larger samples. 


10*6 

Evaluation 
of $ 


Up to now we have been concerned with 
statistical testing by specifying a alone and have said very little about /3. When¬ 
ever the consequences of both Type I and Type II errors are serious, we can no 
longer ignore 0. The evaluation of /3 is often made in two different ways. One is to 
specify both a and /3 at desired levels, and then to try to find a sample size so that 
they can be satisfied. The other is to calculate (3 risks for various possible simple 
hypothetical values in the composite alternative, given the level of significance 
and the sample size. These procedures will lead us to consider what are called the 
power and the operating characteristic functions of the■ test , and these are the topics 
for discussion in this section. 
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Suppose that the purchasing agent of a department store is interested in 
buying a certain make of small cardboard containers which, according to the 
manufacturer’s specifications, have a mean crushing strength of 30 pounds and a 
standard deviation of 3 pounds. These specifications are exactly what the pur¬ 
chasing agent desires. To decide whether or not to buy, he has two alternative 
approaches, depending upon his attitude toward a risks. First, he does not want 
to forego the opportunity to buy a useful product. According to this attitude, the 
appropriate designations for the null and the alternative hypotheses should be 

H 0 : n > 30 pounds 
Hi'- M < 30 pounds 

Second, the agent may wish to avoid the mistake of buying when he should not; 
that is, the mean crushing strength may be less than 30 pounds, and he is fearful 
of buying a useless product. With this attitude, the set of hypotheses to be evalu¬ 
ated becomes 

H 0 : fjL < 30 pounds 
Hi: \i > 30 pounds 

We shall now evaluate these two approaches by assuming that a — 0.05 and 
n = 36 in both cases. 

TESTING THE HYPOTHESIS M > 30 

The first approach is to test the null hypothesis, g > 30, against the alternative, 
M < 30. For this, the a and ft errors are as follows: 



State of Nature 

Action 

Mo > SO 

Ml < SO 

Ac. Buy 

A 2 : Do not buy 

Correct action 

a = P(A 2 \m > 30) 

P = P(Ay\iJL < 30) 
Correct action 


The logical testing statistic in each case is obviously the sample mean, with 
n = 36. 

Establishing the decision rule: Having formulated the hypotheses, specified the 
significance level, and chosen the testing statistic, just as in the general procedure 
of testing, we must now decide upon the critical value of x that would enable us 
to accept or to reject the null hypothesis. For a left-tail test, at a = 0.05, we 
would reject H 0 , according to (10.6), if and only if 

% < K = hq — 1.65<Tz = 30 — 1.65 —— 29.175 pounds 

V36 

That is, the decision rule so established means 

If x > 29.175 pounds, take A 7 buy. 

If £ < 29.175 pounds, take A 2 : do not buy. 
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Computing (3 risks: We now are ready to evaluate the Type II error. Recal 
that (3 is the probability of accepting H o when Hi is m fact true. In general w en 
we are testing against an alternative 6 < 0 O , we would accept H 0 if 6 > K; and 
if 6 is normally distributed, then 

= r(Ai|ffO = P(e > K) = l - N (§^) (10 - 11 > 

where 6 i is any particular simple alternative hypothesis in the composite Hi. 

If, for example, we assume in our illustrative case, that mi = 30 pounds, then 

by (10.11) 

a = i - n = i - n = 1 - Ar( “ L65) = °' 95 

which indicates that the probability of taking Ai when Hi is true is as high as 
0.95. It is, in other words, impossible to distinguish between H 0 and ffijvith 
fJLi __ 3 Q This is a natural result since we have assumed here that mo = mi = 30. 
Now, suppose we let mi = 28.175, then 

0 = ! _ at ( 29,175 ~ 5 28,175 ) = 1 - N( 2) = 0.0228 

which reveals that our ability to distinguish between w = 30 and = 28.175 is 

very good. Why? , 

In similar fashion, /3 risks for any other simple hypothetical value m Hi can be 
computed. A few such values are given in the first two columns of Table 10.6. 
0 risks for /n = 30, 29, and 28 are graphed in Figure 10.5 so that the reader can 
get some feel for the problem of Type II errors in terms of areas. 

The power function: For our previous discussion we have arbitrarily stated 
that a = 0.05. However, the null hypothesis under investigation, p, > 30, is 
composite, and there is actually no uniquely defined a risk for it. The probability 
of rejecting Ho when it should not be rejected depends upon which simple hy¬ 
pothesis in H 0 we use; if any one of the simple hypotheses is true, it should not be 
rejected, and the probability of rejection varies from one simple hypothesis to 
another. If, when mo = 30, a = 0.05, then when mo > 30, a > 0.05; that is, if we 
allow mo to vary, though the testing statistic and critical region remain the same as 
stated in the general procedure, Type I error should be interpreted as the maxi¬ 
mum value of the power of the test when H„ is true. Namely, the variation of the 


TABLE 10.6 


Hi 

/3 

1 - p 

30.0 

0.95 

0.05 

29.5 

0.74 

0.26 

29.0 

0.48 

0.52 

28.5 

0.09 

0.91 

28.0 

0.01 

0.99 
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Figure 10.5 Type II error for testing n > 30 against m < 30. 


probability of rejection, as a function of which the simple hypothesis is assumed 
to be true, is embodied in the power function. 

The power function of a statistical test, as has already been noted, is the 
probability of making the correct decision of selecting A a when the true state of 
nature is H v Moreover, we know that 

Power function = P(A 2 \H l ) = 1-/3 

But 0 risk can be uniquely defined only if the alternative is a simple hypothesis. 
When, as m our illustrative example, the alternative hypothesis is composite 
0 risk would vary from one simple hypothesis to another in H u As a consequence’ 
the power of a test would also vary with the variations in 0. The power curve for 
our p^resen^test^is given by Figure 10.6, which is suggested by the few values of 

Figure 10.6 shows that the farther away the simple hypothesis in Hi is from 
Ho, the easier it is to distinguish Hi from H„, and vice versa. That is, the farther 
Hi is from Ho, the greater is the power (probability) to detect that Hi is the true 
state of nature when it is in fact the case. We must keep in mind that this par- 
ticular power curve is obtained by fixing at 30, « at 0.05, » at 36, and x <K at 

175, but allowing ju* to vary. 

In the ideal situation when H 0 is true, the probability of rejecting it should be 
0, and when H„ is false, the probability of rejecting it should be 1. In other words 
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Figure 10.6 Power function for testing H 0 :m > 30 against Hiin < 30 at a = 0.05 
and with n — 36. 

when we test 6 > against B < flo, the ideal power function should take the form 
shown in Figure 10.7. 

Typically, however, a power curve for a fixed n looks similar to the one m 
Figure 10.6. It is low over H„ and high over Ih. This pattern indicates that when 
the simple hypothesis in H i deviates farther from H„, the power of our decision 
rule increases or the probability of making the right decision increases. 

Given a and n, one decision rule is said to be better or more powerful than 


1-/3 



Figure 10.7 Ideal power curve for testing 6 > do against 6 < <?o- 


1-/3 



Figure 10.8 Typical power curves. 
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another if the power curve for the former is higher than that for the latter For 
example, in Figure 10.8, the test which has power curve (a) is better than the 
est which has power curve (b). In this connection, we say that a decision rule! 
the uniformly most powerful test if it yields the highest power curve possible. 

urns out, other things being equal, that the power function of a test depends 
upon the selection of the critical region (decision rule). If the critical region is at 
either tail end (if the test is one-sided) of the distribution of the testing statistic 
then the .« would bo mdfomdy „„ po „ r(ul _ ^ , ^ZUSSi 

” "f f ‘ the region consists of my othor por- 

tion of the area under the density curve of the testing statistic, the test would be 

TheseT/t ’ T 6 !T We W ° Uld haV6 a larg6r 13 than the mi nimum possible. 
These statements are demonstrated by Figure 10.9, which shows that while « 

values m (a) and (b) are identical, the critical region in (b) is unwisely chosen and 
the effect on 0 is disastrous. 

The operating characteristic function: In practice, instead of a curve showing 

SnXn K Un ' TjI " ° UrVe ° alIed the ° perat ™« characteristic function 

(usually abbreviated to "OC function”) is shown. The OC function of a test shows 

the probability of accepting ff„ as a function of the hypothesized parameter used 
to compute 0 Since the probability of acceptance and that of rejection of ff 0 

Thus t : P t °uTih ’ nn^ 0 funCtl0n is clearly the reverse of the power function. 
Thus, we see that the OC function = 1 - power function = 0. 

JThe curve for the operating characteristic function, called the OC curve for 

in r • u ~ °:°t and K = 29 ' 175 ’ as suggested by the few values of 0 in T^ble 
10.6, is shown in Figure 10.10. Note that this curve is low over H h indicating a low 
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\* - H 1 — - H o -^ 

Figure 10.10 The OC curve for testing y. > 30 against ju < 30 with n = 36, 
ot = 0.05, and K = 29.175. 

probability of accepting H o when Hi is true, and high over H o, indicating a high 
probability of accepting Ho when Hi is false. 

In general, an OC curve reveals how the test or decision rule operates, regard¬ 
less of whether that operation is correct or not. The ideal OC curve, corresponding 
to the ideal power curve, for a left-tail test would be one as portrayed by Figure 
10.11. 

While OC and power functions are asymmetric names, their difference in reality 
is arbitrary since Ho and Hi are arbitrarily designated. The OC and power func¬ 
tions for Ho‘. 0 > do and Hi: 6 < So would become the power and OC functions 
for the same pair of hypotheses with the null and the alternative hypotheses 
interchanged. 

Typically, OC curves are similar to those in Figure 10.12. The height of an OC 
curve, as has already been mentioned, is the probability of accepting Ho . As such, 
when the curve is high near So and decreases rapidly as we move away from 0 O , as 
represented by curve (a) in Figure 10.12, the decision rule is said to be a good one 
because then the ability of the decision rule to distinguish 0 O from 0i is good. On 
the other hand, a decision rule is said to be poor if the OC curve decreases slowly 
and remains high, as shown by curve (b) in Figure 10.12, for values far away from 
0 O , and our ability to distinguish Hi from Ho is very weak. 


0 



Figure 10.11 Ideal OC curve for testing H 0 :B > do against Hi'.Q < 6o> 
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Figure 10.12 Typical OC curves. 


To summarize: The decision rule established by the first approach is as follows: 

(1) Take a random sample of size n = 36. 

(2) Set a at 0.05. 

(3) If x > 29.175, take A x \ buy; 

x < 29.175, take A 2 : do not buy. 

(4) (3 risks for various simple alternative hypotheses are shown by 10.10; or 
the power of this test is shown by Figure 10.6. 

TESTING THE HYPOTHESIS n < 30 

According to this approach, the purchasing agent is anxious to avoid the mistake 
of buying when he should not. In view of the Irypotheses stated now, the a and 
/3 risks are as shown below: 



State of Nature 

Action 

ao < 80 

Ai > 80 

A i: Do not buy 

Correct action 

p = P(Ai1a > 30) 

A 2 - Buy 

a — P(A 2 A 30) 

Correct action 


In this case, a risk is the error of buying when the purchase should not be made, 
and (3 risk is the error of not buying when the purchase should be made. 

Now, assuming n = 36, a — 0.05, and a = 3 (as before) for a right-tail test, 
as suggested by (10.4) or by information in Table 10.4, the null hypothesis 
ju < 30 will be rejected if and only if 

x > K = Mo + 1.65<7* = 30 + 1.65(0.5) = 30.825 
From this critical value, the decision rule now becomes 

If x < 30.827 pounds, take A i: do not buy. 

If x > 30.825 pounds, take A 2 : buy. 

To calculate (3 for this test, we note that, in general, when we conduct a right- 
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tail test the null hypothesis is accepted if and only if <9 < K. Therefore, 

0 = PiA^Hd = P(6 < K) = N < 10 - 12 > 

Now, applying this formula to our present case by assuming, say, mi = 30.500, 
we have 




"( 


30.825 - 30.500 
0.5 


)- 


N(0.65) = 0.7422 


A few more 0 risks, calculated in similar fashion for this decision rule, are entered 
in Table 10.7. Power values corresponding to these 0 risks are given in the same 
table. 


TABLE 10.7 


H 1 

P 

1 ~ P 

30.0 

0.95 

0.05 

30.5 

0.74 

0.26 

31.0 

0.48 

0.52 

31.5 

0.09 

0.91 

32.0 

0.01 

0.99 


The power curve and OC curve for this test are shown in Figures 10.13 and 
10.14, respectively. It is interesting to note that these are the OC and power 
curves, respectively, for the previous test. Intuitively, we can also see that the 
second approach is more conservative than the first, since the critical value of x 
in the second is larger (30.825) than that in the first (29.175). That is, it is easier 
to take the act of buying from the first approach than from the second approach. 
For example, if from a sample of 36, we obtain x = 29.75 pounds, by the first 
decision rule we would decide to buy, while by the second decision rule we would 
decide not to buy. 


1-/3 



Figure. 10.13 Power curve for testing n < 32 against ju > 32 with n — 36 and 
a = 0.05. 
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Figure 10.14 OC curve for testing M < 32 against ju > 32 with n = 36 and a = 0.05. 


CALCULATION OF ft RISKS FOR TWO-TAIL TESTS 

The mean monthly family income in a certain city was known to be $400, with a 

standard deviation of $50, during the late 1950s. The government of that city 

now wishes to ascertain whether there has been any significant change in this 
average, and plans to do so by taking a random sample of 100 families and testing 
the following hypotheses at a = 0.05: 

Ho’, n = 400 
Hi: n 9^ 400 

Under the conditions specified, the decision rule (as suggested by Table 10.4) 
becomes: The null hypothesis will be rejected if and only if 

X < K 1 = Mo - 1.96<rs = 400 - 1.96 (^1=) = $390.20, or 

x > K 2 = Mo + 1.960-5: = 400 + 1.96(5) = $409.80 

In general, for a two-sided alternative hypothesis, we would accept H 0 : 6 = 0 O 
if and only ii Ki < d < K 2 and, therefore, 


> - - p(k ' <*<«-* (|g^) - * (%^) 


(10.13) 


Now, in the present case, if the alternative value is assumed to be mi = 395, then 

ft = v( K \: M 1 ) -*( Ki ~ M1 ) - N ( t,),;, -V 395 ) -Ar( 3 90 - 2 - 395 ) 

= IV (2.96) - JV( —0.96) = 0.9985 - 0.1685 = 0.83 
If, jui = 415, then 

'409.8 - 415\ „ /390.2 - 415' 


0 


/409.8 - 415\ /390.2 - 415\ , r/ 

- N (—i—) - s ( —5—) 


04) - N( 5) = 0.1492 
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TABLE 10.8 

Hi 

d 

1 - 13 

375.0 

0.001 

0.999 

382.5 

0.062 

0.938 

387.5 

0.340 

0.660 

392.5 

0.677 

0.323 

397.5 

0.926 

0.074 

400.0 

0.950 

0.050 

402.5 

0.926 

0.374 

407.5 

0.677 

0.323 

412.5 

0.340 

0.660 

417.5 

0.062 

0.938 

425.0 

0.001 

0.999 


f ri f ks a few ottier values of Ml are calculated in the same maimer and 
entered m Table 10.8. Figure 10.15 gives areas of p for mi = 400, 395, 415 and 
375. The power and OC curves for this test are shown by Figures 10.16 and 10.17 
respectively. It is interesting to note that both p and 1 — p are symmetrical 
about mo m the case of two-sided alternatives. 



(d) 


Figure 10.15 The probability of accepting the hypothesis that n = $400 under the 
assumption of various alternative values of ju. 
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Figure 10.16 Power curve for H 6 :fx = $400 and H$\n ^ $400. 


In general, as we have already noted, single-tail tests are uniformly most 
powerful tests. There is no uniformly most powerful test with the two-sided 
alternative, but a two-tail test is a reasonable one on many counts. First of all, 
from the OC curve (Figure 10.17), we see that this test is unbiased m the sense 
that the largest probability of accepting Ho is at H 0 . This property is not pos¬ 
sessed by single-tail tests. Furthermore, as Figure 10.18 shows, the two-tail test 
has some chance of detecting excesses of the true value of the parameter above do , 


£ 



Figure 10.17 Operation characteristic curve for H 0 :» = $400 and F 0 :m ^ $400- 







io.6 evaluation of a 335 





Figure 10.18 OC curves of three tests about ju with H 0 :d = 6$ at a = 0.01. 

though not as good a chance as the right-tail test. However, unlike the right-tail 
test, the two-tail test has a fairly good chance of detecting shortages of the true 
parameter below d G . Similar comparisons can be made between a left-tail test and 
a two-tail test. Thus, in a given situation, the test selected should be the one 
whose OC curve comes closest to giving the proper decisions for various values of 
6 that might prevail. 

RELATIONSHIP BETWEEN a AND 0 FOR FIXED n 

From our discussion of 0 so far, we may note the following conclusions: 

(1) For a given sample size, the probability of committing a Type II error is 
automatically determined, once the level of significance is selected. 

(2) For a given sample size, if it is desired to reduce the error of the first kind, 
the error of the second kind is correspondingly increased. 

(3) A Type I error is completely under control in a given test. Furthermore, 
the common practice of choosing a = 0.05 or 0.01 indicates that the error of 
rejecting a true null hypothesis is seldom made. A Type II error is frequently made 
if the true value of a parameter is close to 0o- However, in such a situation, the 
mistake of accepting a false null hypothesis is not serious. (Why?) When the 
true parameter deviates greatly from 0 O , it is a very serious matter to commit a 
Type II error. Fourtunately, however, in such a situation, the probability of 
accepting a false null hypothesis is very slight. 

(4) If it is desired to fix a and (3 at specific low levels, a statistical test cannot 
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be conducted with a fixed sample size. We must then determine the particular 
size of sample that could satisfy these specifications. The method of determining 
n, given a and /3, is discussed in Section 10.8. 


10.7 

Evaluation of ft 
for Tests Concerning 
Proportions 


Decision procedures concerning propor¬ 
tions are similar to those concerning means. 

During the last days preceding a political election, the campaign manager for a 
certain candidate wants to decide whether it is necessary to expend some extra 
effort. Toward this end, he decides that if at least 51 percent of the population of 
voters are for his candidate, then no extra effort need be contemplated; but if 
the percentage is 51 or less, extra effort should be made in order to ensure the 
election of his candidate. Furthermore, he decides to verify the population propor¬ 
tion by taking a random sample of 100 voters at an a psk of 0.05. For this pro¬ 
cedure, the a and /3 risks are then as follows: 



State of Nature 

Action 

TTO < 0.51 

7Ti > 0.51 

Ai. Extra effort 

A 2 : No extra effort 

Correct decision 

Ct = P (A 2 17To) 

Correct decision 


According to this decision framework, ff 0 : x < 0.51 will be rejected if and 
only if 


V > K = tto + 1.65or„ = 0.51 + 1.65 


4 


(0.51) (0.49) 

100 


= 0.51 + 1.65(0.05) = 0.5925 


The operating characteristic function is now a function of tt, since we must 
here identify the values of t and the simple admissible hypotheses. Assuming 
7ri = 0.5, then 


OC function = 0 = P(H 0 \Hi) = P(p < K) = N 




/0.5925 + 0.005 - 0.5\ 

= N ^ --- j = N(1 >95) = 0 . 9744 

Note that a continuity correction factor of }in has been introduced in the 
above computation. Also note that the OC curve, identified as p > 0.5925 in 
Figure 10.19, gives a high probability of acceptance over H 0 and a low probability 
of acceptance over H h as should be the case. 



10.7 EVALUATION OF f3 FOR TESTS CONCERNING PROPORTIONS 337 





Figure 10.19 OC curves for the political campaign example at « — 0.05, 
a = 0.01, and n = 100. 

The campaign manager's decision rule, therefore, is as follows: ( 1 ) Take a 
random sample of 100 voters; ( 2 ) take A\ (extra effort) if p < 0.5925, and take 
A 2 (no extra effort) if p > 0.5925; (3) the level of significance is 0.05 and the OC 
function is given by Figure 10.19; (4) if there are, say, 55 out of 100 in favor of the 
candidate, A \ should be the choice, but if there are, say 60 out of 100 in favor of 
the candidate, A 2 should be selected. 

Now, if for some reason, the campaign manager wishes to conduct this test 
with a — 0 . 01 , then Hq would be rejected if and only if 

p > K = 0.51 + 2.33(0.05) = 0.6265 
Again, suppose 7 n = 0.5, then for this critical value, 

OC function = 0 = N ( ° 6265 + - j - P - 05 ~ ° 5 ) = AT(2.63) = 0.9957 
\ 0.05 / 

Thus, as observed before, given the sample size, in an attempt to reduce a, fi is 
correspondingly increased. So that the whole OC curve for a = 0.01 and n = 100, 
the one labeled as p > 0.6265 in Figure 10.19, lies above that of the previous 
decision rule. 

In the preceding example, if the campaign manager is more anxious not to 
make the extra effort because of the heavy costs it would entail, then the appro¬ 
priate test becomes 

H 0 :ir> 0.51 
H\\ 7 r < 0.51 

The a and 0 risks are now as shown below: 



State of Nature 

Action 

7T0 > 0.51 

7T1 

< 0.51 

At. No extra effort 

At Extra effort 

OC = P(A 2 |7To) 

0 = 

P(Ai\in) 
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Figure 10.20 OC curve for the political campaign example with H 0 :ir > 0.51 at 
a — 0.05 and n = 100. 


According to this framework, the campaign manager will decide not to make 
the extra effort if there is evidence that more than 51 percent of the voters are in 
favor of his candidate. Let a = 0.05 and n = 100 as before; H 0 will be rejected 
now if and only if 

p < K = 0.51 - 1.65(0.05) = 0.4275 

The decision rule here is: If p < 0.4275, take A 2 (make extra effort), and if 
V > 0.4275, take A x (make no extra effort). For this rule, a = 0.05 and the OC 
function is 

OC function = (3 = P(A 1 |tt < 0.51) = P(p > K) 

, „ /0.4275 + 0.005 — 7Tl\ 

' \ 0.05 / 

whose graph is shown by Figure 10.20. Note that this OC curve is the power 
curve for testing H 0 : tt < 0.51 against Hi: t > 0.51 for the same level of signifi¬ 
cance of 0.05 and the same size of sample of 100. 


10.8 

Tests with 
Fixed a and 


Our evaluation of /3 has been made so far 
by assuming that both a and n are arbitrarily fixed. Now, given the level of 
significance, how would (3 be affected if the sample size were increased? 

EFFECTS ON (3 OF CHANGING n 

If the sample size is increased, the size of the 0 risk will be reduced. The reason for 
this is obvious: the larger the sample, the smaller the standard error of the testing 
statistic. And, the smaller the standard error, the more compressed the sampling 
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distribution of the testing statistic becomes. If, for example, the student looks at 
Figure 10.15 reflectively, he will realize that the movement of a given distance 
along the horizontal axis will remove a greater area of each of the density curves 
from the region of acceptance, or the smaller the area measuring 0 will become. 
This is to say that the larger the sample size, the greater the ability of our decision 
rule to distinguish the null hypothesis from the alternative hypothesis. Let us 
illustrate this point by way of an example. 

Iron bars produced by a certain process are known to have a mean breaking 
strength of 300 pounds and a standard deviation of 24 pounds. To verify a belief 
that the mean breaking strength can be considerably increased by a newly devel¬ 
oped manufacturing process, it seems appropriate to test the following pair of 
hypotheses: 

H 0 : m = 300 pounds 
H\’. n > 300 pounds 

Now, suppose we arbitrarily set a at 0.01 for this test, and let n vary from 
10 to 100 to 500 for the purpose of observing the effects upon 0 of changing n. If 
n = 10, then Ho will be rejected if 

24 

x > K = 300 + 2.33 —= 300 + 2.33(7.59) = 317.68 
VlO 

If n = 100, then Ho will be rejected if 


.7 > K = 300 + 2.33 


24 

VlOO 


= 300 + 2.33(2.4) = 305.59 


If n = 500, then H 0 will be rejected if 


x > K = 300 + 2.33 


24 

V500 


= 300 + 2.33(1.07) = 302.49 


The OC function or the 0 risks for the various possible simple alternative 
hypotheses in the composite Hi can be computed with these critical values, a few 
of which are given in Table 10.9. 

The OC curves of this test at a = 0.01, with n = 10, 100, and 500 respectively, 


TABLE 10.9 



OC Function: /3 

H x 

n = 10 

n = 100 

n = 500 

290 

1.000 

1.000 

1.000 

295 

0.999 

1.000 

1.000 

300 

0.990 

0.990 

0.990 

305 

0.953 

0.749 

0.010 

310 

0.844 

0.159 

0.000 

315 

0.639 

0.004 

0.000 

320 

0.378 

0.000 

0.000 
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Figure 10.21 Effects of sample size on OC functions. 


are given in Figure 10.21. See how the OC curve approaches its ideal form as 77- 
increases. These curves reveal that the largest sample gives the most discrimi¬ 
nating test—the most nearly ideal test. 

DETERMINING n FOR FIXED a AND 0 

Having noted the effects upon j3 of changing n, with a fixed, we can see why an 
appropriate sample size can be found so that prescribed a and ft risks can be met. 

Suppose that in the salesmen's commission illustration evaluated in Section 
10.3 the management of the floor-wax factory decides that remedial actions are 
required if its salesmen's monthly mean commission is $560, and that no remedial 
action will be taken if the mean is greater than this figure. Furthermore, suppose 
that the management is willing to assume an a risk of 0.05 and a ft risk of 0.10. 
Then the decision framework can be summarized as follows: 


Action 

State of Nature 

Ho: fio — 600 

Hr. Ml = 560 

A\. No remedial action 
Ar Remedial action 

Correct decision 
a - 0.05 

p = 0.10 
Correct decision 


To determine the required sample size, we first note that Ho will be rejected 
if and only if 


(1) x < K — }j,o = 600 


80 _ 132 

1.65—= = 600 - T 

V n Vn 


Next, recall that fi is the probability of accepting the null hypothesis when the 
alternative hypothesis is true. In this case, where fi is specified to be 0.10, Ho will 
be accepted only if 

80 102.4 

(2) x > K = mi + V* = 560 + 1.28 -—= = 560 + —== 

V n V n 
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Note that Zp — 1.28 here, since 10 percent of the values of x are located ai the tail 
end of the density curve for x about 1.28 standard errors away from E(x) = 560. 

Finally, the values of n and K that will satisfy both of these two equations 
will furnish us with a basis for our decision rule. We can solve for n by equating 
both expressions for K as follows: 


600 


132 


= 560 + 


102.4 


V 


n 


40 


132 + 102.4 

\/n 


r 234.4 
Vn = —ttt = 5.86 
40 


34.34 or 35 


The critical value for x can now be found by substituting n into either of the 
two equations for K. For example, 


102.4 102.4 

K = 560 + - 7 = = 560 + ——— 
V35 o.91608 


- 577.31 


With n and K so determined, the decision rule may now be stated: (1) Take 
a random sample of size n — 35; ( 2 ) compute the sample mean; (3) if x > $577.31, 
take A\\ no remedial actions are required (the probability that this action may 
be the wrong one is j3 = 0 . 10 ); (4) if x < $577.31, take A 2 : start remedial actions 
(the probability that this is the wrong decision is a = 0.05). 

To verify that n and K, determined before, can satisfy the desired a and (3 
risks, we note that 


a = P(Reject Ho given that Ho is true) = P(x < 577.311m = 600) 

■ 005 

\ 80/V 35 / 

and that 

jS = P(Accept Ho given that Pi is true) = P(x > 577.31 |/x — 560) 

= 1 - A f f 577 - 31 ~j 60 ) = l - i\T(1.28) = 1 - 0.8980 = 0.10 
\ 80/V35 / 


In deciding whether a lot of 100,000 rifles should be accepted, the U. S. Army 
adopts the following decision rule: If only 1 percent of the lot is defective, accept. 
If 3 percent of the rifles in the lot are defective, reject. If the defective rifles 
comprise more than 1 percent or less than 3 percent of the lot, take another sample 
before making a final decision. Now, suppose we focus our attention on acceptance 
or rejection of the lot only; then the pertinent hypotheses become 

Ho’, t r = 0.01 

Pi: t = 0.03 
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Furthermore, if we assume that the Army is willing to take a risk of 0.01 to reject 
a useful lot, and to take a risk of 0.05 to accept a lot in which 3 percent of the 
items are defective, then the a and jS errors are as shown below: 



State of Nature 

Action 

7T0 = 0.01 

7T1 = 0.03 

Ai: Accept 

A 2 : Reject 

Correct decision 
a = 0.01 

/3 = 0.05 
Correct decision 


With a = 0.01, H o will be rejected if and only if 


V > K = TO + z^a p = 0.01 + 2.33 J ^ 01)( °' 99) = 0.01 ' °' 2318 


With 0 = 0.05, Ho will be accepted if and only if 
V < K = 7T! - Vp = 0.03 - 1.65 ^ 0,01)(0 ' 99) 


= 0.03 - 


V i 


0.1642 


n 


\/1 


Solving these two equations simultaneously, we find 

n = 392 


and 


K = 0.022 


Thus, the stipulation that cl = 0.01 and (3 = 0.05 can be met by taking a 
random sample of 392 (size n). With this rule, A x (accept the lot) should be taken 
if P < 0.022, and A 2 (reject the lot) should be taken if p > 0.022. 

A process adjusted to fill seasoned tomatoes into cans is said to be in control if 
the net weight in each can is within the range of 16 ounces + 1 ounce. According 
to past experience, the standard deviation is quite stable and is equal to 0.5 ounces. 
When the process is in control, it is left alone; when the process is out of control, it 
is stopped so that adjustment can be made. To check whether the process is in 
control, from time to time, how large a sample should be taken if the management 
is willing to assume an a risk of 0.01 and a /3 risk of 0.05? 

First, let us first summarize the decision framework here as follows: 


Action 

State of Nature 

a. 

O 

*-0 

II 

So 

II 

O 

Ai: Leave the process 
alone 

A 2 : Stop the process 

Correct p = 0.05 

a =0.01 Correct 
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The a risk in this case is the probability of stopping the process when ,u = 16. 
This has been set at 0.01. To commit this mistake is to reject F 0 ; with a two-sided 
alternative, H 0 will be rejected if and only if 


x < K i = 16 - 2.58 


0.5 
a/ n 


1G 


1.29 

a /n 


or 


0.5 

x > K 2 = 16 + 2.58 - 7 = 

V n 


16 + 


1.29 
a/ n 


These are the relationships n, K h and K 2 must satisfy in order to meet the 
required probability, 0 . 01 , for stopping the process. 

When we direct our attention to (3, we note that (3 now is the probability of 
leaving the process alone when ^ = 15 or when ^ = 17. Since j3 is set at 0.05, the 
management is willing to assume the risk of leaving the process alone 2,5 percent of 
the time if ju = 15, and it is willing to assume the same risk (at the level of 0.025) 
if n = 17. But this error of the second kind is committed only if H 0 is accepted, 
and the acceptance of H 0 requires that 


or that 


x > K i 


0.5 

15 + 1.96 —= 

V n 


15 + 


0.98 

a/ n 


x < K 2 = 17 - 1.96 


0.5 

a/ n 


17 


0.98 

a/ n 


We now have two equations for each of the two critical values. The required 
sample size can be obtained by equating either the pair of expressions for Ki or 
that for K 2 . Thus, for example, by equating the two statements for K\, we have 


16 - 


1.29 
a/ n 


15 + ^ 
V n 


A /n = 2.27 n = 5 


The critical values may be found by substituting n into either pair of the equa¬ 
tions for K i and K 2 . 


K x = 15 + ^ 
V5 

= 15 + 0.43 
= 15.43 ounces 




17 - 


0.98 


a/ 5 

= 17 - 0.43 
= 16.57 


The decision rule for this example may now be summarized as follows: (1) 
Take a random sample of 5 cans from the production line, say, every hour, and 
determine the average weight of the contents; (2) if this average is between 15.43 
and 16.57 ounces, leave the process alone; (3) if this average is either less than 
15.43 or greater than 16.57 ounces, stop the process for readjustment. 

To conclude our discussion on the determination of the sample size and the 
critical value (or values) so that given levels of a and j3 can be satisfied, we may 
make the following generalizations: 
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First, when we are concerned with a right-tail test we focus attention on two 
states of the world, 0 O and 0i, but with 0 O < 0i, the general expressions for deter¬ 
mining n and K, are given as 

K = 0 O - Z a SE(d) 

K = 0i -f- ZpSE(6) 

Second, when we are concerned with a left-tail test we also focus attention on 
two states of the world, but with 0 O > 0i, the equations yielding n and K then 
become 

K. = 0o d - -aSE(d) 

K = 6i — ZpSE(d) 

Finally, when we conduct a two-tail test, we focus our attention on three 
states of the world, with 0 O for the null hypothesis and 0 X and 0 2 for the alternative 
hypothesis, with 0i < 0 O < 02- The general procedure is to let the two alternative 
values be equidistant but in opposite directions from 0 O . With this procedure, the 
specified value of a is distributed equally at both tail ends of the testing statistic, 
with E(6) = 0 O - The specified value of 0 is also equally divided; half is located at 
the right-tail end for the distribution of the testing statistic with E(6) = 0i, and 
half is located at the left-tail end of the distribution of the testing statistic with 
E(Q) = 0 2 . For convenience, we may call the first and second parts of 0, 0 X and 
02, respectively. Now, when a and 0 risks are specified, then n, K i, and K 2 can be 
determined from the following equations: 

Ki = 0o - Z a/2 SE(d) 

K* = 0 O + Z^izSEid) 

K\ = 0i —f— Z^SE(6) 

K 2 = 0 2 — Zp 2 SE(6) 

In this set and in the previous two sets of equations, Z is the value of the standard 
normal deviate for an area, in one or both tails, equal to a or to 0. Furthermore, 
all these expressions are suggested by those which we used to determine critical 
regions as summarized in Tables 10.4 and 10.5. 


Glossary of Formulas 


( 10 . 1 ) <* = P(Hi\H 0 ) = P{A 2 \H o ) = P(I) a is the level of significance of a statistical test. 
It is the probability of committing a Type I error. Type I error is the rejection of the null hypoth¬ 
esis (or acceptance of the alternative hypothesis) when H 0 is in fact true. When a Type I error 
is made, the decision procedure will lead to taking the wrong action, A 2 . 

(10.2) 0 = P(H 0 \Hi) = P(A l \H 1 ) = P(II) The probability of committing a Type II error is 
called 0. Type II error refers to the acceptance of a false null hypothesis. To make an error of 
the second kind will lead to the wrong action, A i. 

(10.3) Power function =1—0 The power function of a test is the likelihood function for 
the critical region of the test and is related to Type II error, which is the probability of rejecting 
H 0 when Hi is true. Thus, the power of a test is the probability of making the correct decision. 
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(10.4) K = 6 o + Zi- a SE(d) and (10.5) 

In testing against a right-tail alternative, H 0 is rejected if and only if the testing statistic has a 
value greater than K as defined by (10.4), or if and only if Z > Z x _ a as defined by (10.5). In 
both expressions, Zi_« refers to the area at the upper tail of the density curve for the testing 
statistic which is equal to «. The testing statistic is normally distributed under the assumption 
that H o is true and Z is a standard normal variable. 

0 _ 0 

(10.6) K = e o - Z*SE($) and (10.7) < Z a 

The critical region for a left-tail test is defined by a critical value of the testing statistic which 
is less than K as defined by (10.6), or less than Z a as given by (10.7). Z a here refers to the area 
at the left-tail end of the density curve for 0, which is equal to a. Again, Z is assumed to be a 
standard normal variable. 

(10.8a) K x = 0 O - Z al2 SE(6) and (10.8b) K* = 0 O + Z x - a nSE0) 

For a two-tail test, the critical region is defined for 6 < K x and for 0 > K 2 . Common practice is 
to distribute a equally at both tail ends of the distribution of 0. 


(10 ' 9a) im K and (10 - 9b) m> > z -'* 

These two expressions define the critical region for a two-tail test in terms of the standard 
normal distribution. Now, H 0 is rejected if and only if Z < Z a /2 or Z > Zx- a n- 


( 10 . 10 ) &a p 


-V 


P( 1 - v) 


n i + n% 
n x n 2 


This is an estimate for the standard error of a difference 


between two sample proportions. This formula is derived by assuming tt x = tt 2 = ir which, 
furthermore, is estimated by a weighted average between the two sample proportions defined 

as p = (n x p x + n 2 p 2 )/{n x + n 2 ). 

( K - 


This expression is employed to calculate /3 when we are con- 


ducting a left-tail test; here 6 X may be any one of the possible simple hypotheses in the com¬ 
posite H x . 


(K - 0i\ 

of the right-tail variety. 

( 10 . 13 ) j8 = N 


The formula for computing j8 when the alternative hypothesis is 


V SE(S) ) \ SEW J 


With a two-sided test, j8 is calculated by this 


expression. 


Problems 


10.1 Differentiate the following pairs of con¬ 
cepts: (a) Type I and Type II errors; (b) null 
and alternative hypotheses; (c) a and /3 risks; 

(d) critical region and region of acceptance; and 

(e) confidence level and level of significance. 

10.2 How does a single-tail test differ from a 
two-tail test? 


10.3 Why is it possible, given the sample size, 
to adjust Type I and Type II errors properly by 
specifying the level of significance alone? How 
is it done? 

10.4 What do we mean by "the uniformly 
most powerful test”? Why is there no uni¬ 
formly most powerful test for a two-sided test? 
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10.5 What is the justification for the common 
practice of specifying a alone without explicit 
evaluation of p in statistical tests? 

10.6 Sketch the ideal power and OC curves 
for an upper-tail test. 

10.7 How is the power function related to the 
OC function? Are they different functions? 
Explain. 

10.8 Why is a single-tail test biased, while a 
two-tail test is unbiased? 

10.9 Given the level of significance, how is 
the power of a test affected by increasing 
sample size? Explain. 

10.10 What generalizations, if any, can you 
make about the different ways of formulating 
null and alternative hypotheses, as developed 
in this chapter, in the following three cases? 
(1) Tests with a and n given without evaluating 
/3. (2) Tests with a and /3 given with evaluation 
of jg. (3) Tests with a and /3 specified with 
varying n. 

10.11 We suspect that the IQs of the stu¬ 
dents at a certain college tend to run above 
the national average of 100. It is also known, 
according to past experience, that IQ is nor¬ 
mally distributed with <x = 10. 

a. If we wish to verify this by statistical testing, 
how should the null and the alternative hypoth¬ 
eses be formulated? 

b. If a random sample of size n = 25 is drawn 
from the student body of the college and a 
mean IQ of 104 is observed, what conclusion 
can we make with a = 0.01? 

10.12 Medical reports have linked cigarette 
smoking with lung cancer and other ill effects. 
Suppose it is known to the cigarette producers 
that before these reports the adult smokers in 
this country had smoked 10 cigarettes per day 
on the average, with a standard deviation of 
1.5 cigarettes. The producers are anxious to 
evaluate the effects of the medical reports 
upon the cigarette consumption of adult 
smokers. To do this, suppose that they have 
drawn a simple random sample of 144 adult 
smokers throughout the country and found 
that the sample mean was 8.5 cigarettes per 
day. How should the null and the alternative 
hypotheses be designated in this case? What 
conclusion can you draw with a = 0.01 and in 
accordance with your hypotheses? 

10.13 The Transit Authority of New York City 
uses tens of thousands of light bulbs every 


year. The brand that has been used up to now 
has a mean life of 1000 hours with a standard 
deviation of 90 hours. A new brand is offered to 
the Transit Authority at a price much lower 
than what it has been paying. The Authority 
decides that the new brand should be bought 
now, unless it has a mean life of less than 
1000 hours at a level of significance of 0.05. 
Subsequently, 100 bulbs of the new brand are 
tested, yielding an average of 990 hours. 
Assuming that the standard deviation for the 
new brand is the same as that for the old, 
what should be the decision of the Transit 
Authority? 

10.14 Forty-nine American soldiers observed 
at random yield a mean weight of 160 pounds, 
with a standard deviation (s) of 11 pounds. 
Are these observations consistent with the 
assumption that the mean weight of all Ameri¬ 
can soldiers is 170 pounds? 

10.15 In order for a manufactured part to fit 
other parts, a certain critical dimension is 
designed to be 5 inches. The variance of the 
manufacturing process is known to be 0.0064 
inches 2 . If a given day’s sample of 49 yields 
x = 5.05, what is the 95 percent confidence 
interval for /-*? In view of this interval, should 
the null hypothesis, /u 0 = 5, be rejected in 
favor of the alternative hypothesis, m ^ 5? 

10.16 Certain steel pipes are supposed to 
have a mean outside diameter of 10 inches 
with a standard deviation of 0.018 inches. We 
wish to test H 0 : ^ = 10 against H x \ ^ ^ 10. If 
x = 9.94 for a given day’s sample of 36 pipes, 
what is the corresponding 99 percent confi¬ 
dence interval for n? Does this interval indi¬ 
cate the rejection or acceptance of the null 
hypothesis at a = 0.01? 

10.17 A manufacturer claimed that at least 
90 percent of the machine parts that it sup¬ 
plied to a factory conformed to specifications. 
An examination of 200 such parts revealed 
that 160 parts were not faulty. Determine if 
the manufacturer’s claim is legitimate at the 
1 percent level of significance. 

10.18 A dairy is contemplating a change of 
its milk containers from glass to paper. The 
change will not be made, however, unless at 
least 70 percent of its customers so prefer. 
When a survey is made of 200 of its customers, 
120 of them are in favor of the change. How 
should the dairy decide if it is willing to assume 
an a risk of 0.05? 


10.19 A pair of dice is tossed 100 times and 
“sevens” turn up 23 times. Test the hypoth¬ 
esis that the dice are fair at a = 0.05. 

10.20 A man who plans to open a restaurant 
near a residential district of a certain city tells 
the bank, from which he wishes to borrow the 
necessary capital, that at least 50 percent of 
the residents in the district will patronize his 
restaurant from time to time after it opens. 
Suppose you are the loan officer in the bank 
and wish to verify this claim at a = 0.05. 
Furthermore, suppose that in a random sam¬ 
ple of 50 residents in the district, 44 percent 
indicate their intention to patronize the pro¬ 
posed restaurant. 

a. What conclusions would you draw from the 
above result? 

b. Suppose the sample had been 200 instead 
of 50, and the sample proportion were still 
0.44, would you conclude differently? 

c. Discuss the limitations of statistical testing 
in the light of your answers to (a) and (b). 

10.21 A sample of 80 steel wires produced by 
Factory A yields a mean breaking strength of 
1230 pounds, with a standard deviation of 120 
pounds. A sample of 100 steel wires produced 
by Factory B yields a mean breaking strength 
of 1190 pounds, with a standard deviation of 
90 pounds. Is there a real difference in mean 
strengths of the two makes of steel wires at 
a = 0.05? 

10.22 An examination was given to 50 seniors 
at College A and to 60 seniors at College B. At 
A, the mean grade was 75 with a standard devi¬ 
ation of 9. At B, the mean grade was 79 with a 
standard deviation of 7. Is there a significant 
difference between the performances of the 
students at A and those at B, given that 

a. = 0.05? a = 0.01? 

10.23 For data in problem 10.21, is the mean 
breaking strength of Make A steel wire sig¬ 
nificantly greater than that of Make B steel 
wire at the 5 percent level of significance? 

10.24 For data in problem 10.22, is the per¬ 
formance of students at College A significantly 
worse than that of students at College B, with 
a = 0.05? with a = 0.01? 

10.25 The packaging machinery in a dry- 
cereal firm is known to pour dry cereal into 
economy-size boxes with a standard devia¬ 
tion of 0.6 ounces. Constant checks of the 
net weights in the boxes are made in order 
to maintain the adjustment of the machinery 
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that controls the net contents. Two samples 
taken on two different dates yield the following 
information: 

First Sample Second Sample 

n i = 30 n-z = 35 

Xi = 18.7 ounces x 2 = 21.9 ounces 

Use a = 0.05 throughout in answering the 
following questions: 

a. Test the hypothesis that, on the first date, 
the machine was adjusted to fill 20 ounces. 

b. Test the hypothesis that, bn the second 
date, the machine was adjusted to fill 20 
ounces. 

c. Test the hypothesis that there was no 
change in the adjustment of the machine 
between the two dates. 

d. What is the relationship of your answer to 
(c) and the answers to (a) and (b)? 

10.26 A random sample of 100 men was 
selected from New York State in 1967 and 60 
were found to be in favor of a “more modern” 
divorce law. A random sample of 100 women 
selected from the same state at the same 
time revealed that 40 were in favor of such a 
new law. Is the proportion of men favoring a 
new divorce law greater than that of women 
in the said state, given that « = 0.05? given 
that« = 0.01? 

10.27 To determine whether a certain type of 
fertilizer is effective, 100 plants out of 500 are 
left unfertilized. Of the 100, 52 are found to 
have satisfactory growth, and out of 400 
fertilized plants, 275 are found satisfactory. 
What conclusion can you draw at a = 0.05? 
0 . 01 ? 

10.28 Two groups of certain type of patients, 
A and B, each consisting of 200 people, are 
used to test the effectiveness of a new serum. 
Both groups are treated identically except 
that Group A is given the serum while Group 
B is not. It is found that 140 and 120 of Groups 
A and B, respectively, recover from the dis¬ 
ease. Is this observed result sufficient evi¬ 
dence for the conclusion that the new serum 
helps to cure the disease if we are willing to 
assume an a risk of 0.01? 

10.29 During the spring of 1968, students in 
one of this author’s classes were instructed 
to conduct a survey in New York City of the 
voters’ reactions toward various policies of 
the national Democrat administration, and the 
following results were obtained: 
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Satisfied with the 
Administration’s: 

Men 

Women 

(n i = 500) 

(ri 2 = 400) 

Vietnam policy 

210 

145 

Civil Rights policy 

397 

232 

Space policy 

311 

111 

Economic policy 

278 

189 

Defense policy 

286 

192 


a. Assuming that the samples are random, do 
you think there is a significant difference, at 
a = 0.05, between the reactions of men and 
women toward each of the policies mentioned 
above? 

b. What conclusions can you make insofar as 
all New Yorkers’ reactions toward these poli¬ 
cies are concerned? 

10.30 The resistance of steel wires of a cer¬ 
tain make is known to have a standard devia¬ 
tion of 0.02 ohms. A factory decides to buy 
this make of wire if the mean resistance per 
unit length is 0.4 ohms or more, and decides 
not to buy it if the mean resistance is less 
than 0.4 ohms. Furthermore, the factory man¬ 
agement desires a decision rule such that 
a = 0.05 and n = 100. 

a. State the appropriate hypotheses. 

b. Show the a and (3 errors schematically. 

c. Establish the decision rule. 

d. Construct the power and OC curves for this 
test. 

10.31 A company manufactures cables whose 
breaking strengths have a mean of 100 pounds 
and a standard deviation of 6 pounds. A newly 
developed manufacturing process is believed 
to be both more efficient and capable of in¬ 
creasing the mean strength. The company 
wishes to adopt the new process if it is indeed 
more efficient, and decides to check—at the 1 
percent level of significance—25 cables pro¬ 
duced by the process. 

a. State the appropriate hypotheses. 

b. Show the a and /3 errors schematically. 

c. Establish the decision rule. 

d. Construct the power and OC curves for this 
test. 

10.32 Rework the preceding problem on the 
basis of testing 100 cables. What conclusions 
can you draw regarding the power of test when 
sample sizes are increased? 

10.33 In a manufactured part that is to fit other 
parts, a certain critical dimension is designed 


to be 4.6 inches. The variability in manufactur¬ 
ing is indicated by a variance of 0.25 in 2 . The 
process is considered to be in control and is 
continued if it produces this part with a mean 
of 4.6 inches for the critical dimension. Other¬ 
wise, the process is considered out of control 
and it is stopped. To check whether the proc¬ 
ess is in control, the plant statistician is satis¬ 
fied with a = 0.05 and n = 25, taken every 
other hour. 

a. Formulate the appropriate hypotheses. 

b. Show the a and /3 errors schematically. 

c. Establish the decision rule. 

d. Construct the power and OC curves. 

10.34 A manufacturer who produces flash¬ 
light batteries considers that his process is 
in control when the mean life of his product 
is 35 hours, and out of control when the mean 
life is not 35 hours. The process is known to 
have a variance of 36 hr 2 . Establish a deci¬ 
sion rule for checking this process with 
a = 0.05 and n = 36, and construct the power 
and OC curves for it. 

10.35 A department store has set up this 
criterion for accepting or rejecting shipments 
of purchases: A shipment is accepted if 5 per¬ 
cent or less of the items are defective; other¬ 
wise, the shipment is rejected. The criteria 
also specify that a should be 0.05 and n should 
be 100. 

a. Formulate the appropriate hypotheses. 

b. Show the a and 0 risks schematically. 

c. Establish the decision rule. 

d. Construct the power and OC curves. 

10.36 Rework the preceding problem by using 
a = 0.01. Compare your results with those in 
the last problem in connection with the rela¬ 
tionship between a and /3 when n is fixed. 

10.37 The U.S. Navy decides to accept a 
shipment of 200,000 raincoats if the percent¬ 
age of defectives in the lot is less than 10. 
Furthermore, the Navy is anxious to accept 
the lot and is willing, by observing a random 
sample of 1500 selected from the lot, to assume 
a risk of 0.05 of rejecting the shipment which 
meets its specification. How should the hypoth¬ 
eses be stated in this case? What is the deci¬ 
sion rule for this test? What are the values of 
the OC function for m = 0.12? 0.11? 0.10? 0.09? 
0.08? 0.07? 0.05? 

10.38 To test the hypothesis that a coin is 
fair, the following decision rule is adopted: (1) 
Accept the hypothesis if the number of heads 
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in 100 tosses is between 40 and 60 inclusive; 
(2) reject the hypothesis otherwise. 

a. What is the alternative hypothesis? 

b. What is the value of a for this test? 

c. What are the critical values for this decision 
rule in terms of a normal distribution? 

d. How should jS risks be calculated in this 
case? 

e. Calculate f3 for xi = 0.1, 0.2, 0.3, 0.4, 0.5, 
0.6, 0.7, 0.8, and 0.9. 

10.39 Rework the last problem under the 
assumptions that a = 0.10 and that critical 
values are to be determined. 

10.40 In planning whether or not to have a 
branch in a certain city, the management of a 
department store has set up the following cri¬ 
teria: Build the branch if the mean monthly 
family income in that city is $500; do not build 
it if the mean monthly income is $450; « = 0.05 
and (3 — 0.10. Establish the decision rule (that 
is, find the critical value and sample size) for 
this case (assuming <r = $90.00). 

10.41 The variability in manufacturing a cer¬ 
tain part for wall clocks is indicated by a 
standard deviation of 0.02 inches, which, 
according to past experience, remains stable. 
This part is specified to have an outside 
diameter of 2.06 ± 0.03 inches. When this 
specification is not met the production process 
is considered out of control, and it must be 


stopped for adjustment. If a — 0.01 and 
0 = 0.10, how large a sample is required for 
the purpose of checking whether or not the 
process is in control? What are the critical 
values for this decision rule? 

10.42 A manufacturer who produces bolts 
considers his process in control if the average 
diameter is 12 cm. and if the individual bolts 
do not deviate from this mean diameter by 
more than 1 cm. The standard deviation is 
known to be 0.25 cm. Given that a. — 0.01 and 
0 = 0.05, what are the required sample size 
and critical values for checking whether or not 
the manufacturer's process is in control? 

10.43 Suppose, with reference to a binomial 
population, we wish to test H 0 : x = 0.4 against 
Hi: x = 0.6. Furthermore, suppose we would 
like to have a = 0.01 and 0 = 0.10; how large 
should the sample be? What is the critical 
value? 

10.44 Suppose that the President of the 
United States would introduce legislation for 
socialized medicine if sample results indicated 
that 70 percent of the voters desired it, and 
would not introduce such legislation if sample 
results indicated that 50 percent of the voters 
desired it. Furthermore, suppose that he 
would like to assume an a risk of 0.01 and a j8 
risk of 0.05. How large a sample is required? 
What is the critical value for this decision rule? 
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SAMPLING 

AND 

SAMPLING 

DESIGNS 


11.1 

Sampling and Reasons 
for Sampling 


, In this chapter we shall introduce the 

elements of sampling and alternative sampling designs. These topics are retro- 
spective m the sense that they should be considered once the decision problem 
is defined m statistical terms and before data are collected. We have waited until 
now to discuss them because the student can more readily understand and appre¬ 
ciate some of the concepts connected with these topics when he knows something 
about probability and decision procedures. 

Sampling is simply the process of learning about the population on the basis 
ol a sample drawn from it. As such, its study includes a wide territory, as suggested 
by the following series of questions : 

1. What are the reasons for sampling? 

2. What is the theoretical basis for sampling? 

3. How should samples be designed? 

4. What are the methods of collecting sample data? 

5. How can information desired be squeezed out from sample data? 

6. How can sample information be utilized to draw conclusions about the 
parent population? 

7 . How can the reliability of generalizations made about the population from 
the sample be evaluated or measured? 
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From this list, it can be seen that sampling is practically identical with the 
statistical procedure as defined in Chapter 1; moreover, most of these topics have 
already been taken up previously. Organization of data and computations of 
sample statistics were studied in Chapters 2, 3, and 4. Problems of making 
inferences from samples about their parent populations and inductive conclusions 
are evaluated in terms of probability and theoretical probability distributions, 
which were covered by Chapters 5 through 10. What is left for analysis in this 
chapter is therefore the search for answers to the first three questions posed in the 
foregoing list. 

Let us start with the question, What are the reasons for sampling? 

With the great strides made in the theory of sampling during the past few 
decades, it is now possible to measure properties of mass data with calculated 
accuracy on the basis of samples. Consequently, today nearly all statistical sur¬ 
veys, whether they are for decision making in business, for policy formulation in 
government, or for the development of social and economic theories, are samplings. 

Besides the fact that reliable results can be obtained from sound sampling 
procedures, there are other important reasons for their wide adoption. In the 
first place, populations under investigation may be infinite, and in such cases 
sampling is the only possible procedure. Furthermore, even in the case of a finite 
population, very often it may be found that sampling is the only practical proce¬ 
dure. This is so because a finite population may consist of tens of thousands or 
even millions of elements and its complete enumeration is practically impossible. 
Consider the case of consumers’ preferences for the styling of automobiles or the 
case of the outcome of a presidential election. The population of the first includes 
millions of automobile buyers and that of the second contains tens of millions of 
the eligible voters. If a census were to be taken of either population, the costs of 
locating, visiting, and interviewing would be prohibitive. 

Also, the measurement of a population often requires the destruction of the 
elements in it. For example, if the producer wants to find out whether the tensile 
strength of a lot of steel wires meets the specified standard, pressure is put on the 
steel wire until it breaks. A census then would mean complete destruction of all 
the steel wires, and there would be no products left after the completion of 
examination. 

What should not be forgotten, either, is that for many types of data the popu¬ 
lation is not accessible. In practice, we have to deal with whatever part of the data 
is available. In time series analysis, for instance, studies are inevitably made of 
samples because only since the recent past have reliable data been available. It 
may be possible to extend the record of earlier dates but this can be done only by 
introducing more serious errors due to the unreliability of the data and without 
much reduction in sampling error. Obviously, we can extend the record into the 
future only by waiting patiently and watchfully. 

Finally, even when it is financially, practically, and physically possible to 
observe the entire population, sampling may still be the most efficient procedure. 
Results obtained by the study of samples may be just as or even more accurate 
than the findings from a complete count of the universe. As will, be explained 
presently, any statistical survey—sampling or census—always contains some 
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error. Statistical errors are of two kinds: nonsampling and sampling. Nonsampling 
error is usually large for a census but it can be reduced greatly with well-exercised 
sampling. Moreover, nonsampling error cannot be estimated whereas the measure¬ 
ment of sampling error is possible. For these reasons, not. only may the total error 
be expected to be smaller in a sample survey but sample results can also be used 
with a greater degree of confidence because of our knowledge of the probable size 
of the error. This point is vividly illustrated by the effective use of samples by the 
Bureau of Census to check the accuracy of the census. 

In concluding these introductory remarks, we may point out that all the 
reasons for sampling may be summarized by a general principle: In dealing with 
numerical data there always comes a point beyond which the increase in informa¬ 
tion from additional observations is not worth the increase in costs. 


11.2 

Theoretical Basis 
of Sampling 


In sampling we find a powerful instru¬ 
ment with which to predict and generalize the behavior of mass phenomena. It is 
indeed a great scientific achievement “toward an intellectual mastery of the world 
around us,” commented Roy Jastram in Elements of Statistical Inference, “to 
generalize logically and precisely about thousands of values which we have not 
seen, simply upon the evidence afforded by, say, fifty or a hundred of those 
values.” The theory of sampling that makes possible this kind of inference has as 
its foundation the permanent characteristics of mass data, which can be sum¬ 
marized simply and precisely by the phrase “diversity in unity.” 

On the one hand, the elementary units of any population are affected by a 
multiplicity of forces. This vast complex of forces, moreover, though related, acts 
upon the individual elements with a considerable degree of independence. These 
causes explain variations from unit to unit in the population. We thus find that 
brothers, although similar in most respects, may differ from each other, with 
varying degrees, in personality, temperament, habits, intelligence, physical fea¬ 
tures, and so forth. Oranges from the same tree may differ in size, in color, in 
weight, and in sweetness. Differences in diameters, in weight, in tensile strength, 
and in length always exist among steel bars coming off the same production 
process. No golf player has ever driven a ball exactly the same distance twice. In 
the stock market, on any day, one finds that some stock prices increase, others 
decrease, and still others remain relatively unchanged. And so on—the list can 
be extended indefinitely. 

Although diversity is a universal quality of mass data, there is no statistical 
population whose elements would vary from each other without limit. Thus, rice 
varies, to a limited extent, in length, weight, color, protein content, and so forth, 
but it can always be identified as rice. Adolescents in a human population may 
differ from each other in height, but no ordinary individual is as short as, say, 
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three feet or as tall as, say, eight feet. Economic goods can never have prices as 
low as zero and, practically, they can never have prices that are beyond the reach 

of even millionaires. # . . 

The facts that any population has characteristic properties and that variations 
in its elements are definitely limited make it possible for us to select a relatively 
small, unbiased random sample that can portray fairly well the traits of the 

population, . 

Another interesting and important property of mass data is regularity or 
uniformity. The related but independent forces, which produce variability in a 
population, are often so balanced and concentrated that they tend to generate 
equal values above and below some central value around which most of the values 
tend to cluster. In any school, both “A” and “F” students are in the minority, but 
most are “C” students. Balances of savings accounts in any bank may vary from 
a few dollars to over ten thousand. However, only a small number of the balances 
would be less than $100 or more than $10,000, and the majority would cluster 
within a small range somewhere between these two values. Most business firms 
carrying the same line of merchandise usually stock their inventories at some 
intermediate level; few would adopt a high or a low inventory policy. The con¬ 
centration of inventory size at some intermediate level is the result of tiial and 
error. Those who keep inventories too low would often be out of stock and those 
keeping inventories too high would lose interest on tied-up capital or suffer 
physical depreciation and obsolescence of merchandise. Thus, paradoxically, the 
individual items in a population tend to vary from each other and at the same 
time to conform to some mass standards. We have therefore both diversity and 
uniformity in mass data. 

Because of statistical regularity, if a large random sample is selected, charac¬ 
teristics of this sample will differ very little from those in the population. Because 
of diversity, if a number of random samples are taken, although quite similar 
in many respects (because of uniformity), the samples can never have strict 

regularity. 

Uniformity or regularity refers to the tendency of the measurable character¬ 
istics to cluster around some “center of gravity.” The measure for such a central 
tendency, as you may recall, is an average from which individual observations 
diverge in some definite pattern. 

Averages are more stable than individual values. Moreover, averages become 
more stable when more observations are included in the sample. Thus if a coin is 
tossed ten times, it may come up all heads or no heads at all. If a coin is tossed 
twenty or thirty times, however, such extreme occurrences are less likely. When 
the number of trials is increased infinitely, we would eventually approach the 
completely stable limit of half heads and half tails. Again, the number of highway 
traffic accidents per month in any state or group of states selected at random may 
be considerably larger this year than it was last. It is also conceivable that there 
are still other states with high monthly rates of highway accidents and that the 
number of states with large accident increases in this year’s count is not entirely 
offset by decreases. However, the relative variation in all states will decrease when 
more states are considered; it may therefore be stated that the total number of 
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traffic accidents in all states fluctuates much less than the number of traffic acci¬ 
dents in a single state or in a small group of states. 

These examples illustrate the most important property of large numbers. That 
is> the behavior of large numbers tends to be uniform and stable. This is the 
famous law of large numbers in brief. To state this law more explicitly in connection 
with the theory of sampling, we may say that although samples vary, averages 
vary less in large samples than in small ones, all taken from the same population. 
There are at least two implications of this law that are of fundamental significance 
to the dependability of samples and the adequacy of sampling methods: 

(1) If a larger and larger random sample is drawn from the same population, 
the characteristics of each enlarged sample—that is, averages, variations, skew¬ 
ness, and so on will tend to differ less and less from the characteristics of the 
population; that is, the larger the sample the more representative it is of the 
population. 

(2) If a large number of large random samples is taken from the same popula¬ 
tion, not only will each sample differ from the population very little but the 
samples themselves will differ very little from each other; that is, the averages of 
large random samples will tend to cluster around the population average within 
a small range. 

Stability of large numbers, therefore, makes it possible to determine the size 
of sample in order that its characteristics may, within prescribed limits of pre¬ 
cision, be attributed to the whole population. 

In practice, in making inferences we usually take only one sample. Whether 
the sample is large or small, we are almost certain that its characteristics are not 
exactly those of the population. How can we be sure, then, about the degree of 
dependability of our conclusions? The answer to such a question is “Randomness.” 
Objective measurement of sampling errors requires that the sample be random. 
Nearly any method of sampling has some pattern of variability. But the nature of 
the underlying frequency distribution may be known only if the sampling is 
random. This is so because this knowledge can be obtained only by applying the 
mathematical laws of probability, which, in turn, can be applied only to random 
samples. 

Let us now summarize this section: (1) A random sample may be expected to 
represent its parent population fairly well because every population has relatively 
fixed traits and definitely limited variations. (2) Random samples selected from 
the same population will have much in common but they can never be expected 
to have strict uniformity because of the universal property of diversity in unity 
of mass data. (3) A large sample will differ less than a small sample from the 
parent population, and when samples become larger the variability among them 
will also decrease because of stability in large numbers. (4) Sampling variability 
can be measured if and only if the sampling is random because the laws of proba¬ 
bility are applicable to random samples and thus make it possible to know the 
nature of the underlying frequency distribution in terms of which the sample 
results must be interpreted and evaluated. 
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11.3 

Basic Concepts 
of Sampling 


A number of technical terms associated 
with the theory of sampling must be properly understood. Some of them have 
already been introduced but now we should have a closer look at them. 

THE FRAME OR THE SAMPLED POPULATION 

The definition of the population in connection with a given problem situation, as 
pointed out in Chapter 1, is in a sense the identification of elementary units in the 
population. Elementary units must be precisely defined and identified before we 
can observe them. Once this is done we would then have some idea whether or not 
the definition of the population is operationally feasible; for example, whether or 
not the population is accessible. 

In many problem situations, access to the population presents no problem. 
If, for instance, we wish to evaluate the quality of a production process, the 
elementary units would be the outputs being turned out continuously by the 
process. Again, if we would like to determine the feelings of employees of a firm 
toward a contemplated managerial policy affecting their well-being, the elemen¬ 
tary units would be all the workers in the firm. Occasions may arise, however, when 
the population may be easily defined but its elementary units may be quite diffi¬ 
cult to locate. For example, a population may be defined as all makes of television 
sets in use, but we may not know exactly where all the television sets are located. 

Whenever access to the population presents difficulties, the first thing we must 
do is prepare some sort of list from which to identify the elementary units. Such 
a list may be called the frame, or the working population, or the sampled popula¬ 
tion. The last two names suggest that the frame is the operationally feasible 
population or the population that can actually be sampled. In contrast, the 
population originally defined or the population we intend to sample is referred 
to as the target population. 

The target population may or may not be the sampled population. The success 
or failure of a statistical survey depends upon the working population that is 
available. Unless a reasonably adequate working population can be found, the 
proposed study should be abandoned. If the frame is different from the target 
population, but the former can be judged to contain adequate information, the 
study may be continued. It must be remembered, however, that statistical infer¬ 
ences are concerned with the sampled population. That is, statistical procedures 
can be applied to form conclusions about the sampled population, but these 
conclusions cannot be applied equally well to the target population unless the 
two populations happen to be the same. 

For a survey of human populations, there are available a large number of such 
ready-made frames as tax assessors’ lists, city directories, lists of registered voters, 
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telephone directories, automobile registration records, customer lists. However, 
except for the first two sources mentioned, they are usually imperfect frames for 
general public surveys. Their imperfection may be due either to duplication or to 
incompleteness. A frame that may contain duplicates of certain elementary units 
can often be improved by thorough checks, although such a process may prove 
tedious and costly. A frame that does not include all elementary units of the 
target population presents more serious problems. In the first place, incomplete¬ 
ness of the frame can hardly be detected in the course of the study. Another still 
more serious matter is that incompleteness may represent absence of a group or 
groups of elementary units possessing some special properties not possessed by 
those listed in the frame. Finally, it is often impossible to correct an incomplete 
frame by adding the missing elementary units, which may be inaccessible. Thus 
knowing that the frame is incomplete does not provide a basis for its improvement 
but merely affords a basis from which to judge whether the incompleteness will 
invalidate the study and to act accordingly. 

Unawareness or deliberate nonrecognition of the imperfection of the frame 
often leads to useless sample studies that may even have harmful results. A 
classical illustration of such a biased study is the prediction made of the 1936 
presidential election poll conducted by the Literary Digest. From an extremely 
large sample of more than two million ballots, the Digest predicted that Roosevelt 
would receive only 40.9 percent of the votes in the election and that Landon would 
win by a landslide. The actual returns showed, however, Roosevelt received 60.7 
percent of the votes and won overwhelmingly. Thus the Digest’s poll made an 
error of more than 19 percentage points. This error was due to the use of a sample 
taken from an imperfect frame. The target population in this case was clearly all 
the eligible voters in 1936. However, the Digest’s mailing list of names, which was 
taken from the telephone directories and automobile registrations, formed a 
universe whose members were predominately upper- and middle-class people. The 
Digest’s findings might have been quite revealing for the working population from 
which the sample was drawn, but it was certainly not the target population of all 
eligible voters. In other words, the use of telephone directories and lists of auto¬ 
mobile owners as the principal sources of the Digest’s poll excluded most of the 
“ill-clad, ill-fed, and ill-housed” lower-income classes who were overwhelmingly 
in favor of Roosevelt because they were the main beneficiaries of the New Deal 
policies. 

SAMPLES 

A sample has been previously defined rather loosely as a part of a population. A 
more precise definition must now be developed in order to throw some light on 
the process of sampling. Items included in a population are called sampling units, 
which can be classified into two kinds: elementary and primary sampling units. 
Elementary sampling units, as we have already learned, are all the items contained 
in the population whose characteristics are to be measured or counted, such as 
workers of the steel industry. Primary sampling units may be the elementary 
units themselves or the groups or clusters of the elementary units, such as steel 
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plants where the elementary units, the workers, are clustered. A sample is a_ col¬ 
lection of primary sampling units selected as a representative microcosm from 
which inferences about the population may be made. So defined, the concept of 
“sample” has three implications. First, a sample may contain primary sampling 
units, such as firms of an industry, even though its purpose is to observe the prop¬ 
erties of the elementary units, such as the workers m the industry. Second, a 
sample is not a “chunk,” a slice of the population selected because of convenience 
and ready availability, but a microcosm, a small universe or subset w ic 
expected to be representative of the parent population, Third and last^the 
ultimate purpose of sampling is not merely to secure sample statistics but to ma e 

inferences concerning the population. f 

In the theory of sampling, it is important to distinguish random s?amples from 
judgment samples. A random sample is selected by the probability method, 
according to which neither the investigator nor the sampling units can decide 
which items will be included in the sample. The selection is achieved by the 
operation of chance alone. Thus, in a random sample the probabilities of selection 
are known and it is thus appropriately called a probability sample. Moreover, for 
a probability sample, the sampling error can be measured and controlled by 
theory of probability, and biases of selection, nonrespondence, and estimation are 
eliminated or at least contained within known limits. In^ contrast, a judgment 
sample, as its name implies, is taken according to personal judgment. Elements 
included in a judgment sample are results of the investigator s expert judgment 
as to their “representativeness.” Consequently, the probability of each individual 
element’s being drawn in the sample is unknown and the reliability of its results 
is not amenable to probability analysis but must depend on personal judgmen . 

The number of items included in a sample may be of any size, varying from 
one to all the elements in the population. The actual size to be taken depends 
mainlv, as the reader knows now, on the variability of the population and 
the degree of precision required. What may be mentioned here is fhat a samp e 
containing only one sampling unit may often yield useful information but meas¬ 
ures of statistical inferences cannot be applied to its results. A sample that con¬ 
tains all the units in the population is called an exhaustive sampling, which, ot 
course, is only another name for census. 


STATISTICAL ERRORS 

An error in a statistic means the difference between the value of a statistic and 
that of the corresponding parameter. Various causes combine to P r< > (hic ®. “ evla ' 
tions of statistics from parameters,, and errors, in accordance with the different 
causes, are classified into nonsampling and sampling errors. 

The term nonsamplmg error derives from the fact that this type of error can 
occur in any survey, whether it be a complete enumeration or sampling Non- 
sampling errors include biases and mistakes. A bias may be said to exist when the 
value of a sample statistic shows a persistent tendency to deviate m one direction 
from the value of the parameter. That is, if this type of error is present the samp e 
results tend to be always above or always below the parameter and, therefore, 
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cannot be canceled out by averaging. Factors that cause biases include careless 

tiorna re P°P ulatlon > imperfection of the frame, indefiniteness of the ques- 

t onnaire a vague conception regarding the information desired, exaggerated or 
irrelevant responses to prestige or loaded questions, inaccurate method* of inter¬ 
viewing, and so forth. Mistakes of a survey arise when responses are enteredTn 
wrong columns or cells by interviewers, when wrong or inadequate responses are 
given by respondents and when wrong computations and entries are made when 
the data are processed. Clearly, the main source of mistakes is the carelessness of 
all types of statistical workers for the survey. 

Sampling error results from the chance selection of sampling units. This type 

If a censulTs^k 6I1 ’ ^ ^ & Paftial observation of the universe is made. 

If a census is taken sampling error could be expected to disappear. By sampling 

ensurX ea h T V diff f enCe b6tWeen the Sam P le resu *t -d that of the 
cnsus when both results are obtained by using the same procedures. The most 

ST Property of sampling errors is that they follow chance variations and 
tend to cancel each other out when averaged. It is because of this attribute 

tholh V th t" r T Ple StatiStiC may differ from the Parameter and even 
ough the results obtained from different samples of the same kind taken from 

distribution°of ^ *!?" ^7 ^ ° ther ’ the average of the sampling 

ede J d ? , fv. that 1S> the eXpected mlue of tha t statistic, can be 

expected to equal the corresponding parameter. 

th ?. 6Xpe “ ted u Value . °{ a . statistic » equal to the corresponding parameter 
g estimated the statistic is said to be an unbiased estimator. The arithmetic 

mean Slmple rando “ sample, for instance, is an unbiased estimate of the 

Howewr if\ih P ° P . ulatl0n - 18 the Proportion of a simple random sample. 

nronorB f ^i , Sampl ® , ls n °* truI y random or if it is biased, the sample mean or 

of votes for W R h ul F<>r 6Xamp!e ’ the Literary Di ° est ’ s “timate 

of votes for Roosevelt, cited earlier, was biased downward. That is, if the Digest 

TnTa y 6Pe h 1 the Sa f P ! mg °P eratio u consistently by using telephone directories 

of the nr m n 6 "T** 7*1 “ ^ fr&me ’ the “ of the successive estimates 

nronorrin? 0 /^ 011 ^ 77 for Roosevelt w °uld have been lower than the true 
proportion of the population. From this illustration, we see why we have defined 

thevzlZ 10 7!h aS the , d , lfference bc^een the expected value of the estimate and 
tne value of the population parameter being estimated. 

sur™ n m ° f nonsampling and sampling errors is the total error of a statistical 

noslfwe Th maJ ° r C ° n 7 m m Sampling 18 *° make the total error as small as 
rpr?n rl & pre ™ U ® dl ® cusslon of nonsampling error reveals that it could be 

~fred aP h reCla r y n 7 inS PreCiS6ly the P 0 Pul a tion and the traits to be 
by ° arefully preparmg the f rame, by pretesting the questionnaire, by 
g up nonrespondents, by thoroughly editing returns, by using tests of 
reasonableness, by painstakingly checking all the steps in processing the data and 
most important of all, by thoroughly training interviewed Note that the redS 
tion of nonsampling errors requires small samples because most of the precau- 

^uZedrr” 68 mentioned abov e are costly. For instance, the training of 
avSaWp f 6rV f WerS fy U f lly trme-consuming and expensive and can be made 

tends tl 7 V re!atlveIy , smaI1 ^oup of people. However, a small sample 
tends to have a larger sampling error. Hence those responsible for sampling 
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surveys have an important decision to make when they allocate their limited 
human and financial resources in such a way as to provide the highest possib e 
reliability for the statistical results. 


PRECISION VERSUS ACCURACY 

Sampling errors or sampling variations are measured by what is called precision. 
Precision, which is also referred to as reliability, of sample results is the degree 
to which successive statistics computed from successive random samples of the 
same size differ from each other. Thus precision is but the size of the standard 
error of the statistic. The smaller the standard error, the greater the precision or 

reliability of the estimate. . . 

Accuracy of a sample estimate is the difference between the sample statistic 
and the true parameter. Accuracy of an estimate is not directly measurab e 
because the true parameter is an unknown constant. Accuracy does, however, 
depend upon both the degree of precision and the absence of bias. Accuracy is the 
goal of a survey, but precision is what can be measured. The control and calcula¬ 
tion of precision of sample results by laws of mathematical probability are the 
basic function of sampling because they help to attain accuracy. 

Biases it may be noted, do not necessarily affect precision if the sources ot 
biases are constant and thereby tend to generate reproducibility of estimates 
made from successive samples. That is, a biased procedure may actually have a 
lower standard error than an unbiased one. Consequently, the chances of getting 
a more accurate estimate may be greater with a biased estimate than with an 
unbiased one. What should be realized is that when a biased procedure is em¬ 
ployed, we must know clearly the nature of the bias and interpret the results 
accordingly in decision-making procedures. That a biased sample may actually 
yield a more accurate estimate is one of the reasons for the use of sample designs 
other than random sampling. 


EFFICIENCY OF SAMPLING DESIGNS 

A sampling design is said to be efficient if the desired results are obtained at the 
lowest costs possible. One sampling design is said to be more efficient than another 
if the former yields the same precision at lower costs, or greater precision at the 
same costs, or, obviously, greater precision at lower costs, than the latter.. 

In simple random sampling, estimates of measurable precision are obtainable 
because the standard error is computable. Precision of a simple random sample 
can be increased to any level by increasing the sample size. What should be noted, 
however, is that precision of a random sample does not increase directly and pro- 
portiona'tely with the sample size. Instead, as implied by the formula for standard 
errors, it increases with the increase in the square root of the sample size. Thus, 
if it is’desired to double the precision, it is necessary to quadruple the sample size. 
As an illustration, if there are 100 items in a sample and it is desired to double its 
precision (or to reduce the standard error by half), a sample of 400 items is 
required. For the square root of 100 is 10, which should be multiplied by 2, 
obtaining 20 in order to increase its reliability by 100 percent or to reduce the 
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standard error by 50 percent, and the 20 must then be taken from under the 
radical by squaring it so that the required number of items, 400, can be obtained 
Following the same reasoning, the student should be able to find, for instance' 

nM “fi i 2 3 "°“ “ ’‘ rabk “ 100 ii “*’ ™ »« 

We are often confronted with situations where increasing the size of sample 

alternative 0 s eXP T 1Ve , Simple rand ° m Sampling that have to ^ other 
Hi l mS i designs to mcrease precision without increasing the size of 

telTt K , 18 yS important > in se l ect i n g among alternative sampling 
designs, to balance precision against cost. P ® 


11.4 

Alternative 
Sampling Designs 


o-rnnr^ assigns can be conveniently 

grouped as random sampling and nonrandom sampling. Random sampling is also 

latTn? h VrMihly sampling, since if the sampling process is random, the 
needed tU * 11 ^ C£ ® be applied; thus the pattern of sampling distribution 

s ttrt t0 I “ te ^ ret an d evaluate a sample is provided. The term random sample 

he tmnlt Th iesCnbe , the data in the sam P le b ^ the process employed to select 
T ’ a P ro P ert y of the sampling procedure instead of 

tlin t te d t mP f AS wlIl be sh( >wn, randomness can enter a process of sam- 
p g m a number of ways and therefore random samples may be of many kinds. 

Nonrandom sampling is a process of sample selection without the use of 
randomization A nonrandom sample, in other words, is selected on a basis other 
than probability considerations, such as expert judgment, convenience, or some 
other critena^ The most important aspect of nonrandom sampling to remember is 
that it is subject to sampling variability, but there is no way of knowing the 
pattern of variability m the process. 

outline Sha11 tU ™ t0 deSCribe various sampling procedures by following this 


I. Random sampling 

1. Unrestricted or simple random sampling 

2. Restricted random sampling 

a. Stratified sampling 

b. Cluster sampling 

c. Systematic sampling 

3. Double, multiple, and sequential sampling 
II. Nonrandom sampling 

1. Judgment sampling 

2. Quota sampling 

3. Convenience sampling 
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11.5 

Unrestricted 
Random Sampling 


As has already been pointed out several 
times, unrestricted or simple random sampling is a procedure in selecting a sample 
by which every item in the population has an equal and independent chance of 
being included in the sample. Furthermore, if the sample of size n is taken, any 
possible sample of n items has the same probability of being drawn as any other 
combination of n items. 

A simple random sample is drawn by chance selection, which must be differ¬ 
entiated from selection in a “haphazard” or “hit-and-miss” manner. Unless this 
distinction is observed, random methods may be misapplied and a sample may 
be assumed to be random that is not random at all. Consequently, serious errors 
would be made in sampling. Chance selection that assures randomness of sampling 
procedure can be maintained only by deliberate and orderly methods. This is to 
say that in order to ensure chance selection, the process of sampling must be 
carefully controlled. 

Theoretically, in the selection of a simple random sample every individual 
item drawn must be measured, recorded, and returned to the population before 
another selection is made. Thus, each item can be chosen more than once in the 
same sample. However, in practice, this procedure is rarely observed. There are 
two basic reasons for this. In the first place, if the population is large compared 
with the sample, the error made by not returning the individual item is of no 
practical significance. Second, in many types of sampling survey, individual items 
selected are completely destroyed by investigation and it is therefore impossible 
to return them to the population. However, if the universe is very small, the 
procedure of returning selected items must be maintained. For instance, if it is 
desired to draw a random sample of four from a deck of fifty-two cards, we would 
select one card, record its value, return the card, shuffle the deck well, select 
another card, record its value, return it to the deck and repeat the process in the 
same manner until four cards are chosen. It is also interesting to note at this point 
that “each item has an equal chance of being selected” is not the same as “each 
measurement has an equal chance of being selected.” For instance, since there 
are more number cards than face cards in a deck, the chance that number cards 
(small measurements) will be included in the sample is evidently greater than the 
chance that face cards (large measurements) will be included. 

The previous example of drawing a sample from a deck of cards suggests a 
method of random selection that may be called the “goldfish bowl” procedure. 
According to this procedure, all the elements in the universe are numbered, and 
the numbers are written on chips, balls, cards, or other articles that are physically 
homogeneous. These articles are put into a bowl and mixed thoroughly. Then the 
specified numbers of items to be included in the sample is chosen either with or 
without replacement. With replacement, the probability of each element’s being 
drawn is 1 /N; without replacement, the probability of selecting the subsequent 
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items increases as N decreases by the number of items previously drawn. Without 
replacement, for instance, the probability of each item's being chosen at the first 
drawing is 1/N, at the second drawing, 1 /(N - 1), at the third drawing, 
1/ (N — 2), and so on. 

The “goldfish bowl" procedure can be shortened and money and time saved 
in drawing a sample by using a table of random numbers. The construction of such 
a table and the process of drawing a simple random sample with the aid of it were 
discussed in Section 7.6. 

Simple random sampling is certainly an efficient procedure if the population 
is not large and if it is relatively easy and inexpensive to find the sampling units. It 
could also be a practical procedure for large populations whose elements are 
concentrated within a small area. For instance, the study of all expense vouchers 
of a large corporation, the investigation of the attitudes of all the employees 
toward a pension plan in a big company, the survey of students' study habits at 
a given university, and so on, can easily be made by a simple random sample. 

One drawback of applying simple random sampling to large populations is 
that the population must be numbered. Theoretically we could obtain simple 
random samples by numbering all the eligible voters, all the households in 
America, all automobile owners, all retail stores, all refugees from other countries, 
and so forth. Such a procedure, however, would be extremely costly and might 
even be physically impossible. As a matter of fact, many economic and business 
data cannot be effectively utilized by simple random sampling. Consequently, 
instead of using simple random sampling, we often employ restricted random 
sample designs. 

Greater efficiency and the desire to have a probability sample when it is 
impossible to use simple random selection are the basic reasons for the preference 
for restricted random sampling designs, even though there are other advantages 
to be gained by their application. 


11.6 

Stratified 

Sampling 


Stratified random sampling is one of the 
restricted random methods which, by using available information concerning the 
data, attempts to design a more efficient sample than that obtained by the simple 
random procedure. The process of stratification requires that the population be 
divided into homogeneous groups or classes called strata. Then a sample may be 
taken from each group by simple random methods, and the resulting sample is 
called a stratified sample. 

A stratified sample may be either proportional or disproportionate. In a pro¬ 
portional stratified sampling plan, the number of items drawn from each group 
is proportional to the size of the group. For instance, if the population is divided 
into four groups, their respective sizes being 10, 20, 30, and 40 percent of the 
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population, and a sample of 500 is to be drawn, the desired proportional sample 
may be obtained in the following manner: 


From stratum one 
From stratum two 
From stratum three 
From stratum four 

Size of the entire sample 


500(0.10) = 50 items 
500(0.20) = 100 items 
500(0.30) == 150 items 
500(0.40) = 200 items 
= 500 items 


It is evident from the above example that proportional stratification yields a 
sample that represents the universe with respect to the proportion in each stratum 
in the population. This procedure is satisfactory if there is no great difference in 
dispersion from stratum to stratum. But it is certainly not the most efficient 
procedure, especially when variations differ substantially in the various classes, 
for, as has been repeatedly pointed out, the most important consideration for 
sample size is not the size but the variation of the population. This indicates that 
in order to obtain maximum efficiency in stratification, we should assign greater 
representation to a stratum with a large dispersion and smaller representation to 
one with small variation. For instance, in conducting a poll for a presidential 
election, we may take the 50 states as our strata. If the eligible voters of a given 
state are 5 percent of all the eligible voters, but according to our knowledge the 
result in that state is already a foregone conclusion, we may then take, say, 
merely 2 percent or even 1 percent of our sample from that state. If, however, the 
outcome of another state is highly doubtful, we may decide to give it a much 
greater representation in the sample than its relative size. A sample thus obtained 
is a disproportionate stratified sample. Disproportionate stratified sampling also 
includes procedures of taking an equal number of items from each stratum irre¬ 
spective of its size and of giving only a small representation to one or more strata 
whose members are too expensive to investigate but some representation of them 
is nevertheless valuable. The term optimum allocation is often used for stratified 
methods that take both variation and size of each stratum into consideration in 
determining its representation in the sample. 

Efficiency in stratification can be further increased, when the nature of the 
data permits, by classifying the strata into substrata, which in turn may be 
subdivided into smaller groups. For instance, knowing that voting preferences 
are often influenced by differences in sex, religion, race, educational standards, 
and economic status, in conducting a presidential election poll we may subdivide 
the various states according to these aspects. This refinement in stratification of 
grouping the population with respect to several relevant characteristics is referred 
to as cross-stratification. 

Previous discussions may have indicated that stratification is most effective 
in dealing with heterogeneous or highly skewed populations, such as income data 
or retail sales. In such situations, we can stratify the population in such a manner 
that (1) within each stratum there is as much uniformity as possible and (2) 
among various strata the differences are as great as possible. Consequently, we 
are able to obtain a sample with a smaller sampling error or a smaller sample with 
the same precision as compared with simple random sampling. In other words, in 
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handling populations with extreme values, stratification is a more efficient design 
than simple random sampling. This is true because in an unrestricted random 
sample extreme values, say high incomes, may be excluded while they will 
certainly be represented in a stratified sample. It is hardly necessary to point out 
now that stratification may not have any advantage over simple random sampling 
in studying moderately skewed or symmetrical distributions, such as testing the 
durability of a shipment of automobile tires. Hence, before deciding on stratifica¬ 
tion, we must have some knowledge of the traits of the population. Such knowl¬ 
edge may be based upon past data, preliminary observation from pilot studies, 
expert judgment or simply intuition or good guesses. 

Subjective judgment used in dividing the universe into strata does not mean 
that stratified samples are not probability samples. By employing random selec¬ 
tion from each stratum, the probability of each item’s being drawn is ensured and 
this probability is known, even though in disproportionate sampling, the proba¬ 
bilities that individual items will be selected are not equal. 

As probability samples, the weighted arithmetic average of the strata sample 
means is an unbiased estimate of the universe mean. In the case of proportional 
sampling, where each item has an equal probability of being chosen, the estimate 
of the universe mean is merely the arithmetic average of the entire sample because 
it is weighted in just these proportions. However, the mean of the disproportionate 
sample must be derived with proper weights or serious biases may result. The 
proper weights are the relative proportions of the population in the various strata. 

Finally, precision of estimates in stratified sampling can be measured provided 
the sample is sufficiently large. Appropriate formulas for evaluating sampling 
errors in stratification can be found in more advanced books on sampling. 


11.7 

Cluster 

Sampling 


Cluster sampling refers to the procedure 
of dividing the population into groups and drawing a sample of groups to represent 
the population. When the clusters, which are primary units, are drawn, we can 
either include in the sample all the elementary units in the selected groups or take 
a sample of smaller primary units or elementary units from sampled clusters. When 
all the elementary units in the sampled groups are observed, we have what is 
known as the single-stage sampling. When a sample of elementary units is drawn 
from the clusters, we have a type of design called two-stage sampling or sub¬ 
sampling. At both stages a random sample is selected. When cluster sampling 
involves more than two stages in selecting the final sample, it is called multistage 
sampling. For instance, we may take the colleges—primary units—as the first 
stage, then draw departments as the second stage, and choose students the 
elementary units—as the third and last stage. When the clusters—the primary 
units—are geographical areas, cluster sampling becomes the widely used area 
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sampling. In any case, our objective is to study the elementary units even though 
initially primary units are taken and random methods are used in selection at 
each stage. 

Principles that dictate maximum efficiency in cluster sampling are the opposite 
of those used in stratification. In cluster sampling, it is efficient to have (1) 
differences among the elementary units in the same class as large as possible and 
(2) differences among the primary units, clusters, as small as possible. Evidently 
these requirements are very difficult to meet, for in most populations similar 
elementary units tend to cluster together. For instance, rich people tend to live 
in the same neighborhood in a city, while the poor families are concentrated in 
another area. Again, better students tend to be in the departments of natural 
sciences and engineering, whereas less able students usually take liberal arts and 
social sciences. (This last illustration is a sad but nevertheless a true situation in 
this country.) 

This difficulty causes cluster sampling to have a greater standard error than 
stratified sampling has, even though the former also yields unbiased estimates. 
The fact that cluster sampling provides less precision for a sample of equal size 
does not mean that it cannot be more efficient than other random designs. If the 
cost per elementary unit is much lower in cluster sampling many more elementary 
units can be included in the sample. (And it is usually the case that cost per 
interview in cluster sampling is lower than for other types of random designs. 
Lower cost is most evident in area sampling, when interviewers’ time and traveling 
are cut down.) Consequently, it is possible to have a larger cluster sample that 
can yield the same precision with lower cost than a simple or stratified random 
sample. Alternatively, it is possible, with the same cost, to have a cluster sample 
large enough to have greater reliability than either simple or stratified sampling. 
In other words, despite the drawback in achieving heterogeneity within each 
cluster and uniformity among different clusters, cluster sampling can still be a 
more efficient design. What the student should understand is that the purpose of 
cluster sampling is not to obtain the most reliable sample in relation to its size, as 
in the case of stratification, but to have the greatest precision in estimate in terms 
of cost per elementary unit. 


11.8 

Systematic 

Sampling 


Another frequently used random plan is 
systematic sampling. It is a procedure of selecting the kth item from the population 
with a random start. Here, the number k is merely the sampling ratio, that is, 
n/N. For instance, if 100 items are to be included in the sample from a population 
of 1000 elements, k, the count number, is 10. To have a random start when the 
sampling ratio is 10, we select a random number from 1 through 10 by means of the 
table of random numbers or by other random methods. If the random number 3 
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is selected, we begin with this and include every tenth item from it, namely, the 
thirteenth, the twenty-third, the thirty-third, and so on, in the sample. Simplicity 
in design is a main advantage of systematic sampling. Also, from the method 
itself, it can be seen that greater efficiency in systematic sampling can be achieved 
if (1) the items that are close to each other have greater uniformity than (2) the 
items that are far away from each other. These requirements are quite similar to 
those for stratification. Indeed, if populations are sufficiently large, systematic 
sampling can often be expected to yield results that are similar to those yielded 
by proportional stratified sampling. Because of its simplicity in design, systematic 
sampling may be preferred over stratification if the population can be easily put 
into some orderly arrangement. When a list of corporate earnings is available, for 
example, we can rearrange the earnings according to their magnitude. The applica¬ 
tion of systematic sampling in such a case actually ensures proportionate rep¬ 
resentation of all earning-size classes without stratification. 

A systematic sample tends to be more representative than a simple random 
sample of the same size if, as was pointed out in the preceding paragraph, elements 
in the universe tend to, or can be arranged to, resemble other nearby elements 
more than they resemble others farther away. For instance, if we are to estimate 
the average family income in Los Angeles, we may use systematic sampling and 
select every hundredth household in our sample. The resulting sample would be 
more representative than a simple random sample. People of the same economic 
status tend to live in the same neighborhood; hence systematic sampling would 
give more appropriate representation to every income group, even though simple 
random sampling may select a relatively large number of households with similar 
incomes from a certain area. 

Systematic sampling becomes a less representative design than simple random 
sampling if we are dealing with populations having hidden periodicities. For 
example, if the sales of every seventh day of the calendar year are included, the 
sample will contain, say, all Mondays or all Fridays. If there is a definite repetitive 
weekly pattern in sales (which is usually the case), our sample is not representa¬ 
tive at all of sales for the whole year and consequently the sample results may be 
seriously biased. Similarly, biases will result if we are to test the quality of a pro¬ 
duct coming off an assembly line by taking every fiftieth item for observation 
when the machinery happens to have a defect that produces imperfections in 
every fiftieth piece. 

Up to now we have discussed various random procedures as independent 
designs. In practice, we often combine two or more of these methods into a single 
design. For instance, in sampling for an estimate of the labor force, the Bureau 
of Census uses a plan that includes all types of random sampling and other devices. 
In this survey, 68 areas were first decided upon. Then, approximately 2000 pri¬ 
mary units—clusters that are whole counties or contiguous counties—were set up 
and grouped into 55 primary strata. After that, one primary unit was selected 
from each stratum. Next, these selected primary units were divided into segments 
to determine the elementary units (households) to be included in the final sample. 
At each stage, probability methods were used for selection so that proper formulas 
could be derived to measure the reliability of the sample results. 


11.9 DOUBLE, MULTIPLE, AND SEQUENTIAL SAMPLING 367 


11.9 

Double ? Multiple ? and 
Sequential Sampling 


All sampling designs, except multistage 
clustering sampling, presented previously may be referred to as single sampling , 
since each design is used to obtain a single sample from which an estimate is made 
or a hypothesis is tested. The application of sampling for testing the quality of 
incoming material from a vendor or of a particular lot of products coming off a 
manufacturing process or of clerical work during the past two or three decades 
has led to popular use of double, multiple, and sequential sampling designs. 

The choice between accepting or rejecting a lot can often be made on the basis 
of less than the full sample size. For instance, in a given situation we may adopt 
the following decision rule: 

Take a random sample of 100 from the lot. If there are more than 5 items 
defective in the sample, the lot is rejected. If 5 or less items are defective in the 
sample, the lot is accepted. 

In following such a decision rule, however, we may find that there are 5 defectives 
in the first 10 items examined. It is then clearly unnecessary to examine the 
remaining 90 items. This possibility has led to double sampling —a process by 
which a small sample is observed first and a decision may be made to accept, to 
reject, or to take a second sample. For example, in double sampling, we may for¬ 
mulate this decision rule: 

Select and examine a random sample of 40 items. If 2 or less defective items 
are found, accept the lot; if 4 or more defectives are found, reject the lot; if 3 
defectives are found, take a second sample of 60 items (total now is 100). If the 
total number of defectives in the combined sample is 4 or less, accept the lot; if 
more than 4, reject the lot. 

If a decision can be made between accepting or rejecting a lot on the basis of 
a small first sample, costs would be considerably reduced, especially if the sam¬ 
pling is destructive. Thus double sampling is better than single sampling. From 
the same reasoning, however, it is easy to see that double sampling is more 
expensive than triple sampling, which, in turn, is more costly than quadruple 
sampling. This philosophy has suggested what is called multiple' sampling —a 
procedure that utilizes a series of small samples such that the cumulative number 
of defects is compared against an “accept” and a “reject” criterion after each 
sample is drawn until a decision can finally be made. A multiple sampling plan is 
illustrated in Table 11.1. Observe that the choice between acceptance and re¬ 
jection must be made on the last sample. 

A logical extension of multiple sampling is to make an observation of one item 
at a time, deciding after each observation whether to accept or reject the lot or 
to continue sampling. Such a technique, called sequential sampling , is especially 
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TABLE 11.1 EXAMPLE OF MULTIPLE SAMPLING PLAN 


Sample 

Sample 

Size 


Combined Sample 


Cumulative 

Size 

Acceptance 

Number 

Rejection 

Number 

First 

30 

30 

* 

3 

Second 

30 

60 

1 

4 

Third 

30 

90 

3 

6 

Fourth 

30 

120 

5 

7 

Fifth 

30 

150 

6 

8 

Sixth 

30 

180 

7 

9 

Seventh 

30 

210 

8 

9 


Note: The asterisk for the first sample indicates that a sample of only 30 
items cannot present sufficient evidence for acceptance 


appropriate for inspecting products that are very expensive and whose investiga¬ 
tion results in their destruction. 

Acceptance sampling, whether single, double, or multiple, involves the same 
risks of making wrong decisions as the testing of hypotheses involves. That is, 
we may either reject a lot that should have been accepted (Type I error) or 
accept a lot that should have been rejected (Type II error). It may be noted that 
single sampling acceptance plans can be easily constructed on the basis of a table 
of binomial probabilities for various sample sizes. Construction of double, mul¬ 
tiple, and sequential sampling plans is more difficult and complicated. In any 
event, risks of incorrect decisions in acceptance sampling can be specified at 
reasonably low levels of probability and the necessary sample size can be deter¬ 
mined from these requirements. 

There are available numerous acceptance sampling plans based on several 
criteria: the acceptance quality level (AQL)—the worst quality the buyer is pre¬ 
pared to accept is a lot with a stipulated high probability; the lot tolerance per¬ 
centage defective (LTPD)—the quality above which there is only a small proba¬ 
bility that a lot will be accepted; and so on. Widely used catalogues of tabulated 
acceptance sampling plans include Dodge and Romig, Sampling Inspection Tables: 
Single and Double Sampling; Statistical Research Group, Columbia University, 
Sampling Inspection; and Military Standards 105A: Sampling Procedures and 
Tables for Inspection by Attributes (MIL-STD-105A). 

11.10 

Judgment 

Sampling 


Judgment sampling , the type of non- 
random sampling we shall consider, is also called purposive sampling. It is the 
method of selecting the items in a sample on the basis of the judgment of the 
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sampler, who thinks that the results will be representative. In other words, the 
items in the population that are thought to be typical or representative, according 
to the knowledge of the investigator, are drawn into a judgment sample. In 
judgment sampling, then, the probability that an individual item will be chosen 
is unknown. Consequently, confidence intervals cannot be constructed and judg¬ 
ment sampling leads to point estimates only. Furthermore, only the expert sam¬ 
pler can interpret the precision of results obtained from this plan; these results 
cannot be objectively evaluated. 

Even though the principles of sampling theory are not applicable to judgment 
sampling, they are often used in solving many types of economic and business 
problems. The use of judgment sampling is justified under a variety of circum¬ 
stances. When only a small number of sampling units is in the universe, simple 
random selection may miss the more important elements, whereas judgment se¬ 
lection would certainly include them in the sample. A study of the steel industry 
would be questionable if the United States Steel Corporation were hot included 
in the sample. Similarly, without General Motors in the sample, a survey of the 
automobile industry would be equally unsatisfactory. 

Judgment sampling is sometimes used because we must keep the size of the 
sample small: it may be difficult to locate some of the sampling units or necessary 
to keep sampling costs down. In such situations, probability sampling becomes 
impractical because wide confidence intervals are attracted to small random 
samples. Thus the sample estimates, though unbiased and measurable, are of 
little value in decision making. 

Again, in solving everyday business problems and making public policy deci¬ 
sions executives and public officials are often pressed for time and cannot wait for 
probability sampling designs. Judgment sampling is then the only practical 
method, since estimates can be made available quickly that will enable business¬ 
men and governmental officials to arrive at solutions to their urgent problems 
that are better than decisions made without any statistical data. 

And again, when we want to study some unknown traits of a population, some 
of whose characteristics are known, we may then stratify the population according 
to these known properties and select sampling units from each stratum on the 
basis of judgment. This method is used to obtain a more representative sample. 
Its justification lies in the assumption that since a sample is more representative 
with respect to the known traits of the population, it may also be more representa¬ 
tive with respect to the unknown characteristics of that population. 

Finally, judgment sampling may be used to conduct pilot studies. It has been 
mentioned that, in order to have effective stratification, knowledge of the popula¬ 
tion traits is essential. Pilot studies are one way of getting this desired information. 
Judgment samples, like pilot studies, are then merely exploratory surveys made 
before other sampling designs, such as stratified sampling, are adopted. 

In any case, the reliability of sample results in judgment sampling depends 
on the quality of the sampler’s expert knowledge or judgment. If it is good and 
is carefully and skillfully applied, judgment samples may be expected to be rep¬ 
resentative and to yield valuable results. On the other hand, when a sample is 
obtained with poor judgment, serious biases will be present. 
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11.11 

Quota 

Sampling 


Under the procedure known as quota 
sampling each interviewer is given a quota—a certain number of persons—to be 
interviewed. The interviewers are often instructed to distribute their interviews 
among the individuals within their quotas in accordance with some specified 
characteristics, such as so many in each of several income groups, so many in each 
race, so many with certain political or religious affiliations, and so on. One im¬ 
portant reason for employing quota sampling is to obtain some of the merits of 
stratification at lower costs. More often than not, however, in the selection of 
sampling units an interviewer’s judgment becomes the overriding factor. Inter¬ 
viewers often tend to interview better-educated or neatly dressed persons, or to 
question anyone who happens to be at home, or to ignore those sampling units 
who are not readily accessible. As a consequence, a quota sample actually depends 
on the interviewer’s judgment and convenience. Because results always contain 
unknown biases, the sample cannot be treated as a random variable. 

Quota sampling is widely used in public opinion studies. It occasionally pro¬ 
duces satisfactory results if the interviewers are carefully trained and if they 
follow their instructions closely. More often, however, the satisfactory results 
obtained by quota sampling are due to the “success by gratuity of the universe,” 
vhich means a lack of correlation between the selection of elements and the 
characteristics under study. In other words, quota sampling is sometimes suc¬ 
cessful because of the chance circumstance that certain traits of individuals induce 
interviewers to include those individuals in the sample but have no relationship 
whatsoever to the traits being investigated. 


11.12 


Convenience 

Sampling 


The method of convenience sampling is 
also called the chunk. A chunk is a fraction of the population taken for investiga- 
tion because of its convenient availability. Thus, a chunk is selected neither by 
probability nor by judgment but by convenience. A sample obtained from readily 
available lists, such as telephone directories or automobile registrations, is a 
convenience sample and not a random sample, even if the sample is drawn at 

random from the lists. Failure to recognize this difference often leads samplers 

astray. 

A chunk—which is merely a convenient slice of the universe—can hardly be 
representative of the population. Its results are usually greatly biased and un¬ 
satisfactory. Formerly, the chunk was frequently used in public opinion surveys 



PROBLEMS 371 


when interviewers stopped near the railroad station or the bus depot or m front of 
office buildings to interview people. Today, accountants still use convenience 
sampling to analyze or audit accounts. Their practice is to take foi analysis a 
small slice of, say, accounts payable, in some convenient manner, such as all 
accounts under the letter “L,” to verify the total population, say, of all accounts 

payable of the firm. . _ 

Finally, it may be mentioned that convenience sampling is also useful m 
making pilot studies. Questions may be tested and preliminary information may be 
obtained by the chunk before the final sampling design is decided upon. 


Problems 


11.1 What are the reasons for sampling? 

11.2 Explain the relationship of each of the 
following concepts to the theory of sampling: 
(a) “diversity in unity"; (b) law of large num¬ 
bers; and (c) randomization. 

11.3 Differentiate the following pairs of terms: 

a. sampling error and nonsampiing error 

b. elementary and primary sampling units 

c. target and sampled population 

d. probability sample and judgment sample 

e. precision and accuracy 

f. expected value and population parameter 

11.4 How can stratification increase 
efficiency? 

11.5 Under what conditions can cluster sam¬ 
pling be more efficient than other types of 
random sampling designs? 

11.6 What is systematic sampling? What are 
its advantages and drawbacks? 

11.7 What is the philosophy that leads to 
double, multiple, and sequential sampling? 

11.8 In what sense do we say that acceptance 
sampling is similar to testing? 

11.9 Define judgment sampling, quota sam¬ 
pling, and convenience sampling. Under what 
conditions can each of these designs be used 
to advantage? 

11.10 Do you agree with the following state¬ 
ments? Explain. 

a. Sample studies can never be as accurate 
as complete counts of populations. 

b. Purposive sampling is sometimes better 
than random sampling. 

c. A random sample of workers in a firm may 


be obtained by taking every tenth name from 
the payroll list of the firm, 

d. A random sample of the households in a 
state may be obtained by taking every thou¬ 
sandth name from the state's automobile 
registration directory. 

11.11 Determine the population, the frame, 
and the sampling design most appropriate for 
the following situations: 

a. An accountant, auditing the books of a 
department store, wishes to confirm the 
accounts receivables as shown on the com¬ 
pany books. 

b. The Federal Reserve Board wishes to 
select a sample of commercial banks to 
analyze the effects of a tight money policy 
upon the discount and loan policies of the 
commercial banks. 

c. A manufacturer wishes to control the 
quality of his products by taking samples 
from time to time for examination. 

d. The Bureau of Labor Statistics wishes to 
construct a monthly consumer price index on 
the basis of a sample taken each month. 

e. A market research director plans to pre¬ 
pare a questionnaire to explore the market 
potential for a new product. To help the design 
of the questionnaire a sample of the present 
users and nonusers of a close substitute for 
the new product is to be interviewed. 

f. A labor union is to select a sample among 
its members to determine the attitude of the 
members toward a recently introduced social 
activities program. 

g. The state government of West Virginia 
wants to determine the level of unemploy¬ 
ment in the state on the basis of a sample of 
2500 households. 
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CHI-SQUARE, F, 
AND 

STUDENT’S 

DISTRIBUTIONS 


12.1 

Exact 

Sampling Theory 


Up to now, we have been concerned 
with making inferences from large samples. The concept “large sample,” as the 
reader is aware by now, is a term relative to the sampling distribution of the 
statistic under consideration. For instance, when we make inferences about ju, 
a sample is considered large if its size is greater than 30, or if the parent popu¬ 
lation is nprmal and a is known. In the case of proportions, a sample is large if 
30 < n > f 14lI(r'For variances, however, a sample is said to be large if n > 100 
and if the parent population is normal. In general, large sampling theory refers to 
a class of situations in which the probability distribution of a sample statistic is 
normal or approximately normal, either because the population under investiga¬ 
tion is normal or the sample size is sufficiently large for the central limit theorem 
to be operative. 

Sometimes, however, we may be called upon to make inferences when the 
underlying assumptions for large sampling theory are not available. Situations 
may arise in which either the population standard deviation is unknown because 
we are confronted with a new problem or a new theory, or the sample size is small 
due to such physical limitations as those related to medical research or to such 
practical limitations as the high costs involved in sample observations. 
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Although with small samples we do not have as much information as we 
would like, we are not destitute. The proper course is to draw conclusions 01 to 
make decisions from the sample by taking into account the scanty nature of the 
evidence. As a matter of fact, procedures of statistical inference with small 
samples are the same as those presented in the preceding two chapters, except 
that now wc cannot apply the central limit theorem and assume that sampling 
distributions are normal. The study of statistical inferences with small samples 
is called the small sampling theory or, more appropriately, exact sampling iheonj 
since results obtained for small samples hold for large samples as well. The basic 
difference between large and small sampling is mainly between sampling dis¬ 
tributions: for large samples, sampling distributions are assumed to be normal, 
for small samples, sampling distributions may take a number of forms. In addition 
to the binomial distribution (which has been discussed m detail befoie), there are 
three important probability distributions which the distribution of a statistic 
with small « may assume. They are chi-square, F, and Student s distributions^ 
All three models are related to the normal probability model and a^e defined m 
terms of the number of degrees of freedom. In the discussions that follow, we 
shall first introduce the concept of “degrees of freedom,” then present the prop¬ 
erties of these three distributions, and finally take up their applications. 


12.2 


Degrees 
of Freedom 


computed as 


is a biased estimate of <r 2 , since 

E(s 2 ) 


We have seen that the sample variance 

= i 'V (x — x) 2 

n Lj 


n 


n 


The bias here is measured by which is quite pronounced when n is small. 

For example, if n = 4, then 


E(s 2 ) 


4 - 1 2 3 2 

-cr 2 = — cr 2 

4 4 


Thus,, with n = 4, s 2 underestimates, on the average, d 2 by K or 25 percent. To 
correct this bias, we may compute sample variance as 


-J-Y 

n — 1 Lj 


{x — x)‘ 
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since then 




We may say that ns 2 /(n — 1 ) is an unbiased estimate of a 2 . 

To compute s 2 , we divide the sum of squared deviations by what is called 
n 1 degrees of freedom. The number of degrees of freedom (df) is a property of a 
t„®/P/lJ/od_byJjhe^number of^ifidependent linear comparisons 
which can be made among n observations. A rigorous discussionofThismathemati- 
ca concept is beyond the scope of this book. Nevertheless the essence of the concept 
o degrees of freedom can be brought out by way of a simple illustration. 

< rom the definition of s 2 , we see that it is a measure based on squared devia¬ 
tions from the sample mean. We may recall also that 2 (z - x) = 0 . Bearing these 
two facts m mind, if we are asked to guess about the deviations from x of a sample 
of ; say, n - 5, we are “free” to assign any value to the first four deviations, such as 


( Xl - x) = -5 
(x 2 — x) = 3 
(#3 — x) = 6, and 
(aq — x) = — 1 


Once these values are freely assigned, we are no longer “free” to assign any value 
to the fifth deviation, since this last deviation must be such that the sum of all 

ve deviations is zero. Thus, the value of the fifth deviation cannot be any value 
other than ' 

0 5 - x) = 0 - ((-5) + 3 + 6 + (- 1 )) = -3 

The foregoing statement leads us to conclude that only n — 1 independent 
linear comparisons can be made among n things. That is, given the values of the 
f, * I deviations from x, the nth deviation is completely determined. So we say 
that the sum of the squares, 2(* - z) 2 , has n - 1 degrees of freedom associated 
with it. However, the quantity 2 (z - m ) 2 has n degrees of freedom, since it 
contains one more possible linear comparison, that of x with 

The last observation also leads us to another intuitive meaning of the number 
of degrees of freedom of a statistic. It may be considered as the number of n 
independent observations m the sample minus the number of m parameters 
(required to compute the statistic) which must be estimated by sample observa- 
10 ns. Denote the number of degrees of freedom by 8; then for any statistic, 
n m. We might mention that in other texts, the number of degrees of 
freedom is often denoted as v (nu). 

In the case of § 2 , the number of independent observations is n, but to compute 
it we need which is estimated by x. Thus, m = 1, and s 2 has 6 = n - 1 as 
e ore. Similarly, each of the following two statistics has n - 1 degrees of freedom: 

2(x — x) 2 


= 


n — 1 


and 


n ~ 1 


. ' ' " . . .... ..'•'&£$! 


« i 
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The former is an unbiased estimate of a 2 and the latter is an unbiased estimate of 

the variance of the distribution of the mean. 

Now, suppose that two independent samples with m and n 2 are drawn from 
two normal populations which are assumed to possess identical variance, tha , 
!7= ^ then IF = - 1) “d ^ = »*,*/(«. - D -e> respec¬ 

tively, unbiased estimates of and a 2 2 . Since it has been assumed that the two 
populations have the same variance, a better estimate of this common variance 
can be obtained by pooling the two sample variances. This is done, by 
what is called a pooled variance, which is a weighted mean of the two samp 
variances; namely, 

n iSi 2 + n 2 $ 2 2 


n i 


ri2 


which is an unbiased estimate of the common population variance with S = m + 
_ 2 Two degrees of freedom are lost in this case because m 2. 

It is interesting to note that this pooled variance can also be employed to 
estimate the standard error of a difference between t wo samp le moa n. Since 

+ % + » 2 -2\ni nj N ni n, ' run, 

(12.D 

which also has m + n 2 - 2 degrees of freedom. 


12.3 


Chi-Square 

Distributions 


If Xi, Xi, ■ ■ ■ , Xn are independent 
standard normal variables, then the statistic 

x 2 = X ! 2 + X 2 2 + • ■ • + W 2 

is said to have a x 2 (chi-square) distribution with S = n df. There are infinitely 
many x 2 distributions, one corresponding to each positive integer n. e X 
tribution corresponding to the number S will be denoted as Xs 2 and it is defined by 
the following density function: 


( x 2)[5/2-l] e -[ X 2 /2] 


for x 2 > 0 


/(x 2 ) 2^ 2 r(5/2) 

= 0, otherwise 

In this expression, 5, as before, is the number of df. For the quantity T(S/2) read 
“gamma function of i/2,” which refers to a value that is dependent on 5 and that 
is (5/2 - 1)1 This density function makes that for the normal variable loo 
simple. Fortunately, a full understanding of it is required only m theoretical 
statistics and for plotting curves. We need have little concern with it ere. 
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Probability 



We shall now state the important properties of chi-square distributions, with¬ 
out proof for our later use. Some of these properties can be deduced by studying 

Figure 12.1 reflectively, which gives the density curves of chi-square distributions 
for a number of selected <5. 

(i) Chi-square, though denoted by Greek letter * 2 , is a statistic instead of a 
parameter. As a matter of fact, there is no corresponding parameter for x 2 

v 2 I u aS a standard norraal distribution, then X 2 has the distribution of 
Xi ; that is, chi-square distribution with 1 df. 

• • 1S Xj ‘ 2 and Xi 1S Xs * and if Xl and Xi are independent, then Xi + X 2 

18 (A?t V 1S 18 C0I “ ly called the ^diiive property of chi-square distributions. 

(4) If X is a standard normal variable and *!, x 2 , • • • , x n are n observations 


of a random sample, then ^ ->'i 2 has the distribution X„ 2 . 

(5) If X is any normal variable and if x h x 2 , ■ ■ ■ , .r n are n observations of a 


random sample, then 


y 


has the distribution x„ 2 . 


It may be noted that properties (4) and (5) are equivalent statements. In ( 4 ) 
a random sample is drawn from »( 0 , 1 ); in ( 5 ) a random sample is drawn from 
n{n,<r 2 ), and fa — m)A transforms ( 5 ) into ( 4 ). 

values A X2 dlStnbutlon ranges from 0 to infinity, since it is the sum of squared 

, (7)A di f ri bution is completely defined by the number of degrees of free¬ 

dom. II X is X s , then its mean and variance are y = d and <r 2 = 2$, respectively. 


12.4 F DISTRIBUTIONS 377 


(8) Chi-square distributions are positively skewed. As 5 gets ktrge, however, 
X 6 2 approaches the normal distribution with y — d and a — V2d. In practice, 
probabilities for chi-square distributions, when 5 > 30, can be computed by 
employing normal approximations. For example, if X is X 50 2 , then A is approxi¬ 
mately normal with M = 50 and a- = 10. Supposing that we desire to find 
P(X < 40), we may find that 

P(X < 40) = N = * (_1) = °' 1587 

A more accurate method of approximating chi-square probabilities by the 
normal model is to use the fact that 

Y = \/'J.Y - V2S - 1 (12-2) 

is approximately normal. By employing this expression, we have, for the previous 
illustration 

P(X < 40 ) = P( 2 X < 80 ) = P(V 2 .x < V 80 )j= P(V 2 X < 8.94427) 

= P(V2X - V99 < 8.94427 - V99) = P(Y < 8.94427 - 9.94987) 
= P(F < -1.01) = JV(-l.Ol) = 0.1562 

which is smaller, and a better estimate, than the value obtained before. It can be 
checked from chi-square probability tables. Table A-VIII in the Appendix gives 
various percentile points for chi-square distributions for 1 < 5 $-100. For 
instance, if X is Xi 6 2 , then from Table A-VIII, we find that 

P(X > 14.339) = P(14.339 < x« ! < °°) = 0.50 
P(X > 8.547) = P (8.547 < xis 1 < “) = 0.90 
P(X > 24.996) = P(24.996 < xu 2 < “) = 0.05 

and so forth. Thus, this table is in the cumulative form and gives upper-tail 
probabilities for chi-square distributions. 


12.4 


F 

Distributions 


If Xi, X 2 , • • • , Z. and Fi, Yt, ■ ■ • , 
Y„ are all independent standard normal variables, then the statistic 

, _ 1 W + X-2 2 + ■ ■ ' + XJ 

is said to have the F distribution with (m,n) degrees of freedom. It turns out that 
an F distribution is the ratio of two chi-square distributions with 5i as the number 
of df for the numerator and with 5 2 as the number of df for the denominator. It 
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Probability 



Figure 12.2 F distribution curves. 


may be denoted as Fs^ 3 . F^s 2 is defined by the density 

m ~ t vatS/I (■ " f, 


, 0 < F < oo 


The only important thing for us to note about this formidable expression is that 
an F distribution has two parameters, 8 i and 5 2 , the numbers of df. Density 
curves for F 2 , 10 , F 2 , 2 , F 10 , 2 , and Fio.io are shown in Figure 12.2. 

Let us now observe some of the properties of F distributions. First of all, since 
an F distribution is a ratio of two squared quantities, its value ranges from 0 to 
infinity. Second, there is an F distribution for each pair of positive integers, Si 
and S 2 . Third, an F distribution is positively skewed, but its skewness decreases 
with increases in the numbers of df. Fourth, the mean of F hh is M = ( 82/(82 - 2)) 
when <5 2 > 2, and the variance of F hh is <j 2 = 25 2 2 (Si + S 2 - 2) / 81(82 - 2) 2 (5 2 - 4) 
when S 2 > 4. An F distribution has no mean when S 2 < 2, and it has no variance 
when S 2 < 4. Fifth and last, if Z is F Ma , then Y = 1/Z is F Ml . This is the famous 
reciprocal property of F distributions. 

Percentage points for the right tail of the F distribution at 10, 5, and 1 percent 
levels are given in Table A-IX in the Appendix. When Z is, say F 10 , 7 , then 


P(Z > 3.64) 


> 3.64) 


To say that P(F 10,7 > 3.64) = 0.05 is the same as to say that 

P(0 < Z < 3.64) = P(0 < F 10 ,7 < 3.64) = 1 - 0.05 = 0.95 
See, for example, Figure 12.3. 
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f(F) 



Similarly, 

P(F 10,7 > 6.62) = 0.01, and P(0 < F w < 6.62) = 0.99 

Table A-IX can also be employed to find probabilities for the left-tail points 
of F distributions by following the reciprocal property of F distributions. Suppose 
X is Fi 5t io, we may let Y be Fio.is- From Table A-IX, we see that 

P(Y > 2.54) = P(Fi 0t i5 > 2.54) = 0.05 

Then, by the reciprocal property, 



and since 1/F has the same distribution as X, we have 

p ( x < i) = p ( Fl510 < ^s) = p( - p ™ < °- 41) = °- 05 

By the same procedure, of course, the 1 percent left-tail point can be found (see 
Figure 12.4). In general, to find the left-tail critical value for F 5l g 2 at a given per¬ 
centage point, we first find that for F 5s5l at the percentage point, and then take 
the reciprocal value. 


f(F) 



Figure 12.4 Illustration of the reciprocal property of F distributions with Fib,io. 
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12.5 

Student’s 

Distributions 


IfXo, X lt X 2 , 

standard normal variables, then the statistic 


X n are independent 


X, 


-J- (W 

> n 


+ x 2 2 + 


+ X n 2 ) 


is said to have a Student’s, or t , distribution with n df. It is interesting to note that 


Proportional 
height of 
ordinate 



Proportional 
height of 
ordinate 



Figure 12.5 Comparison of t distributions with the standard normal distribution 
for n = 2 and n = 20. 
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t is a ratio of a normal distribution to the square root of a chi-square distribu¬ 
tion. There is a t distribution corresponding to each positive integer. The den¬ 
sity for a t distribution with 5, the number of df, is given by 


m = 


i \ r(5 + i)/2 

v&z) nsm 



-(S+l)/2 

1 


— co 


< t < o o 


Density curves for two t distributions, one with 5 = 2 and one with 5 = 20, are 
plotted against the standard normal distribution in Figure 12.5. 

There are a number of important properties of t distributions worth noting. 
First, a t distribution ranges from — go to oo just as does a normal distribution. 
Second, like the standard normal distribution, a t distribution is symmetrical 
with mean, mode, and median equal to zero, except that h (t distribution with 1 
df) has no mean. Third, the variance of t h with 8 > 2, is 8/(8 — 2); when 8 < 2, 
t 8 possesses no variance. Fourth, a t distribution has a greater dispersion than the 
standard normal distribution. However, when 8 gets large, U approaches the 
standard normal distribution as a lim it. These o bservations are evident from the 
standard deviation of t h which is V 8/(8 - 2). This quantity is always greater 
than 1, but it comes closer to 1 as 8 becomes larger. In practice, we may treat U 

as n(0,l) when 8 > 30. . 

Table A-X in the Appendix gives critical values at both tail ends, ot i dis¬ 
tributions for a number of select ed percentage points. For example, if X is t 2 , then 

P( —4.303 < X < 4.303) = P(-4.303 < U < 4.303) = 0.95 


From this we see that 

P{h < —4.303) = 0.025, and 
P{h > 4.303) = 0.025 


See Figure 12.5 for 5 = 2. 

Similarly, if X is U 0 , we have 

P(-2.845 < t u < 2.845) = 0.99 
P(< 20 < -2.845) = 0.005 
P(t 20 > 2.845) = 0.005 
P(« 2 „ > 2.528) = 0.01 
P(t n < -1.725) = 0.05 

and so on. As a matter of fact, the column headings of Table A-X are levels 
of significance for two-tail tests. Entries in the body are the critical values 
of t s for such tests. If we would like to have a single-tail test with, say, a = 0.05, 
the critical value is found in the column with 2a = 0.10 for the appropriate num¬ 
ber of df. For example, for Pitu < -1.725) = 0.05, the number -1.725 is found 
in the column headed by 0.10 corresponding to 5 = 20. 
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12.S 

Statistical Inference 
about 

Population Variance 


The unbiased point estimate of variance 

with a sample of size n was defined as 

12 = TWi X ( * “ * )2 

If we divide both sides of this expression by the population variance < 7 2 , then we 
would have 


- = 1 V ( x - g 

<r 2 n - 1 4 \ o- 

which can be written as 

(n - l)s 2 = ^ - x y 

The right side of this result,, from property (5) of chi-square distributions, would 
have a chi-square distribution with n — 1 df, provided that the population is 
normally distributed. 

. Thus, we can formally state: If $ 2 is the variance of a random sample with 
size n taken from a normal population, the ratio (n - l)s 2 /a 2 is x 2 n-i. Or we can 
write ’ 


2 (n - l)s 2 

X 2 = -^- (12.3) 

with § = n - 1. This ratio is an appropriate testing statistic for hypotheses 
about population variances. 

Suppose that the Transit Authority of New York City plans to purchase 
light bulbs for its subway system. The Authority wishes to have bulbs that pos- 
sess not only long life but also a high degree of uniformity. It decides, on the basis 
oi past experience, that the variance should not exceed 250 hours. Now, a test of 
20 bulbs of a certain make yields a mean life of 1000 hours, which is considered to 
be satisfactory, but with a variance of 300 hours 2 . Does this result indicate that 
the papulation variance exceeds 250? 

Following the general procedure of testing developed in Chapter 10, we 
have now the following test: 

1. Hypotheses: H 0 : O- 2 < 250 
Hi: <r 2 > 250 


2. Level of Significance: Arbitrarily set at 0.05. 
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3. Testing Statistic: x 2 

with 5 = n — 1 = 19 


(n — l)s 5 


which has a chi-square distribution 


4. Decision Rule: Since P(xn 2 > 30.14) = 0.05, will be rejected if and 
only if the observed chi-square value is greater or equal to 30.14, and H 0 will be 
accepted if and only if the observed chi-square value is less than 30.14. 


5. Computations: 


(20 - 1)300 
~ 250 


22.80 


6. Decisions: Since the observed x 2 falls in the acceptance region, H 0 cannot 
be rejected. This sample result, in other words, is not sufficient evidence for us to 
conclude that cr 2 > 250. The Authority may, therefore, consider this make of 
light bulb satisfactory and decide on its purchase. 

Tests on variances are typically of the upper-tail variety, since we are usually 
concerned with the fact that the variance may be too large. When we wish to 
conduct a two-sided test with chi-square distributions, we divide the region of 
rejection into two equal parts. For instance, if 5 = 19 and a = 0.05 as in the 
previous test but the alternative is stated as u 2 ^ 250, we would reject H o if 
X 2 < 8.91 or if x 2 > 32.85. In other words, we find the x 2 value which has 97.5 
percent of the area to the right of it (8.91) and the value has 2.5 percent of the 
area to the right of it (32.85). Note that P(8.91 < X 19 2 < 32.85) = 0.95. 

To have an interval estimate of a 2 , as before, we try to construct a confidence 
interval such that it will contain a 2 at a specified confidence probability, l — a. 
Such an interval may be made by using the information that if equation (12.3) is 
solved for a 2 , we would have 


, (n ~ l)s 2 

x 2 

Now, inserting the values of (n — 1), s 2 , and x 2 , we can estimate the lower and 
upper confidence limits for a 2 . Specifically, the confidence interval for a 2 is 


(n - l)s 2 

X 2 (n—l,a/2) 


< O' 2 < 


(n — l)s 2 

X 2 (n-l,l-«/2) _ 


= 1 — Q! 


(12.4) 


That is, for a 2 , the lower (L) and upper (U) confidence limits are 


(n — l)s 2 

-, 

X 2 (n-l,a/2) 


and 


(n — l)s 2 

X 2 (n — l,l-a/2) 


These chi-square values depend upon the number of degrees of freedom and the 
confidence level. These are indicated by the subscripts to x 2 in the foregoing ex¬ 
pressions. What we should note once more is that the x 2 table gives the probability 
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that a given x 2 value is exceeded. Thus, if we desire to have a 95 percent confidence 
interval, we should choose the value of x \ 0.025 for the lower confidence limit and 
the value of x \ 0.975 for the upper confidence limit. Similarly, if 1 — a = 0.99, 
then values of X\ 0 .oo5 and X 2 j, 0.995 should be used for the lower and upper confidence 
limits, respectively. It is interesting to observe that the larger chi-square value is 
used for L and the smaller chi-square value is used for U in constructing a confi¬ 
dence interval for a 2 because, as can be seen from equation (12.3), x 2 and a 2 are 
inversely related. 

As an example, let us now construct a 95 percent confidence interval for a 2 , 
using the illustrative material from the preceding test. Recalling that, in this 
instance, n = 20 and 3 2 = 300, we have, therefore, 


Or, 


T (20 - 1)(300) 

/ J -—- ' 

_ (19) (300) 

X 2 19,0.025 

32.85 

II 

To 

0 

1 

CO 

0 

0 

_ (19)(300) 

X 2 19,0.995 

8.91 


= 173.5, and 


= 639.7 


173.5 < o- 2 < 639.7 


The confidence interval for the standard deviation can be derived directly 
from that for the variance. This is done by taking the square roots of the limits 
for <t 2 . Thus, the corresponding 95 percent confidence interval for our illustrative 
problem is 

•\/l73.5 < a < \/639.7; that is 13.2 < a < 25.3 

Sometimes, especially in the case of estimating a 2 , we are concerned with only 
an upper confidence limit, not with the lower. In such a situation, we state that 
the variance is equal to or less than some specific value. Namely, we are interested 
in constructing a confidence interval of the form 0 < a 2 < U with a confidence 
probability of 1 — a. Here, U can be found by the expression 


(n - l)s 2 
X (ft— 1, 1—a) 


(12.5) 


where the xs 2 is that value which has 1 - a of the area to the right of it. Here, 
0 < a 2 < U is called a one-sided confidence interval , with 1 — a, and corresponds 
to an upper-tail test at a . 

The 95 percent one-sided confidence interval for the light bulb illustration has 


(20 - 1)(30Q) = (19) (300) 

X 2 19,0.95 10.12 3 


With this value of U , we see that 0 < a 2 < 563, which contains the hypothetical 
value of 250 in the null hypothesis for the previous test. This explains once again 
why H 0 was not rejected. 

There is naturally a corresponding confidence interval of the form 
L < a 2 < 00 , which is simply called the other one-sided confidence interval 
but which is of little practical significance. Why? 
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In concluding this section, we point out that chi-square is an amazingly ver¬ 
satile statistic. In addition to its use for inference with variances, it can also be 
used to test any hypothesis concerning categorical data, of which the binomial 
form is but a special case. With categorical data, observations consist mainly of 
frequencies occurring in the various classes or compartments of a table of simple 
or multiple classifications. Owing to the differences in classification and in reasons 
for testing, chi-square tests can be identified as those most useful to determine 
frequencies of one-way classification within two or more categories, the goodness- 
of-fit of a specific probability or density function to sample data grouped into 
several classes, the independence of cross classifications (or contingency tables), 
and homogeneity. These chi-square tests constitute a part of what is called non- 
parametric statistics, a topic to be surveyed in Chapter 14. 


12.7 
F Test 

of the Equality 
between Variances 


We turn now to consider the problem of 
comparing two population variances. If we have two populations, Ai and X 2 , 
with variances a i 2 and a 2 2 respectively, we would naturally wish to ascertain 
whether these variances are equal or one is greater than the other. One convenient 
way to do this is to compute the difference between two sample variances. 
Another obvious procedure is to form a ratio of sample variances. 

If the two samples are independent, then sample variances would be independ¬ 
ent. Furthermore, if populations are normal (or approximately so) and the samples 
are large, n i > 100 and n 2 > 100, we could then construct a large sample test 
for o-i 2 -T- o- 2 2 on the basis of Si 2 — 3 2 2 , which is an asymptotically normally dis¬ 
tributed statistic. 

Usually, when samples are small, though other assumptions mentioned above 
are fulfilled, we would use the ratio of the sample variances as the basis for com¬ 
parison of population variances. This procedure has two advantages: First, the 
ratio is independent of scale, provided that both populations are given in the 
same units. Second, the probability distribution of this ratio, under the null 
hypothesis that ai 2 = <r 2 2 , is independent of population parameters. Let us see 
how this ratio is distributed. 

When we have available two sample variances, Si 2 and s 2 2 , derived from two 
independent samples with n\ and n 2 drawn from two normal populations with 
o-i 2 and o- 2 2 , then Si 2 would be an unbiased estimator of ai 2 and (n x — 1 )si 2 /<ti 2 
would have a x 2 distribution with Si = ni — 1. Similarly, 3 2 2 would be an unbiased 
estimator of <T 2 2 and ( n 2 — 1 )s 2 2 /ct2 2 be distributed as x 2 with S 2 = n 2 — 1. 
Under the assumption that <ti 2 = tr 2 2 , the ratio of these two estimators would be 


distributed as F Sl s 2 . That is, 

F&i&t 


S2 2 


n!Si 2 /(ni — 1 ) 

n 2 s 2 2 / (n 2 — 1) 



( 12 . 6 ) 
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To use (12.6) as the testing statistic for comparing two population variances, 
we state the null hypothesis either as <ti 2 /o- 2 2 - 1 or as <n 2 = <r 2 2 . If the alternative 
is one-sided, it usually takes the form of an upper-tail test; namely, <n 2 > o- 2 2 . 
Under this alternative, H 0 would be rejected if F is too large for the specified level 
of a. If the alternative is two-sided, that is, <ti 2 ^ cr 2 2 , H 0 would be rejected if F 
is either too small or too large. We may note also, with F tests, that the larger 
sample variance is used as the numerator due to the designation of H 0 . 

Suppose that the purchasing agent for a truck company is considering buying 
either Make A or Make B tires, which appear to have the same mean durability, 
but he is not quite sure about their variability. To determine whether their 
variances are the same, he draws one sample from each make of tire and obtains 
the following results: 

n A = 16 n B = 21 

Sa 2 = 9,965 miles 2 $ B 2 = 5,261 miles 2 

There is evidently a difference in sample variances, but is it significant or is it 
just due to chance variations? 

1. Hypotheses: H Q : <ta 2 = <7 B 2 

H 1 : ua 2 > o - B 2 

2. Level of Significance: a = 0.10, arbitrarily set. 


3. Testing Statistic : 7i 2 Ab 2 which is distributed as Fi 5(20 

4. Decision Rule: Reject H 0 if and only ifF > 1.84, sinceP(Fi 5 , 20 > 1.84) = 

0 . 10 . 


5. Computations: With data given before, 


F 15,20 


9965 

5261 


1.894 


6. Decisions: The critical value of F falls in the rejection region. Ho is false. 
Make B tires should be bought; if the make does not differ from A in other 
aspects. 

Typically, the comparison between two variances is made with an upper-tail 
test rather than with a two-tail test, since it is obviously more meaningful to 
ascertain if one variance is significantly greater than another, <ri 2 > <r 2 2 , rather 
than to determine if two variances are significantly different from each other, 

Cl 2 7 * cr 2 2 . 

If, for some reason, a two-tail test is desired, it can be made with the F test 
easily. For example, if we wish to test a a 2 = <r B 2 against a a 2 p* <r B 2 with data in 
the previous illustration, with a = 0.10 as before, then H 0 will be rejected if the 
computed F value is greater than 2.20 or if it is less than 1/2.33. These critical 
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values are found by noting that P(Fu )2 o > 2.20) = 0.05, and that P(F 15,20 < 
1/2.33) = 0.05. The smaller rejection value is obtained by utilizing the reciprocal 
property of F distributions. Since we know that P(F 20 , 15 > 2.33) = 0.05, we 
know then that P(F lb , 20 < 2.33) = 0.05. Note that the computed F value for 
this case is 1.92, which falls in the acceptance region 1/2.33 < F 15,20 < 2.20. 
Therefore, Ho cannot be rejected at a = 0.10 for the two-sided alternative. This 
illustrates once again that the same sample data may be significant for a single¬ 
tail test but insignificant for a two-tail test. 


12.8 

Inferences with 
Student’s Distributions 


We shall in this section discuss the ap¬ 
plication of t distributions in making statistical inferences about expected values 
and about the difference between two expected values. 

INFERENCES WITH n WHEN a IS UNKNOWN AND n IS SMALL 

When we test hypotheses about ju, because of large sample size we often assume 
that the unknown population standard deviation maybe replaced by the sample 

standard deviation; namely, instead of (x - v)/(<r/\/n), we use (x - m)/ (&/Vn) 
as the testing statistic. The latter expression is assumed to be distributed approxi¬ 
mately as a standard normal variable. The denominator in this ratio, &/\/n — 
s/'s/n, however, is a random variable and it can hardly be considered as a con¬ 
stant when samples are small._But noting that (x - n) is a normal variable 
with zero mean, and that s/Vn is the square root of a chi-square variable with 
5 = n — 1 , by definition, then the ratio 


i/y/n 


is distributed as t n - 1 - 

To illustrate the t test concerning /x, let us assume that a medical research 
center announces that it has succeeded in developing a treatment for high blood 
pressure that can reduce a patient’s blood pressure by more than 20 points. 
Learning about this, a doctor tries the new treatment on ten of his patients who 
are suffering from high blood pressure. As a result, he finds that their blood 
pressure has been reduced by 21.5 points on the average, with a standaid devia¬ 
tion of 1.5 points. If the doctor is interested in finding out whether the new 
treatment is as effective as claimed by the research organization, by using the 
following t test he could determine this on the basis of the information he has 
obtained from his trials. 





388 CHI-SQUARE, F, AND STUDENT'S DISTRIBUTIONS 

1. Hypotheses: H 0 : g < 20 

Hi. g > 20 

2. Level of Significance: a = 0.01 

3. Testing Statistic: i = (x — g)/(s/Vn) which is distributed as t 9 . 

4. Decision Rule: SinceP(* 9 > 2.821) = 0.01, he would accept H 0 if t < 2.821. 
Note: the critical value 2.821 is found from the column headed by 0.02 and the 
row headed by 9df in the t table. The column under 0.02 is used for our upper-tail 
test at a = 0.01 because, as stated before, the t table is constructed with two- 
sided critical values. 


5. Computations: 


1.5 


and 


n = 10, x = 21.5, $ = 1.5, & s = —= = 0.474 

V10 


J x - n 21.5 - 20.0 

0.474 ~ 3 ' 16 


6. Decisions : The difference, 1.5, between the sample mean and the hypothe¬ 
sized population mean is significant. H 0 is rejected in favor of H j. If there are no 
undesirable side effects from the use of the new treatment, the doctor may decide 
to use it exclusively henceforth. 

The confidence interval for g with coefficient 1 - a in terms of t distributions 
is given as 


/ x — fx 

I fit—1;«/2 ^ ■ < i n — 

\ Gx 


l;a/2^ = 1 — a 


which can be rearranged to yield 

P(X — t n -l ;a /2Gx < fX < X + t n -— 1 — a 

From this, we see that the desired confidence limits for g can be written as 
follows: 


$ i tn—l;a/20'x (12.8) 

As an illustration, supposing we wish to have an interval estimate of the mean 
tensile strength of malleable iron castings produced by a certain factory, we may 
first draw a random sample of, say, 17 castings for observation. Suppose, further¬ 
more, we find that, for this sample, 


x = 57,000 psi, and § = 1600 psi 
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With these data,' a 95 percent confidence interval may be constructed in accord¬ 
ance with (12.8), as below: 

£ ± <1«;0.02B*S = 57,000 ± 2.12 
or 

56,175 < ii < 57,825 

Confidence intervals constructed with t distributions can be interpreted in the 
same way as those with the normal distribution. It is important, however, to 
note two points: First, the confidence interval constructed with a small sample 
is wider or less precise than that with a large sample. This is not only because a 
small sample has a larger standard error but also because the t multiple is larger 
than the k multiple (for the normal case). Second, if a is known, confidence inter¬ 
vals for many different random samples of the same size would have the same 
width, even though they might have different mid-points, which are the different 
sample means. The reason here is that the standard error is a constant when the 
population standard deviation is known. When a is unknown, the standard error 
is a random variable itself which varies in value from sample to sample. As a 
result, confidence intervals for different sample means, computed from samples of 
the same size, will have not only different mid-points but also unequal widths. 
This last observation, however, should not lead to the wrong inference that confi¬ 
dence intervals constructed with estimated standard errors from small samples 
have a different meaning. They are still probability statements and should be 
interpreted in the same way as those constructed under the assumption of 
normality. 

INFERENCES CONCERNING TWO POPULATION 
MEANS WITH SMALL SAMPLES 

In making inferences about two population means when samples are small and 
population variances are not known, it is again appropriate to employ the t 
distribution. To test the hypothesis that two population means are equal, we use 
the following ratio as the testing statistic: 


a Lx 

where the denominator is the estimated standard error of a difference between 
two sample means made under the assumption that the two population variances 
are equal as given by equation (12.1). Note that, in (12.9), the numerator is a 
normal variable and the denominator is the square root of a chi-square distribu¬ 
tion with ni + fit — 2 degrees of freedom. Therefore, this ratio is distributed as 
in 1 -\n 2 — 2 * 

Suppose we are interested in discovering whether or not there is any real differ¬ 
ence between the average annual earnings of carpenters and house painters in a 
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certain city. We draw two independent samples which yield the following 
information: 


Carpenters 
n i = 12 men 

Xi = $6000 

Si = $750 


House Painters 
71% = 15 men 
x 2 = $5400 

S 2 = $600 


Based on these data, we may conduct the following t test: 

1. Hypotheses: H 0 : mi = M 2 

Hi", fli fl2 

2. Level of Significance: a = 0.05 

3. Testing Statistic: t = (x i — x 2 )/&ax which is distributed as £„ 1+ „ g _ 2 = £ 2 5 . 

4. Decision Rule: With a = 0.05 for a two-sided test, the acceptance region 
is defined as -2.06 < t 2 5 < 2.06. Reject H 0 if t < -2.06 or if t > 2.06. 


5. Computations 

^ = V' 


Estimator of pooled variance: 


nisi 2 + n 2 «2 


W = J(12 


(12)(750) 2 + (15)(600) 2 


697 


Mi + »! - 2 v 12+15-2 
Estimate of standard error of the difference between two means: 


0-A 


* = 6 sj- 


Til + 7^2 
Til'll 2 


= 697 


4 


12 + 15 
(12)(15) 


= 269.74 


Critical ratio: 


xi - x 2 __ 6000 - 5400 
c Ax 269.74 


2.224 


6. Decisions: The critical ratio is significant. The null hypothesis that 
carpenters and house painters have the same annual earnings is rejected at the 5 
percent level of significance in favor of the alternative hypothesis that their 
annual average earnings are different. 

As another example, suppose an agricultural experiment showed that 7 test 
plots planted with one variety of corn yielded, on the average, 95.5 bushels per 
acre with a standard deviation of 6 bushels per acre; whereas 6 plots planted with 
another variety of com yielded 86.7 bushels per acre with a standard deviation 
of 5.5 bushels per acre. In order to ascertain whether the mean yield of the first 
variety is significantly greater than that of the second, the research scientist 
conducted the following test: 

1. Hypotheses: H 0 : m < g 2 

Hi: m > 112 
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2. Level of Significance: a = 0.05 

3. Testing Statistic: (xi — X2)/ctax, which is distributed as £ 7 + 6 - 2 . 

4. Decision Rule: Reject H 0 if t > 2.201 , since P(t n > 2.201) = 0.05. 


5. Computations: Sample information gives 


We have then 


n i = 7 n 2 = 6 

X‘i = 95.5 bu. X 2 = 86.7 bu. 

si = 6.0 bu. §2 = 5.5 bu. 





95.5 - 86.7 
7(6) 2 + 6(5.5) 2 I 
” 7 + 6-2 V 


== = 2.521 
7 + 6 

(7) (6) 


6. Decisions: Reject H 0 . The first variety of corn has a greater mean yield. 


In our first, illustration of t tests concerning two population means, we con¬ 
cluded that the average annual earnings between carpenters and house painters 
are different. If we desire to know the range within which such a difference would 
fall at a given level of probability, we then need to construct a confidence interval 
for A fji. In general, with a confidence coefficient of 1 — a, the confidence interval 
for Afi is given as 


A# + -a / 2&Ax (12.10) 

where d = ni + w 2 — 2. 

Now, if we wish to construct a 95 percent confidence interval for the carpenter 
and house painter data, we have 


or, 


A* + £ 2 5 ; 0 . 0250 ’A.c = (6000 - 5400) ± 2.201(269.74), 
$6.57 < A ijl < $1193.43 


Thus, the chances are 95 out of 100 that the true difference in annual average 
earnings between carpenters and house painters ranges from 6.57 to 1193.43 
dollars. 


INFERENCES CONCERNING TWO POPULATION MEANS 
WITH DEPENDENT SAMPLES 

So far, comparison between two expected values has been made under the assump¬ 
tion of independent samples. Two samples are said to be independent of each 
other if the elements in one are not related to those in the other in any significant 
or meaningful manner. Occasions may arise where we are called upon to compare 
two population means on the basis of sample means computed from two de- 
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Worker 

First Study 

Second Study 

d 

d 2 

1 

7 min. 

8 min. 

-1 

1 

2 

8 " 

8 ” 

0 

0 

3 

10 ” 

7 " 

3 

9 

4 

11 ” 

6 ” 

5 

25 

5 

18 " 

10 ” 

8 

64 

6 

16 » 

9 ” 

7 

49 

7 

12 ” 

9 ” 

3 

9 

8 

12 ” 

8 ” 

4 

16 

9 

6 ” 

7 ” 

-1 

1 

10 

12 " 

10 ” 

2 

4 

Total 

112 

82 

+30 

178 


d = 


30 

10 


Sd 


3 minutes, 

IriZd 2 - (2d) 2 1 10(178) - (30) 2 

~ \ ( y~i — n “ \ 


A Sd 
Sd /— 

V n 


n(n — 1) 
3.1273 


Vio 


10(10 - 1 ) 

= 0.9889 minutes, and 


= 3.1273 minutes 


d 3 
~ s- d ~ 0.9889 


3.034 


6. Decisions: Since the computed t value falls in the critical region, H Q is 
rejected. The training program is evidently of some help in reducing the average 
assembly time. 

We can also compute a confidence interval for the true difference between two 
population means with two dependent samples in the familiar way 

d + t n -l-a/2Sd- (12.12) 


12.9 

Relationships among 
Sampling Distributions 


We have now introduced all the major 
sampling distributions: the binomial, normal, chi-square, F, and t distributions. 
It is worth noting that these are not empirical but theoretical distributions; 
none is empirical in the sense that an experimenter has actually taken a large 
number of samples and discovered that the sample values occur according to the 
relative frequencies given by the function rule. Each is a theoretical distribution 
in the sense that a sampling distribution is deduced mathematically, or by a 
priori reasoning. We have argued that, if simple random sampling of independent 
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observations is made from certain kinds of populations, various sample statistics 
must possess distributions given by the several function rules. As theoretical 
distributions, the assumptions, from which sampling distributions are derived, 
are of great importance since they are the justifications of our methods in making 
inferences. 

In addition to the requirement of simple random sampling, the most basic 
assumption made in deriving sampling distributions is that the population must 
be a normal variable. All the three sampling distributions introduced in this 
chapter rest on the premise of normality. The normal distribution may thus be 
thought of as the parent distribution of these others. We have seen that the chi- 
square distribution is a sum of squares of independent standard normal variables. 
We have also shown that the distribution of sample variance can be solved 
explicitly on the elementary level only for a normal population. Furthermore, 
the distribution of s 2 depends on the chi-square distribution which, in turn, is 
based on the assumption of a normal distribution of single observations. The F 
distribution, as a ratio of two independent chi-square variables, clearly also rests 
on the assumption of normal populations. 

The close relationships among the normal, chi-square, F and t distributions 
can be established in a number of ways. We shall give a few of these which can be 
readily understood. First of all, the t ratio, for instance, may be considered as 
that of a standard normal variable Z to the square root of a variable which is 
independent of Z and which is distributed as x 5 2 /5. That is, 


V x { ys 

To show that this definition of t is valid, we see that 

t = ^ ~ M = ~ m)A = (x - ix)/(v/\/n) 

V s 2 /n V s 2 /na 2 V s 2 /a 2 

The numerator of this t ratio is clearly ?i(0,l) and is the normal sampling distri¬ 
bution of means. Moreover, we know that 


and 


(n — 1)3 2 


= X' 


= M 2 


y2 . 
A n —1 

n — 1 


X 5 2 /<$ 


It follows, therefore, that 


t - Z 
VXsVS 

The relationship between t and F distributions can be easily established by 
squaring both sides of the previous expression to obtain 
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By definitions, the numerator of t 2 is Xi 2 and the denominator of t 2 is,X 5 2 = X 2 „_i. 
Hence, t 2 qualifies as F In general, 

t 2 = F 5 = 5i 

That is, the square of t with <5 is an F variable with 1 and <$ 2 degrees of freedom. 

Finally, we know that F is related to chi-square distributions directly. If 
X h 2 and Xu 2 are two independent chi-square variables, then, we can state that 

X S 2 /B 2 

which clearly satisfies the definition that 

_ sj 2 __ gi 2 /o- 2 = xh 2 / 

“ S 2 2 " h 2 /* 2 ~ xh 2 /h 

We note that division of both the numerator and denominator by <r 2 in the above 
derivation to form chi-square distributions automatically specifies the null hy¬ 
pothesis o'i 2 = <j 2 2 in comparing two population variances. 


Glossary of Formulas 


(12.1) = a * /——This is the unbiased estimator of the standard error of Aa. Here 

\ n in 2 

fr 2 is a pooled estimate of two population variances which are assumed to be identical, and it is a 
weighted mean of the two sample variances; namely, & 2 = (nisp T n 2 S% 2 )/(ni + n% — 2). Both 
*Ax and & 2 are said to have m + n 2 - 2 degrees of freedom since two population estimators 
have been employed to compute them. 

(12.2) Y = \/2X — \/28—1 This expression states that if X is distributed as x 2 with 
8 > 30, then Y is approximately distributed as a normal variable. By utilizing this fact we can 
approximate chi-square probabilities by normal probabilities when the number of degrees of 
freedom is large. 


(12.3) x 2 = ~ ^. The ratio on the ri § ht side of this ec luation is distributed as x 2 *-i- 

<r 2 

This statistic is used to test hypotheses concerning population variances. We note the value 
of a 1 is that stated in Ho- 


(12.4) P 


- l)s 2 


< <r 2 < 


(n — l)s 2 


= 1 


This is the general statement of the 


X (n—l.cr/2) X <«-l;l-a/2)_ 

confidence interval for population variance. Note that for this interval, L = (n — l)s 2 /x 2 («-i;«/ 2 ) 
and U = (n - l)s 2 /x\n-i-,i-any Thus, a larger chi-square value is used for the lower, and a 
smaller chi-square value is used for the upper, confidence limits for o- 2 because x 2 and a 2 are 
inversely related. 


(12.5) U = - -— This is the upper confidence limit for a 2 for a one-sided confidence 

X 2 (n-l ;l—a) 

interval, 0 < a 2 < U. This confidence interval corresponds to an upper-tail test for a 2 . 


( 12 . 6 ) F 5 * = 


^i 2 _ nisi 2 /(ni — 1) 

^ 2 2 n 2 s 2 2 /(n 2 — 1) 


The ratio between two independent and unbiased esti- 
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mators of two population variances is distributed as F with Si = rti - 1 and 5 2 = n 2 - 2. This 
is used to test hypotheses concerning two population variances. Under the assumption that 
the two population variances are equal, we would expect this ratio to be close to 1. When F 
deviates greatly from 1, the assumption of equality should be rejected. 

(12.7) t = - When n < 31 and a is unknown, we use this ratio as the testing statistic 

for hypotheses concerning means. This is one of the most important equations in statistical 
i nferences because it employs only sample information. Note that the numerator of this t ratio 
is normally distributed with zero mean, and that the square of the denominator is an unbiased 
estimate of the variance of the numerator. Also, the denominator, estimated standard error 
of x, is the square root of a chi-square variable with 8 = n - 1. Thus, if the numerator is nor¬ 
mally distributed, then this ratio is distributed as t n -i. 

(12.8) £ ± tn—ila/i&x This gives the confidence interval for & in terms of t distributions. Note 
that the t multiple is determined by the number of degrees of freedom and the confidence 
coefficient 1 - or. Also note that 3* = $/yfn. 

(12.9) t = - This statistic, used to test hypotheses concerning two means is dis- 

<7 Ax 

tributed as t with s = m + n 2 - 2. Here, 3 -a* is defined as (12.1). 

(12.10) Ax + ts-a /ktaw Confidence interval for the true difference between two population 
means. In this case, 5 = m + n 2 — 2. 

d 

(12.11) — — This t ratio is used to test the equality between two population means 

s d 

when samples are dependent. Note, d = Xd/n, where n is the number of pairs in the two 
dependent samples, and is the standard error of d and it is equal to 

s d / \/n = \/ [nXd 2 = (Xd*/n(n - 1 )]/\/n 

(12.12) d ± t n - ;a i 2 S 2 Interval estimate of the difference between two population means on 
the basis of two dependent sample means. 


Problems 


12.1 How does large sampling theory differ 
from exact sampling theory? 

12.2 What do we mean by the number of 
degrees of freedom? 

12.3 What are the important properties of 
chi-square, F, and t distributions, respectively? 

12.4 Given that z p is the percentile score of 
the standard normal distribution, show that 



Xp 2 = 

H (*p + Vny 

12.5 

If Z is X 40 2 , 

find P(X < 30). 

12.6 

If Z is X 50 2 , 

find P(X < 69.5). 

12.7 

For 8 = 50, 

find x 2 - 9 5 . 

12.8 

For 8 = 90, 

find x 2 . 95 , x 2 . 99 , x 2 . 975 , and 


x 2 025- Compare your answers with the exact 
chi-square values. 

12.9 In the past, scores on tests of elemen¬ 
tary statistics have been found to be approxi¬ 
mately normal with a variance of 100. A class of 
31 students now taught by an outstanding 
statistician whose method of teaching seems 
to favor the bright students and to penalize 
the poor students is expected to have a wider 
dispersion of test scores. Suppose that this 
class of 31 students can be considered a 
random sample and suppose that the variance 
of scores of these students in the final exami¬ 
nation is found to be 150, can we conclude 
that this instructor’s method of teaching 
results in a wider dispersion at the 5 percent 
level of significance? At a = 0.01? 
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12.10 Construct a 95 percent two-sided and 
a 95 percent one-sided confidence interval for 
a -2 with data in the preceding problem. 

1241 Sixteen steel wires tested for tensile 
strength yielded a variance of 140 pounds 2 . Is 
this result consistent with the belief that the 
population variance is greater than 125 pounds 2 
at a = 0.10? a = 0.05? 

12.12 Construct a 95 percent two-sided and a 
95 percent one-sided confidence interval for <r 2 
with data in the preceding problem. 

12.13 Diameters of a certain make of tube 
are assumed to be normally distributed. Test 
the hypothesis o- 2 = 0.2 against a 2 > 0.2, at 
a = 0.10, given the 10 observations 5.5, 5.4, 
5.4, 5.6, 5.8, 5.7, 5.4, 5.5, 5.4, and 5.6 inches. 
Would you reach the same conclusion at 
a = 0.05? a = 0.01? 

12.14 A random sample of 250 units of canned 
tomatoes is drawn and the variance for weights 
of the cans is found to be 5 ounces 2 . What is 
the 99 percent confidence interval estimate 
for <r 2 ? 

12.15 The variance of the lifetimes of a sam¬ 
ple of 200 electric light bulbs is 90,000 hours 2 . 
Find (a) 95 percent and (b) 99 percent con¬ 
fidence limits for o- 2 . 

12.16 Find confidence intervals for o- with 
data in the preceding two problems for 
1 - a = 0.99. 

12.17 Two methods of performing a certain 
operation are compared. The results are 
assumed to be normal variables, with possible 
differences in expectations and variances. 
Suppose data obtained yield the following 
information: 

Xi = 72.50 S! 2 = 8.6 m = 13 

x 2 = 66.05 S2 2 = 6.1 n 2 = 7 

Test the hypothesis that the two variances are 
equal at a = 0.10. 

12.18 With data in the preceding problem, 
can we accept H d if the alternative hypothesis 
is <ti 2 ^ era 2 at a — 0.10? 

12.19 Suppose there are two sources of raw 
materials under consideration. Both sources 
seem to have similar characteristics, but we 
are not sure about their respective uniformity. 
A sample of ten lots from Source A yields a 
variance of 250, and a sample of eleven lots 
from Source B yields a variance of 195. Is it 


likely that the variance of Source A is sig¬ 
nificantly greater than the variance of Source 
Bata = 0.10? 

12.20 Would you reach the same conclusion 
for a two-tail test with data in'the preceding 
problem? 

12.21 A random sample consisting of ten 
colleges in New York State yields the following 
minimum salaries for instructors: 5000, 5400, 
6000, 5200, 4700, 7200, 5400, 9000, 8000, and 
7500. A random sample of eight colleges in 
California gives the following information on 
minimum salaries: 7400, 6000, 6500, 6200, 7500, 
7800, 8000, and 8200. Test the hypothesis 
<x n 2 = cr c 2 against <j n 2 ^ o- c 2 at a = 0.02. 

12.22 The producer of a certain make of 
flashlight dry-cell batteries claims its output 
has a mean life of more than 750 minutes. 
Suppose a sample of 15 of these batteries has 
been tested and yielded the following values: 
730, 759, 725, 740, 754, 745, 750, 753, 730, 780, 
725, 790, 719, 775, 700. From these data, can 
you conclude that the producer’s claim is 
valid at a 1 percent level of significance? 

12.23 A sample of ten measurements of the 
diameter of a sphere gives a mean of 4.08 
inches and a standard deviation of 0.05 inches. 
Is this information consistent with the fact 
that the manufacturing process is adjusted to 
produce diameters with n = 4 inches, given 
a = 0.05? (Hint: you should conduct a two- 
sided test here.) 

12.24 A meat cannery has just installed a 
new filling machine. A random sample of 20 
filled cans yields a mean weight of the con¬ 
tents of 16.05 ounces with a standard devia¬ 
tion of 1.5 ounces. 

a. Make an interval estimate pf the true mean 
with 1 — a = 0.95. 

b. If the net contents of each can is supposed 
to be 16 ounces is the machine properly 
adjusted? 

12.25 Construct a 95 percent confidence 
interval for n with the data ih Problem 12.23. 
In view of this interval, what can you say about 
the conclusion reached for Problem 12.23? 

12.26 Two working designs are under con¬ 
sideration for adoption in a plant. A time and 
motion study shows that 12 workers using 
Design A have a mean assembly time of 300 
seconds with a standard deviation of 12 
seconds, and that 15 workers using Design B 
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have a mean assembly time of 335 seconds 
with a standard deviation of 15 seconds. Is 
the difference in mean assembly time between 
the two working designs significant at a 1 per¬ 
cent level of significance? 

12.27 Construct a 99 percent confidence in¬ 
terval for the true difference between mean 
assembly times of the working designs in the 
preceding problem. 

12.28 Test the hypothesis that m = ^ 

against that m > n 2 with a = 0.05 for data in 
Problem 12.17 and construct a 95 percent 
confidence interval for A/j, with the same data. 

12.29 Test the hypothesis that m = m 

against that m ^ ^ with data in Problem 
12.21 at a = 0.02. Construct a 98 percent con¬ 
fidence interval for An with the same data. 

12.30 To compare the efficiency of standard 
and electric typewriters, eight typists are 
chosen at random and thoroughly oriented to 
the operation of both kinds of typewriters. 


Typist 

Average Speed per Minute 

Electric 

Standard 

1 

75 

79 

2 

89 

62 

3 

79 

54 

4 

85 

67 

5 

102 

81 

6 

115 

78 

7 

97 

66 

8 

69 

73 


Then they are asked to type on each kind of 
typewriter for ten minutes and their speeds, 
measured as average number of words typed 
per minute, are observed. The results of this 
experiment are shown in table in first column. 
Can you conclude that the two types of type¬ 
writers are different in efficiency? 

12.31 Suppose that a big corporation would 
decide to buy the standard typewriters for use 
unless the average speed of the electric type¬ 
writers is 30 words per minute greater than 
that of the standard typewriters with a prob¬ 
ability of 0.99. In view of results obtained in 
the preceding problem, how would the cor¬ 
poration decide? 

12.32 Ten students are selected at random 
and their final grades in physics and eco¬ 
nomics show these results: 


Student 

1 

2 

3 

4 

5 

Physics 

66 

72 

50 

81 

62 

Economics 

75 

70 

65 

88 

59 

Student 

6 

7 

8 

9 

10 

Physics 

73 

55 

90 

77 

85 

Economics 

85 

60 

97 

82 

90 


Can you conclude that the mean grades in 
these two subjects are different? Construct a 
95 percent confidence interval for the true 
mean difference for this illustration. 
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ANALYSIS 

OF 

VARIANCE 


13.1 

Introduction 


We have now learned how to make in¬ 
ferences about expectations, proportions, and variances of one or two populations 
from samples selected from these populations. We have also discovered that the 
chi-square tests provide us with a method of comparing more than two sample 
proportions. Now we naturally wish to know if there exists a general procedure 
by which more than two sample means can be evaluated. Obviously, such a pro¬ 
cedure is important in statistical analysis, because situations often arise in which 
the researcher may be interested in conducting an experiment for evaluating 
several designs, methods, products, and so on, rather than in designing an ex¬ 
periment for comparing a new theory or process with the standard one. For 
example, one may wish to compare the efficiency of three work designs for assem¬ 
bling a mechanism, or to evaluate the performance of four different makes of 
auto tires, or to study the relative productivity of k different kinds of fertilizers. 

Clearly, it would be grossly inefficient to compare several samples by pairing 

them two at a time because, if there are, say, five samples, we would have 
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10 different tests to perform. Furthermore, even if we have made ten such tests, 
we may still not be able to generalize about all the five populations, from which 
the samples are drawn, at the same time. Worse still, it is easy to show that such 
a tedious and time-consuming procedure actually has a high probability of leading 
to wrong conclusions pairwise. If we were to have ten t tests on the ten possible 
pairs of the five sample means, the probability of our arriving at a correct decision 
of no significant difference would be 0.95, given a 5 percent level of significance. 
Thus, the probability for our arriving at correct conclusions for all the ten t tests 
would be 0.95 10 ; namely, the probability of obtaining at least one wrong conclusion 
would be as large as 1 — (0.95) 10 = 0.401. That is, more than 40 percent of the 
time we would make a Type I error. It is easy to see that the larger the number 
of samples to be evaluated, the greater the probability is of making wrong deci¬ 
sions. In short, the method of comparing only pairs of samples is at once uneconom¬ 
ical and inefficient for the ultimate purpose of comparing several populations 
together. 

The efficient procedure that has been developed to compare several sample 
means is known as the analysis of variance , a name derived from .the fact that 
this analysis is based on the comparison of variances estimated from various 
sources. This statement will become clear as the reader proceeds to learn about 
this new tool. 

The analysis of variance originated in agrarian research and its language is 
thus loaded with such agricultural terms as blocks (referring to land) and treatments 
(referring to populations, or samples, which are differentiated in terms of varieties 
of seed, fertilizer, or cultivation methods). Today, procedures of this analysis 
find useful application in nearly every type of experimental design, in natural 
science as well as in social sciences. The reason for this widespread use is that the 
analysis of variance is amazingly versatile: it can be readily adopted to furnish, 
with broad limits, a proper evaluation of data obtained from a large body of 
experiments which involve several continuous random variables. It can give us 
answers as to whether different sample data classified in terms of a single variable 
are meaningful. It can also provide us with meaningful comparisons of sample 
data which are classified according to two or more variables. In each case, the 
answer would involve significance, or lack of it, for each variable classification as 
well as possible joint effects of the variables—treatment combinations. 

In this chapter, no attempt will be made to have a full coverage of this vast 
field of statistical techniques. Our goal is to introduce the reader to some of the 
simple models that are frequently encountered in economic and business research. 
The models introduced here, in order of our presentation, are 

(1) Completely randomized, one-variable classification model 

(2) Randomized-blocks, one-variable classification model 

(3) Completely randomized, two-variable classification without replication 
model 

(4) Completely randomized, two-variable classification with replication model 

(5) Randomized-blocks, two-variable classification with replication model 
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13.2 

Completely 
Randomized , 

One-Variable 
Classification Model 

THE MODEL 

Suppose that we have c populations, Ai, A 2 , • • * , A c , each normally distributed 
with mean m and all possessing a common variance a 2 . These populations are often 
called treatments —representing c kinds of soybeans, c ways of teaching economics, 
or c makes of machines for producing a certain type of output. These c populations 
are assumed to possess a common variance, since there is reason to believe that 
different treatments used for the same purpose may differ in central tendencies 
but not in dispersion. Furthermore, we conceive that these populations together 
constitute a grand population with mean p, called the grand population mean, 
defined as 



i 


Under the preceding two assumptions, we wish to test the null hypothesis that 
all the treatment means are equal; that is, 

Mi = M2 — • • • = Me 

If this Hq is true, then we would expect Mi — M- However, if Ho is false, then we 
would expect Mi to deviate from m by a quantity, say, a l ; that is, 

a i == Mi ~~ M? i = 1, 2, • * * , c 

where on, for obvious reasons, are called treatment effects. By the property of the 
arithmetic mean, we must have 

— m) =0 

For the previous arguments we can also see that 

Ml “ M2 — • • ' ~ Me 

and 

ai — 0 

are equivalent statements, since when we say that the treatment means are equal, 
we imply that the effects due to treatments are nil. 

Now, we assume that Xy, the j th observation in the fth sample, are normally 
distributed about Mi and we state that Xy — Mi + Here, e# are deviations of 
> Xy from Mi due to chance fluctuations in random sampling. The ea are called the 
error term, or residuals, and are assumed to be independent and distributed nor- 
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mally with zero mean and a variance identical with the common variance, <r 2 , for 
the treatment populations. 

Finally, noting that in = g + ai, we have as the basic model for the completely 
randomized, one-variable classification experiment the following linear form: 

%ij — Hi + €ij ~ g + at + e t j (13.1) 


THE ANALYSIS 


The central core of the analysis of variance, irrespective of the type of model, 
lies in the partitioning of the total sum of squares into meaningful and distinct 
portions. To see how this is done for our present model, let us first arrange the data 
obtained from c samples, each with r observations, into a general form as shown 
by Table 13.1. 

From the data in Table 13.1, two summary statistics can be computed. 

(1) Xi. = the sample mean of the fth column 


-iV 

rii L-i 


Ui 


(Xu + Xi2 + 


+ %ir) 


which is an unbiased estimate of m. Note that the dot (.) in the notation 
Xi. indicates that the column mean is obtained by summing on the index j. 
(2) £ = the grand sample mean 



h (2 xis+ 2 + 

3 3 



which is an unbiased estimate of g. Here, N = n\ + + • • • + n 0 . 


The variability of the set of i experimentally different samples can be parti¬ 
tioned into two distinct parts in terms of the sum of squared deviations about the 
grand sample mean. Each observation, Xij, in sample i is expected to deviate from 


TABLE 13.1 SAMPLE DATA OF THE LINEAR MODEL 


Sample 


Observation 
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the grand sample by the amount ( XiJ - X) which can be thought of as comprised 
oi two parts, ^ 

(x,j - x) = {Xij - Xi) + ( Xi . - X) 

The first component on the right of this expression is the deviation of Xij from the 
mean of sample i. The second term is the deviation of the sample mean from the 
grand sample mean. Clearly, ( Xij - g) i s an estimate of (,r„ - M ) and the two 
terms on the right are estimates of e h and a,- respectively. 

* * wu' lf W ® square the deviation from x for each observation in the sample and 
tota these squared deviations over all individuals j in all sample' groups i we 
would then have ; ’ 

I J 0,7 - x) 2 = J y ((a* - xg + - £))* 

1 j i j 

= Z Z *■ Xii ~ + Z Z - ^) 2 + 2 ^ y (- x) 

1 3 i j i j 

The last, term m this expression is 0, since the value represented by the term 
(Xi. x) is the same for all j in group i, and the sum of ( Xij - Xi ) must be 0 
when taken over all j in any group i. Thus, this expression can be written as 


Z Z ( x ’’ 


= Z 2 (Xii ~ 


Total variation: SST 
Variation within (samples) or for error: SSE 




x) 2 Variation between (samples) or between (columns): SSC 


)) 


his identity is often called the “partition of the sum of squares.' 

e logic of the partition of the sum of squares into two distinct parts can be 
put mto intuitive terms quite easily. Observations in any sample will always show 
variability. Differences among individual observations here can come from tiro 
sources. Differences among individuals belonging to different treatment samples 
may lesult either from different treatments or from chance variation, or from 
both. 1 he sum of squares between samples, SSC, reflects the contribution of both 
dilieient treatments and chance to intersample variability. Individual observa¬ 
tions in the same treatment sample, however, can differ from each other only 
lecause of chance variation, since each individual within the group receives 
exactly the same treatment. The sum of squares within samples, SSE, measures 
those mtersample differences due to chance only. Therefore, in any group of i 
samples, it is possible to isolate the two kinds of variability: the sum of square 
ween groups which reflects variation due to both treatments and chance, and 
the sum of square within groups which reflects chance variation alone. 

he sums of squares are computed by expending the binomials which define 
them, as follows: 

SST = SS(x t> . - X) 2 = 22(V - 2 Xii X + X 2 ) 

= 22 Xii 2 - 2.f22y w + NX = 22*;/ - NX 2 


(13.2) 
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SSC = 22(&. - J) 2 = Zniixi. - x) 2 = 'Zriiixi 2 - 2x L x + x 2 ) 

= 'LriiXi 2 — 2£2n$i. + J 2 2n* = XniXi 2 — 2Nx 2 + N$ 2 = — Nx 2 

(13.3) 

SSE = WiXij - Xi) 2 = 22 0^ 2 - + ^- 2 ) 

= 2(2^- 2 - 2 XiZxij + n^. 2 ) = S(S»<y 2 - 2riiXi, 2 + ^. 2 ) 

= SSV - (13>4) 

As a check, we note that SST = SSC + SSE. Also, SSE can be obtained by 

subtraction; that is, SSE = SST — SSC, if we wish. 

The preceding formulas for the sums of squares are applicable for both equal 
and unequal sample sizes. If the null hypothesis that treatment effects are nil is 
true, then each of these three sums of squares, divided by an appropriate number 
of degrees of freedom, is an unbiased estimate of the common population variance 
cr 2 The total number of degrees of freedom in this model is 2V 1, since SST is 
computed with a total of N observations by using the sample grand mean as an 
estimator of /x: one degree of freedom is thus lost. To estimate d 2 on the basis of 
ggQ—variation between column means—the number of degrees of freedom is 
c — 1, since there are c column means to compare, and again the grand sample 
mean is used as an estimator of /z for the calculation of SSC. The number of 
degrees of freedom for estimating <r 2 based on SSE is N — . c, since SSE is obtained 
from all the N observations with thecjgoup means as estimates outlie population 
mean. It is interesting to note that, just as in the case of sums of squares, the 
numbers of degrees of freedom are also additive. Namely, we have here N — 1 — 

(c — 1) + (N — c). , 

Estimates for the common population variance are often called mean squares 
in the analysis of variance. For the present model, as shall be seen immediately, 
we are interested in comparing two mean squares: the mean square between 
column means, MSC = SSC/(c - 1), and the mean square for error, MSE = 
SSE/(2V - c). Note that both MSC and MSE are distributed as chi-squares with 
c - 1 and N — c df, respectively. 


TABLE 13.2 ANALYSIS OF VARIANCE TABLE: LINEAR MODEL 


Source of Variation 

SS 

5 

MS 

Between (columns) 
Within; error 

SSC 

SSE 

c — 1 

N - c 

MSC = SSC/(c - 1) 
MSE = SSE/(V - c) 

Total 

SST 

N - 1 

— 


It is customary to summarize calculations for sums of squares, together with 
their numbers of df and mean squares, in a table called “the analysis of variance 
table.” For the present model, see Table 13.2. 

THE TEST 

For the present model, the pair of hypotheses to be tested is 

H 0 : All treatment means are equal, or au = 0 

H x \ Not all treatment means are equal, or not all on are zero 
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The testing statistic to be used here is the F ratio of MSC to MSE. The rationale 
here is quite simple. Under the assumption that e# are independent and distributed 
normally with 0 mean and a variance identical with a 2 , MSE must be an unbiased 
estimate of <r 2 whether or not H 0 is true, since MSE measures chance variation 
alone. On the other hand, MSC is an unbiased estimate of <r 2 if and. only if H 0 is 
true. When the treatment effects are not nil, MSC actually estimates the quantity 
cr 2 + a, where a is a positive bias and measures the degree of differences in treat¬ 
ments. Under these circumstances, we would expect F e -i,N-e = MSC/MSE = 1, 
or very close to 1, if H 0 is true, and would expect this ratio to be significantly 
greater than 1 if Ho is false. 

Thus, once again, the F test is of the upper-tail variety. When the computed 
value of F is, or is close to, 1, the null hypothesis, = 0, is accepted. When it is 
significantly greater than 1, we conclude that treatment effects are not nil. 

FIRST EXAMPLE: EQUAL SAMPLE SIZE 

Suppose that a manufacturing company has purchased three new machines of 
different makes and wishes to determine whether one of them is faster than the 
others in producing a certain output. Five hourly production figures are observed 
at random from each machine, and the results are presented in Table 13.3. What 
conclusions can be drawn at a = 0.05? At.a. = 0.01? 

Following our general procedure of testing, the foregoing questions can be 
answered by the following test: 

1. Hypotheses: iJ 0 : Mi — M 2 = M3 

Hi: Not all three m are equal 

2. Level of Significance : a = 0.05, 0.01 

MSC 

3. Testing Statistic: F 2 t n — -f—f;* Note: for thisP, 5 x = c — 1 = 3 — 1 = 2, 

Mbh 

and 5 2 = N — c = 15 — 3 = 12. 

4. Decision Rule: Since. P(F 2> 12 > 3.88) = 0.05 and P(U> 12 > 6.93) = 0.01, 
Ho will be rejected at the 5 percent level if the observed F is greater than 3.88, 
and it will be rejected at the 1 percent level of significance if the observed F is 
greater than 6.70. 

5. Computations: Suppose that sample data are as recorded in the following 
table; then we may compute, quite conveniently, the column group means and 
the grand sample mean first. These summary statistics may be placed at the 
bottom of the table that contains the original data. 

Next we should compute the sums of squares. In doing this, we see that there 
are only three quantities, 22.V, and Nx, in the equations for the three sums 

in this model; therefore it is advisable to compute them first before the sums of 
squares are obtained. 
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TABLE 13.3 HOURLY OUTPUT VOLUMES 
OF THREE MACHINES FOR FIVE HOURS 


Observations 

A x * 

A.2 

As 

Total 

1 

25 

31 

24 


2 

30 

39 

30 


3 

36 

38 

28 


4 

38 

42 

25 


5 

31 

35 

28 


Total 

160 

185 

135 

480 

71 i 

5 

5 

5 



32 

37 

27 

1 = 32 


22.V = 25 2 + 30 2 + • • • + 28 2 = 15,810 

2 niXi 2 = ni(x i. 2 ) + n 2 (V) + h 3 (x 3 . 2 ) = 5(32 2 ) + 5(37 2 ) + 5(27 2 ) = 15,610 
V? 2 = 15(32 2 ) = 15,360 

Finally, the three sums of squares are as follows: 

SST = total variation 

= 22.V - Nx 2 = 15,810 - 15,360 = 450 
SSC = variation between columns (machines) 

= 2mA. 2 - NX 2 = 15,610 - 15,360 = 250 
SSE = variation within columns (error) 

= 22V - = 15,810 - 15,610 = 200 

We may now present these sums of squares, along with their degrees of freedom 
and mean squares, in the following summary table: 


TABLE 13.4 SUMMARY TABLE FOR MACHINE DATA 


Source of Variation 

ss 

5 

MS 

Machines (between columns) 

250 

3-1=2 

125.00 

Error (within columns) 

200 

15 - 3 = 12 

16.67 

Total 

450 

15 - 1 = 14 

- 

_ MSC 

2,12 MSE 

125.00 

16.67 

= 7.50 



6. Decisions! Since the computed value is greater than both 3.88 and 6.70, H 0 
is rejected at both the 5 percent and 1 percent levels of significance. The three 
new machines are significantly different in their mean speeds; or, the machine 
effects are significant. 

SECOND EXAMPLE: UNEQUAL SAMPLE SIZE 

During the past four semesters, four different textbooks have been used in this 
author s class in mathematical economics, and the final grades for the students in 
these four classes are recorded in Table 13.5. In view of these data, can we conclude 
that students’ scores are significantly affected by textbooks? 
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TABLE 13.5 FINAL EXAMINATION SCORES 


Textbook 


(1) 

m 

(5) 

(4) 



60 

80 

97 

$7 



80 

81 

84 

84 



69 

73 

93 

90 



65 

69 

79 

78 




75 

92 

61 




72 




Total 

274 

450 

445 

380 

SSztf = 1549 

n-i 

4 

6 

5 

5 

N = 20 

Xi. 

68.5 

75.0 

89.0 

76.0 

$ = 77.45 


Computations for this example are as follows: 

22^ 2 - 60 2 + 80 2 + • • • + 61 2 = 122,115 
ZnixJ = 4(68.5 2 ) + 6(75.0 2 ) + 5(89.0 2 ) + 5(76.0 2 ) = 121,004 
N(x 2 ) = 20(77.45 2 ) = 119,970 
SST = 122,115 - 119,970 = 2145 
SSC = 121,004 - 119,970 = 1034 
SSE - 122,115 - 121,004 = 1111 


TABLE 13.6 SUMMARY TABLE FOR TEXTBOOK DATA 


Source of Variation 

SS 

5 

MS 

Textbooks (between columns) 

1034 

3 

344.67 

Error (within columns) 

1111 

16 

69.44 

Total 

2145 

19 

— 


F 3,16 


344.67 

69.44 


4.96 


Since P(P 3 ,i6 > 3.24) = 0.05 and P(P 3 ,i 6 > 5.29) — 0.01, there is a significant 
difference between textbooks at a = 0.05; the null hypothesis that there is no 
textbook effect cannot be rejected at a = 0.01. These conclusions are only valid 
if the four classes constitute four independent random samples. 


13.3 

The Least Significant 
Difference 


The analysis of variance proper shows 
only whether or not there exists any significant difference among treatment means. 
It does not reveal where the difference is. When the F test indicates the existence 
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of a significant difference, we naturally wish to know which of the means causes 
the difference. When sample sizes are equal, as in our first illustration in the last 
section, a simple procedure, called the least significant difference, can aid us in 
locating this source. 

When rii = n 2 = • • * = n c and when the F test leads to the rejection of 
ai = 0, the least significant difference, denoted as LSD, is defined as the smallest 
difference which could exist between two significantly different sample means. To 
derive a formula for LSD, we recall that a test for the difference between two 
sample means is made by the statistic 

Xi — X 2 

f - 

If this ratio exceeds, say, / 5; o.o 5 , we say the difference between the two sample 
means is significant at a — 0.05. Thus, LSD can be considered as the difference 
between two sample means for which t = t$ ;a , where a is the level of significance. 
Namely, 

LSD = t$- a d aj 


Furthermore, if ni — n 2 and <ti 2 — o- 2 2 is assumed, 



where, as it can be shown, a 2 = MSE, the error mean square. We have, therefore, 

LSD = t s , a J- MSE 

^ n 

where 8 — N — c. But when t has 5 2 , then t 5 2 = F lt s 2 . The formula for the least 
significant difference becomes, finally, 

LSD = J- (MSE )Fi, N ^ ;a (13.5) 

v n 

Any two treatment sample means in the analysis of variance are said to differ 
from each other significantly at a given level of a if their absolute difference is 
greater than LSD as defined by (13.5). 

To apply (13.5) to our first illustration, we note Wi = n 2 = n 3 = 5, MSE = 
16.67, and 1^,12;o.oi = 9.33. Thus 

LSD = •V / %(16.67)(9.33) = 7.89 

From calculations in Table 13.3, we find that 

\%i. — X 2 .\ — |32 — 371 = 5 < 7.89 Not significant 

|^i. — £ 3.1 = |32 — 27j = 5 < 7.89 Not significant 

1^2. — £ 3 .| = |37 — 27j = 10 > 7.89 Significant 

Thus, among the three pairs of column means, only one pair (xz.fiz.) differs 
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significantly. Other things being equal, the management should decide to use the 
second make of machines exclusively. 

It is important to note that the LSD tests are also calle d ya irwise t ests and 
they should be employed only when the F test has led to the rejectiorTof H 0 . 
When LSD is erroneously employed in a case where F value is insignificant, it is 
quite possible to find that some pair or pairs of sample means differ by an amount 
greater than the value of LSD. However, such differences are still explained by 
chance variations in random sampling from the same population or populations 
with identical means. 

In a case where samples are not of equal size, there is no simple generalized pro¬ 
cedure for determining which pair of samples cause the significant difference in the 
F test. We must evaluate all possible pairs of sample means individually by t tests. 

13.4 

Randomized-Blocks, 
One-Variable 
Classification Model 


Randomized-blocks experiment is a term 
that stems from agricultural research in which several 1 Variables” or *‘treatments ’* 
are applied to different blocks of land for repetition, or replication, of the experi¬ 
ment. The main objective here is to establish significant differences among treat¬ 
ment effects, such as yields of different types of soybeans, or the quality of different 
makes of fertilizers. But differences in crop yield may be attributed not only to 
kinds of soybeans but also to differences in quality of the blocks of land. To 
isolate the “block effects,” randomization—achieved by assigning treatments at 
random to plots of each block of land-—is employed. 

Despite its agricultural origin, the randomized-blocks design is widely used in 
many types of experiment. For instance, to determine the differences in pro¬ 
ductivity of c makes of machines (treatments), we may isolate the possible effects 
due to differences in efficiency among operators (blocks) by assigning the machines 
at random to randomly selected operators. The basic idea here is to compare all 
treatment effects within a block of experimental material by eliminating the 
environmental effects. 

THE MODEL 

Suppose we have c treatments, A i} and r blocks, B J} then x# may be thought of as 
samples, each with size 1, drawn from populations with mj. There are, therefore, 
rc populations, one for each treatment-block combination. We assume that all 
the rc populations are normally distributed with a common variance <t 2 . We next 
define a grand population mean as 

Mil + M12 + * * * + Urc 1 

= ^ 44 ^ 

i j 


M = 


rc 




410 ANALYSIS OF VARIANCE 


TABLE 13.7 SAMPLE DATA: RANDOM1ZED-BLOCKS, ONE-VARIABLE 
CLASSIFICATION MODEL 



Ai 

a 2 

a 3 


A c 

t.i 

z / 

B 1 

Xn 

X 21 

Xn 


Xn 

1. 1 

X.i 

Bz 

xn 

X 22 

X 32 


x c 2 

t. 2 

X.2 

Br 

Xir 

X 2r 

X 3 r 


X cr 

t.r 

X.r 

ti. 

h. 

k. 

h. 


to. 

T = 

grand total 

1 m 

Xi. 

Xi. 

x 2 . 

x 3 . 


X c . 

1 = 

— T 
rc 


The deviation of na from n can then be reasonably explained as due to both 
treatment and block effects. Now, if we denote the fth treatment effect as a, and 
the jth block effect as ft, then we may assume that 

Ptj — m + + ft 

Our samples, x t j, are normally distributed about mj. The deviation of each 
single sample observation from its corresponding population mean is the error in 
random sampling and is denoted as Namely, the single observation made from 
the ijth population can be represented by 

Xij = iMj + e tJ - = fi + on + ft + eij (13.6) 

In the above basic model, we have assumed a number of things. First, the 
treatment and block effects are assumed to be additive; that is, there is no joint 
effect between a* and ft except the sum of their simple effects. Second, as before, 
e t j are assumed to be independent and distributed as n(0,cr 2 ). Finally, for conven¬ 
ience of solution for this model, we shall also assume that 

= 2ft = 0 


THE ANALYSIS 

The analysis of this model begins, again, with partitioning of the total sum of 
squares into nonoverlapping and meaningful components. We shall begin with 
the aid of a tabular presentation of the sample data, Table 13.7. 

In the above table, 

Ai = Treatments, i = 1, 2, • • • , c 
Bj = Blocks, j = 1, 2, • • • , r 

U. = Column sums; for example t x . = xn + £12 + 1 ’ * + #ir 

Xi. = Column means = - U. ; for example x 2 . = - h. 

r r 

t.j = Row sums; for example t. r = x Xr + x 2r + * * * + %c r 

x j = Row means = - ft; for example x.i = ~ t.j 
c c 
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The total variation, represented by the total sum of squares, SST, as before, 
measures the squared deviations of all observations from the grand sample mean. 
It is now composed of three independent parts as indicated by the following 
identity: 


WiXij - x ) 2 

= 2 X(xi. - xY 

-f Wix.j - J ) 2 

-f ^X(Xij — Xi. — x.j + X ) 2 


Total variation: SST 
Variation between column means: SSC 
Variation between row means: SSR 
Variation within or for error: SSE 


In the above identity, SSC measures both chance variations and variations in 
treatment effects, if any, since the quantity (Xi — is an estimate of Yu. — m) = 


on. 

Similarly, the variation between row means, SSR, measures both error vari¬ 
ations and block effects, ft, since (x.j - X) reflects dispersion of row means 
from the grand sample mean. It can be thought of as, therefore, an estimate of 
IX.j — m = ft'- 

Finally, the sum of squares for error is based on deviations from a cell mean 
for individuals treated in exactly the same way, and thus the only possible con¬ 
tribution to this sum of squares should be error variation. Alternatively, we may 
say that the quantity (x^ — x L — x 4 + X) in effect measures the error term e#. 

The foregoing sums of squares are computed as follows: 

C = correction factor = — T 2 (13.7) 

rc 


SST = x,/ - C 

SSC = - V fi . 2 - c 

r 

SSR = i ^ t* - C 
SSE = SST - (SSC + SSR) 


(13.8) 


(13.9) 


(13.10) 


(13.11) 


TABLE 13.8 ANALYSIS OF VARIANCE TABLE, RANDOMIZED-BLOCKS ONE 
VARIABLE-CLASSIFICATION MODEL 


Source of Variation 

SS <5 

MS 


Column treatments 

SSC c - 1 

MSC = SSC/(c 

-1) 

Row treatments (blocks) 

SSR r - 1 

MSR = SSR/(r 

-1) 

Error 

SSE (r - l)(c - 1) 

MSE = SSE/(r 

- 1)(c - 1) 

Total 

SST rc - 1 

— 
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It can be shown again that under the assumption that treatment effects are 
nil? each of the three sums of squares which comprise SST divided by an ap¬ 
propriate number of df is an unbiased estimate of the common population vari¬ 
ance. It is easy to see that for SSC, 8 = c - 1; for SSR, 8 = r — 1; and for SSE, 
8 = (r — l)(c — 1). These three numbers of df, as usual, add up to the total 
number of df for SST, which is rc — 1. The analysis of variance table for this 
model is given as Table 13.8. 


THE TEST 


For this model, there seem to be two sets of hypotheses to be evaluated; these are 

(1) Treatment effects test: H 0 : cn = 0 

H i: Not all are zero 

(2) Block effects test: H 0 : ft- = 0 

Hi: Not all (3j are zero 


In reality, however, we are interested in testing only the first set of hypotheses. 
We are not concerned with the problem of whether or not block effects are nil 
since the block means, under the assumptions of this model, are merely indicative 
of the differences in blocks of experimental material. This second test, however, 
is a meaningful one, as we shall see, in the completely randomized, two-variable 
classification model discussed in the next section. 

Now, each of the treatment sample means, ay, is an unbiased estimate of 
M + «t. Thus we say that if the treatment means are equal, then a; = 0. Again 
we note that MSE is an unbiased estimate of <r 2 whether or not a { = 0, and that 
MSC is an unbiased estimate of cr 2 only if on = 0. When on = 0 is false, MSC meas¬ 
ures both differences in treatment effects and chance variation and thus tends 


to be much larger than MSE. Under these conditions, we would again accept Hq 


if and only if F c _ 1>(r _i) (c _i) 


MSC 

MSE 


1 or is close to 1. H 0 is rejected when the 


computed value of F is significantly greater than 1. 


THE EXAMPLE 

A motion study is to be conducted for determining the best work design for 
assembling wall clocks; five designs are under investigation. Four assemblers are 
selected at random from all assemblers in the plant and are thoroughly taught to 
work with all five designs. Then each worker follows each design for a day, and 
the number of clocks assembled is recorded. For this problem, the present model 
is appropriate. Here, the treatments are the effects of different work designs, and 
the blocks are the assemblers selected at random. The test for this experiment is 
made as follows: 


1. Hypotheses: H 0 : an = 0 

Hi: Not all ai are zero 
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TABLE 13.9 SAMPLE DATA FOR WORK DESIGNS EXPERIMENT 


Work Design 


Assembler 

1 

* 

8 

4 

5 

t.i 


1 

10 

13 

9 

14 

11 

57 

11.4 

2 

5 

10 

5 

10 

6 

36 

7.2 

3 

6 

12 

5 

10 

6 

39 

7.8 

4 

4 

8 

4 

11 

5 

32 

6.4 

ti. 

25 

43 

23 

" 45 


164 

= f 

Xi. 

6.25 

10.75 

5.75 

11.25 

7.00 

8.2 

= $ 


2. Level of Significances a = 0.05; a — 0.01 

3. Testing Statistic: F t ,n = MSC/MSE. For this experiment, c = 5 and 
r = 4. 

4. Decision Rule: Since P(F t .n > 3.26) - 0.05 and P(F 4 , 12 > 5.41) = 0.01, 
H 0 will be rejected at a = 0.05 if the computed value of F is greater than 3.26, 
and it will be rejected at « = 0.01 if the computed F value is greater than 5.41. 

5. Computations: Suppose that the output figures (number of clocks 
assembled) for this experiment are as shown in Table 13.9, then we have 

C = - T 2 = --k- 164 2 = 1344.8 
rc (4) (5) 


SST - x » ~ C “ < 102 + 52 + 


• + 5 2 ) - 1344.8 = 191.2 

f "’ J 

ssc=- y k* - c 

= K(25 2 + 43 2 + 23 2 + 45 2 + 28 2 ) - 1344.8 = 108.2 
SSR = i ^ t/ - C 

= H(57 2 + 36 2 + 38 2 + 32 2 ) - 1344.8 = 73.2 
SSE = SST - (SSC + SSR) = 191.2 - (108.2 + 73.2) = 9.8 
The sums of squares, together with their df and mean squares, are summarized 
in Table 13.10. 

MSC 27.05 


F* 4 , 


12 


MSE 0.817 
For this problem, n — r, and if a = 0.05, 


- 33.11 


LSD 


= yj- (MSE)Fi, 12,0.06 = yj- 


- (0.817) (4.75) = 1.39 
4 
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TABLE 13.10 SUMMARY TABLE FOR WORK DESIGNS DATA 


Source of Variation 

SS 

5 

MS 

Between assemblers 

73.2 

4-1=3 

24.40 

Between designs 

108.2 

5—1=4 

27.05 

Error 

9.8 

(4 - 1)(5 - 1) = 12 

0.817 

Total 

191.2 

20 - 1 = 19 

— 


and for a = 0.01, 

LSD = (0.817) (9.33) = 1.95 

Let us present | Xi. — xj.\ in a tabular form, and indicate significant difference at 
a = 0.05 by * and significant difference at a = 0.01 by ** as follows: 



6.25 

10.75 

5.75 

11.25 7.00 

6.25 

10.75 

5.75 

4.50** 

0.50 

5.00** 



11.25 

5.00** 

0.50 

5.50** 

_ 

7.00 

0.75 

3.75** 

1.25 

4.25** — 


6. Conclusions: The null hypothesis is rejected at both 5 percent and 1 
percent levels of significance. Among the ten pairs of treatments means, six pairs 
are found to be significantly different ata = 0.01. Design 2 and Design 4 are by 
far the most efficient assembling methods. 


13.5 

Completely 
Randomized , 
Two-Variable 
Classification without 
Replication Model 


. . This model refers to a completely ran- 

domized design m which sample data are classified in terms of two independent 
random variables and m which there is only one observation in each cell. The 
framework of this model is exactly the same as that for the model just discussed 
except for the interpretation of data. ? 

. . In the ran domized-blocks, one-variable classification model, we are interested 
m investigating only treatment effects—the independent variable, A*. The blocks 
are considered merely experimental material. In our present two-variable classifi¬ 
cation model, both treatments and blocks are independent variables and are 
evaluated simultaneously. Consequently, while are treatments in the one- 
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variable classification case, the treatments in the two variable-classification 
designs are treatment-block combinations, AiBj. Furthermore, in the two-variable 
classification without replication model, we select samples of size 1 from each 
treatment combination, and sample data may be presented as follows: 


Treatment 





combination 

AxBx 

A\Bz • 

• • AtBi 

• • A c B r 

Observation 

Xn 

X 12 

• • X 21 

• • Xcr 


Expressed by a two-way table, this would become 



Ax 

A 2 

A c 

B x 

Xxx 

X 21 • ■ 

• • X cl 

B 2 

Xn 

X 22 • ■ 

' • X c2 

Br 

Xxr 

X 2r 

Xcr 


The second presentation is identical with the scheme for the randomized- 
blocks, one-variable classification model. This same scheme, however, has two 
completely different interpretations. The first is as a one-variable classification 
with randomized-blocks in which constitute the independent variables and B 3 
are blocks to which Ai are assigned at random. The second is as a completely 
randomized, two-variable classification model in which both Ai and Bj are inde¬ 
pendent variables, and x i3 are each a sample of size 1 drawn from a population 
corresponding to A t Bj. 

For example, in our analysis of the motion study earlier, we took the assemblers 
as blocks. They are assumed to be homogeneous; that is, selected from the same 
population. The differences in efficiency among the five work designs were then 
compared under this assumption. Now, if we wished to analyze the same data 
by our current model, we would investigate the possible differences in produc¬ 
tivity among the assemblers as well as those in efficiency among the work designs. 
In other words, sample data are classified in accordance with two independent 
variables—work designs and assemblers. We no longer assume that the assemblers 
are homogeneous units. Now each row is not merely a block that has no effect on 
the number of clocks assembled, except for the possible differences in work-design 
efficiency. The observation, say, Xn = 10 should now be interpreted as one level 
of output of the first assembler and the first work design that has been drawn from 
a population of output levels corresponding to A X B X whose mean is ^n. Clearly, 
with this interpretation, Xu is now thought to be affected by both a x and (3 X . 

The analyses of variance table and testing procedures for this model are exactly 
the same as for the previous one, except that, in the present case, both tests, 

= 0 and (3j = 0, are now meaningful and should be conducted simult aneous ly- 
These two tests were stated before, but we shall repeat them here for convenience: 
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(1) Test for variable A { (column treatments): H 0 : a t = 0 

Hi: Not all ai are zero 

.testing statistic: F c _ x =- 

,( )( } MSE 

(2) Test for variable Bj (row treatments): H 0 : ft = 0 

Hi: Not all ft are zero 


Testing statistic: F r _ Xi(r _ 1)(c _ 1) 


MSR 

MSE 


As an illustration, let us use the data in Table 13.10 to test whether there is a 
significant difference between work designs and between assemblers. 

, , . , „ MSC 27.05 

(1) For work designs, A- F 4)X2 = —— = —— = 33.11 

MSE 0.817 

P(F 4 , 12 > 5.41) - 0.01 

/ON -it t~> t~i MSR 24.40 

(2) lor assemblers, Bf. F z>12 = —= = —— = 29.87 

iMfeE 0.817 

P(Fz, u > 5.95) = 0.01 

Thus both tests are significant at a = 0.01. The work designs are different in 
efficiency and the assemblers are different in productivity. 

The pairwise tests for A t conducted earlier indicated that six out of the ten 
pairs of column treatment means were significantly different at a = 0.01. For 
Bj now, we have 

LSD = J- MSE(F M2; „.„ 6 ) = J? (0.817)(4.75) = 1.25 

C ’ o 

LSD = J- MSE(F 1 ,i 2;0 . 0 i) = (0.817) (9.33) = 1.75 

c ’ o 

From the row treatment sample means in Table 13.9, we note that 



11.4 

7.2 

7.8 

6.4 

11.4 

7.2 

7.8 

3.2** 

3.6** 

0.6 



7.4 

5.0** 

0.8 

1.4* 

— 


Thus, three out of the six pairs of row means are significantly different at the 
1 percent level of significance and one pair is significantly different at 5 percent 
level of significance. The first assembler is by far the most productive worker. 
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13.S 

Completely 
Randomized 9 
Two-Variable 
Classification 
with Replication Model 


THE MODEL 

This model, as was the preceding one, is concerned with two independent classes 
of treatments, or “factors.” We have, however, two new points to consider. 

First, in this model, instead of a single observation, we have two or more 
observations in each cell; namely, each cell contains a sample with n tJ - > 2 selected 
from the treatment combination population A t B } -. 

Second, in the previous model, the column and row effects, ca and (3j , were 
assumed to be independent or additive; but now we assume that they are depend¬ 
ent and “interact” upon each other. To explain this new “interaction” property, 
let us consider an example. Suppose an experiment is conducted to determine the 
durability of auto tires, and the variables of interest are three different methods 
of production and four different makes of rubber. In such a case, we are interested 
not only in the separate effects of each of these two factors on the durability of 
auto tires, but also in their possible joint effects. For instance, one type of rubber 
may work better than another in a particular manufacturing process. This 
differential effect is called interaction. 

To generalize, let the two factors be A i} i = 1, 2, • • ■ c, and B j} j = 1 
2, ■ • • , r. Let the sample size be riij = k. Sample data for this model may then 
take the following form: 



A x 

A 2 

• * Ac 

£i 

Xui 

#211 

• • Xell 


Xll2 

Z212 • • 

’ * X C 12 


Xu k 

Xu k • ' 

' • Xdk 


B r 

Xirl 

Z2rl 

X cr l 


Xi r 2 

X2 t2 ■ 

' * X cr 2 


X irk 

X2rk 

X C rk 


Each cell above contains k observations—a sample drawn from a treatment 
combination population with mean n %i . There are all together rc populations which 
are normally distributed with a common variance a 2 . As before, the mean of these 
population means is the grand population mean, (l. Now, if there are no joint 
effects between A* and B } , then each of these cell population means can be 
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represented by the expression 

Hij = m + + (3j. 

If, however, A* and Bj do interact, then we would have 

= M + at + ft- + I ij) 

where I i3 stands for the interaction between A; and By 

Now, if we assume that (the kth observation in the sample drawn from 
the treatment combination population A { Bj) is normally distributed about ^ 
then we can state 


%ijk "b e ijk — M + Oti + (3j -f- Iij + 6'ijk (13.12) 

f = 1, 2, • • • , c 

3 = 1, 2, • • • , r 

* = 1, 2, • • • , n 

where the error term, e*#, is considered as a normal variable with zero mean and 
variance a 2 . Again, for convenience in solution without loss of generality, we 
assume that 

2a; = 2ft = 24- = 0 


THE ANALYSIS 

To assist our understanding of the partitioning of the total sum of squares for 
this model and the computations, we shall first give the general presentation of 
sample data in Table 13.11. 

In Table 13.11, we have assumed that there are c of A h r of B h and have taken 
a sample (in each cell) of n observations from the treatment combination popula¬ 
tion AiB 3 . Also, in this table, 


Us. = cell sums. For example, t n . = xm + x n2 + • • • + x lln 

U. . = sums of cell sums added by columns. For example, t 2 ,. = t 2 1 . + t 2 2 . + 

* * * + t 2r , 

tj. = sums of cell sums added by rows. For example, t A . = t n . + t 21 . + 

* ’ * 4 " tel 

T — ^ U.. = ^ t.j. = ^ ^ ^ x t jk = grand sum 

i j i j k 

Xi 3 . = cell means. There is a cell mean corresponding to each cell A t Bj. % are 
unbiased estimates of m 3 respectively. For example, 


Xi, 


1 V 1 

X U. — — / Xu k — — 1 11 . 

wl/ n 

k 

group column means. They are means of 


— An 

cell means obtained 


by 



13.6 TWO-VARIABLE CLASSIFICATION WITH REPLICATION MODEL 419 


TABLE 13.11 SAMPLE DATA FOR COMPLETELY RANDOMIZED 
TWO-VARIABLE CLASSIFICATION WITH REPLICATION MODEL 



Ax 

A 2 

• A e 

Li. 

B x 

3m 

3211 • • 

• 3 c ii 



3112 

3212 • * 

■ 3c12 



til. 

tn. • 

• • tel. 

t.l. 

B* 

3x21 

3221 * 

‘ ‘ 3 C 21 



3i22 

3222 

’ * Xc 22 



tl2. 

f 22. 

• • t c 2. 

t.2. 


B r 

Xirl 

3 2 rl * 

• X c r 1 



Xir2 

32r2 

• 3 e r2 



hr. 

hr. • 

‘ • hr. 

t.r. 

U.. 

tl.. 

t'l. . 

• • h. . 

T 


' . 


columns. The x % .. are averages of the observations for A { . For example, 
the average of all observations for A 2 is 


X2 = “ (#21. + ^22. + X, . + X2r.) 
r 



1 

= h.. 
r 


x.j. = means of cells means obtained by rows. The x. jm are averages of the 
observations for Bj. For example, the average of all observations for B r 
is 

1 _ 1 
X r . ~ ~ (#1 r. + #2r. + * ' ‘ + %cr.) “ ~ 

C C 

x = — T = the grand sample mean, the unbiased estimate of grand mean p. 
rc 



With the preceding notations and definitions, we again define the total \aria 
tion as the over-all dispersion of all observations from the grand mean; namely, 


SST 



- x) 2 
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This total sum of squares can be decomposed into four separate and independent 
sources of variations as follows: 


222(a^ fc — x) 2 

= 222(x t y k — Xij) 2 

+ 222 fe .. _ f ) 2 
+ 222 (x.j. — x) 2 
+ 222 (fin. — Xi.. — xj. + x ) 2 


Total variation: SST 
Error variation: SSE 
Variation between columns: SSC 
Variation between rows: SSR 
Variation in interaction: SSI 


The sum of squares between columns, SSC, shows the deviations of from 
the grand sample mean. It reflects, therefore, fluctuations in the column treatment 
effects, a i} and in the error term, e^. 

The sum of squares between rows, similarly, measures the dispersion of x 
around the grand sample mean. Therefore, SSR reflects both variation in row' 
treatment effects, fy, and deviation in e ijk . 

The sum of squares for error, SSE, is based on the deviation cells means for 
individual observations treated exactly in the same manner. It thus measures 
random variations in sampling. For example, x nt - x n . reflects the deviation of 
the first observation in the first sample cell for A 1 B 1 from its mean It meas- 
ures therefore the error term en*. 

The sum of squares for interaction, SSI, measures the dispersion in the inter¬ 
action, or joint effects, between the treatment combinations AiBj as well as error 
This is based on the fact that (% - . - x.j. + f) estimates the quantity 

~ My ~ {oLi + fa + m) which is the joint effect between and Bj. 

The above sums of squares are computed by expanding their respective 
definitional expressions as below: 


C = correction factor = — T 2 

rcn 

(13.13) 

SST -XXX fe *- j,, -X22* ! »‘-° 

(13.14) 

ssc = 222 <*■ - - ^ y - - - c 

(13.15) 

SSR ■ 222 <S - - 1)1 - 7n 2 - c 

(13.16) 

SSE - 222 <-*-*■'■>- 222-:22‘-« 

(13.17) 

SSI = SST - (SSC + SSR + SSE) 

(13.18) 


These sums of squares, together with their respective degrees of freedom and 
mean squares, are given in Table 13.12. 
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TABLE 13.12 


Source of 


Y ariation 

SS 

5 

MS 


Between 

columns 

ssc 

c - 1 

MSC = SSC /c - 

1 

Between 

rows 

SSR 

r — 1 

MSR = SSR /r - 

1 

Inter- 

action 

SSI 

O' - 1 )(C - 1) 

MSI = $S!/(r - 

D(c - 1) 

Error 

SSE 

rc(n — 1) 

MSE = SSE/rc(n 

- 1) 

Total 

SST 

rcn — 1 

— 



THE TEST 

We are interested in performing three tests in this model; they are 

(1) The column treatment effects are nil; that is, cn = 0. The testing statistic 
here is F c _ ltrc( »-i) = MSC/MSE. 

(2) The block treatment effects are nil; that is, ft = 0. For this, the testing 
statistic is F r _i )rc(n -i) = MSR/ MSE. 

(3) The joint effects are nil; that is, = 0. We test this null hypothesis by 

F( r _i)(c—1) ,rc(n—l) ~ MSI/MSE. 

The decision procedures are the same as in previous cases. When the computed 
F value is 1 or close to 1, H 0 is accepted. When F is significantly larger than 1, H 0 
is rejected. 

THE EXAMPLE 

Suppose that a firm has available four different sources of raw materials, A i, A 2 , 
Az, and A 4 , and three machines of different makes, B h B 2 , and Bz, to produce a 
new product. It is known that all three makes of machines are equally productive 
in terms of speed—number of outputs produced per hour—but it is not known 
whether they perform equally well in terms of the number of defectives produced 
among hourly outputs. In addition, it is unknown to the firm whether there are 
differences in quality of the raw materials from the four sources. Finally, it is 
suspected that the raw material from one source may have some particular effect 
on a particular machine, or vice versa. Thus, it is desired to establish whether 
are different, whether Bj are different, and if there exist any joint effect, A X B. 
To answer these questions, each make of machine is operated under identical 
conditions with each source of material for two hours, and the number of defective 
units for each hour is recorded. Results of this experiment are recorded in Table 
13.13. In view of these data, what conclusions can be drawn? Which make of 
machine and which source of raw material should the firm purchase? 

The three sets of hypotheses to be evaluated for this example are: 
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TABLE 13.13 



Ai 

d-2 

d.3 

A 4 

Total 

Bi 

9 

6 

8 

5 



5 

6 

4 

7 



14 

12 

12 

12 

50 

B a 

4 

5 

2 

1 



2 

3 

6 

5 



6 

8 

8 

6 

28 

b 3 

10 

8 

7 

9 



6 

9 

8 

5 



16 

17 

15 

14 

62 

Total 

36 

37 

35 

32 

140 


(1) Hq : Mean numbers of defectives per hour for raw materials from all the 
four sources are the same; that is, a* = 0. 

Hi: Not all a% are zero. 

(2) Hq : Mean numbers of defectives per hour for all the three makes of 
machines are equal; that is, fy = 0. 

Hi: Not all fa are zero. 

(3) H 0 : Interaction between raw materials and machines is nil; that is, / iy = 0. 
Hi: Interaction is not nil; that is, ^ 0. 

For data in Table 13.13, we have 


C = — T 2 = 1 (140 2 ) = 817 


rcn (3)(4)(2) 

222 

SSC = m X th '' _ ° = (3V2) (36 ' + 372 + 352 + 322 ) - 817 = 2 


SST = V V V x\ jk - C = 9 2 + 5 2 + • • • + S 2 - 817 = 135 


SSR = 


hi-' 

222 


c = 


(4) (2) 


(50 2 + 28 2 + 62 2 ) - 817 = 74 


SSE = VYY 2 t\j. = 952 -2 ( 14 2 + 12 s + 


• • + 6 2 + 

■ > • + 14 2 ) = 54 

SSI = SST - (SSC + SSR + SSE) = 135 - (2 + 74 + 54) = 5 
With data in the preceding analysis of variance table, we have 


(1) For oti = 0, 

, _ MSC _ 0.67 

3,12 ~~ MSF ~~ ~ 0.17, which leads to the acceptance of a t - = 0. 
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TABLE 13.14 SUMMARY TABLE FOR RAW MATERIALS AND 
MACHINE DATA 


Source of Variation 

SS 

8 

MS , 

Materials (columns) 

2 

4-1=3 

0.67 

Machines (rows) 

74 

3-1=2 

37.00 

Interaction A X B 

5 

(3 - 1)(4 - 1) = 6 

0.83 

Error 

54 

(3)(4)(1) = 12 

3.86 

Total 

135 

(3)(4)(2) - 1 = 23 

— 


(2) For ft = 0, 

_ SSR _ 37.00 ; 

2.12 SSE ~ 3.86 ~ 9 ' 59, * ea< * R to rejection of ft = 0 at a = 0.05 

since F 2 , 12;0i05 = 3.89 as well as at a = 0.01, since E 2|12;0 . 01 = 6.93. 

(3) For Uj = 0, 

„ _ SSI 0.83 

6.12 SSE _ 3 86 ~ t)-22, which leads to the acceptance of 7 jy = 0. 


us we see there are neither significant column (raw materials) treatment 
ettects nor joint effects between column and row treatments. There exist, however 
highly significant differences between machines of different makes. These conclu- 
sions indicate that the firm should purchase the second make of machines (B s ) 

(why.), and that it can select any of the four sources of raw materials because 
there is no difference. 


13.7 

Randomized-Blocks, 
Ttvo-V (triable 
Classification with 
Replication Model 


THE MODEL 


The last model can easily be adopted for a randomized-blocks design. All that 
one has to do is to randomize all the treatment combinations over a block of 
experimental material, and to repeat this basic experiment as often as required 
for achieving the desired accuracy. 

To bring out the salient features of the randomized-blocks, two-variable clas¬ 
sification with replication model more vividly, let us consider an example. Suppose 
that there are c varieties of soybeans, A ir r types of fertilizers, B h and k blocks 
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of land, C k , which may be different in productivity. We wish to determine whether 
significant differences exist among Ai and among Bj. We do not wish our experi¬ 
mental results to be affected, however, by the possible differences, that might 
exist among Ck- We achieve this by subdividing each block of land into ic plots 
and assigning them to the rc treatment combination populations, A{Bj, by a 
random process. 

By the preceding scheme, the sample size drawn from each treatment com¬ 
bination would be n = Jc —the number of blocks of land—and there would be 
O') (c) ( n ) cells, each representing a normal population with mean fijjk and a common 
variance o- 2 . These jx i]k are assumed to be distributed around a grand mean m- Now, 
Xijk are sample observations from populations with jnj k - The x v - k , for example, are 
yields of soybeans, and we would have x ijk = m*# + e ijk . Again, if we assume that 

the effects between Ai, Bj, and C k are additive, our basic model may be expressed 

as follows: 

Xijk “ M + CLi + ft + Ik + Iij + 6ijk (13.19) 

where 

a . = M . _ — effects between factor Ai 

ft = fij' — fi } effects between factor Bj 

y k = n" k — ]X) effects between block Ck 

j {j = - ( ai + ft + ft), interaction between Ai and ft 

We also assume, for convenience of solution, that 

= 2ft = = 0 


THE ANALYSIS 

The partitioning of the total sum of squares for this model is similar to that for 
the previous model, and the same notations arc employed. We have now, however, 
five instead of four components in the total sum of squares. 

The total sum of squares, as always in the analysis of variance, measures the 
variation of all observations from the grand sample mean. It is now decomposed 
in the following way: 

Total variation: SST 

Variation between Ay SSC 
Variation between ft: SSR 
x,j, + J) 2 Joint variation between and ft: SSI 
Variation between blocks: SSB 

Xj. + x ) 2 


c r n 

y l l (x» - zy 
= yyy (*,.-») 2 
+ ill <*• - 

+22 {zn.-z,.. - 

+ 12 <x *' _502 

+ ( X ij k X - - k 


Variation for error: SSE 
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Interpretations of these sums of squares may have become familiar to us by 
now. We shall move on to introduce the formulas for their calculations as follows: 


C = correction factor = — T 2 

ren 

(13.13') 

SST = (x ilk - xY - C = ~ C 

(13.14') 

ssc = y y y fe.. - =— y t\. . ~ c 

Z-/ Z-/ Z-V rn Z-/ 

(13.15') 

ssk -2X2 (i, ~ i)i "™X‘'' 

(13.16') 

ssb = y y y & .* - =- y %\ .„-c 

L^i L -4 Lj rc Z-/ 

(13.20) 

SSE = feifc — X.. k ~ X.j. + X) 2 



(13.21) 


i 3 


SSI = SST - (SSC + SSR + SSB + SSE) (13.22) 

It is interesting to note that C, SST, SSC, and SSR for this model are defined 
and computed in exactly the same way as they were for the previous one. The 
formulas for SSE and SSI are different, however, due to the introduction of SSB. 
We may also note that in the preceding identity between the total sum of squares 
and the sums of squares for the five sources of variations, by referring to Table 
13.11, 


x. .k — the mean of the kth observation in all the cell samples 

1 

— — t. .ic- 
rc 


For example, 

x..l = — t.,1 = — (£111 + £211 + • ■ • + Xcrl) 

rc rc 

The sums of squares, together with their degrees of freedom and mean squares, 
are summarized in Table 13.15 on page 426. 

THE TEST 

In our current randomized-blocks, two-variable classification with replication 
model, as for the previous one, we are concerned with three tests; they are 
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TABLE 13.15 ANALYSIS OF VARIANCE TABLE: RANDOMIZED- 
BLOCKS, TWO-VARIABLE CLASSIFICATION WITH 
REPLICATION MODEL 


Source of 
Variation 

SS 

5 

MS 

Blocks 

SSB 

n — 1 

MSB = SSB/n - 1 

Columns 

SSC 

c - 1 

MSC = SSC /c - 1 

Rows 

SSR 

r - 1 

MSR = SSR/r - 1 

Interaction 

SSI 

(r - 1 )(c - 1) 

MSI = SSI/(r - l)(c - 1) 

Error 

SSE 

(rc - 1 )(n - 1) 

MSE = SSE/(rc - 1 )(n - 1) 

Total 

SST 

rcn — 1 

— 


(1) On column treatment effects: H 0 : = 0 

Hi: Not all oii are zero 

(2) On row treatment effects: H Q : fa = 0 

Hi: Not all fa are zero 

(3) On interaction: H 0 : I# = 0 

Hi: Not all Iu are zero 

The respective testing statistics for these three tests are 


(1) F 


c— 1, (rc—1) (n— 1) 


MSC 

MSE 


(2) F r — l,(rc— 1) (n— 1) 


MSR 

MSE 


(3) F 


(r-l)(c-l),(rc-l)(n-l) 


MSI 

MSE 


Again, in each case, H 0 is rejected if and only if the computed value for F is 
significantly greater than 1. 

In general, for randomized-blocks designs, we are not interested in any possible 
block effects, because they merely represent experimental material over which the 
treatment combinations are randomized. 


THE EXAMPLE 

A commercial bank which has a large volume of daily filing wishes to test two 
methods of filing and to establish whether or not there is any difference in effi¬ 
ciency between male and female file clerks. To effect this experiment, two experi¬ 
enced file clerks are selected at random, one male and one female. Each clerk is to 
use each method for one hour per day for a period of one week. (The days here 
constitute the blocks in our randomized-blocks design.) Results recorded as to 
number of documents filed per hour for each method during the whole Week are 
shown in Table 13.16. In view of these data, can we conclude that there is a 
significant difference in efficiency between male and female operators? between 
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TABLE 13.16 


Day 

Method 

Operator 

Male Female 

Monday 

1 

no 

125 


2 

123 

140 

Tuesday 

1 

108 

120 


2 

121 

127 

Wednesday 

1 

113 

119 


2 

126 

137 

Thursday 

1 

120 

123 


2 

126 

126 

Friday 

1 

105 

117 


2 

118 

123 


the two methods of filing? Can we also decide that there is significant interaction 
between filing methods and operators? 

Since the variance is not affected if a constant is subtracted from all values in 
a group, we shall, for the sake of speed, deduct a constant of 100 from each of the 
figures in Table 13.16 before doing our computations. 


TABLE 13.17 


Day 

Method 

Male 

Female 

Total 

Monday 

1 

10 

25 

35 


2 

23 

40 

63 



33 

65 

98 

Tuesday 

1 

8 

20 

28 


2 

21 

27 

48 



29 

47 

76 

Wednesday 

1 

13 

19 

32 


2 

26 

37 

63 



39 

56 

95 

Thursday 

1 

20 

23 

43 


2 

26 

26 

52 



46 

49 

95 

Friday 

1 

5 

17 

22 


2 

18 

23 

41 



23 

40 

63 

Total 

1 

56 

104 

160 

2 

114 

153 

267 

t. 


170 

257 

427 
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For the above data, the'sums of squares are 

C = — T 2 = , w * , (427 2 ) = 9116.45 

rcn (5)(2)(2) 


222 ’ 


C = (10 2 + 25 s 


23 2 ) - 9116.45 


ssc = - 


- 10,511 - 9116.45 = 1394.55 

IV* _ 1 


IVo, 

*n L^f 

i 2'-- 

:n /_/ 


(5)(2) 


(170 2 + 257 2 ) - 9116.45 = 378.45 


(2) (2) 

SSB = - V t\. k - C 
rc 


V- + 76 2 + 95 2 + 95 2 + 63 2 ) - 9116.45 = 233.30 


—— (160 2 + 267 2 ) - 9116.45 = 572.45 
(5)(2) 


SSE = 


■-222*- +c -G2'M22 

i 3 

= 10,511 + 9116.45 - (160 2 + 267 2 ) 


+ - (33 2 + 65 2 + 29 2 + • • • 
2 

= 105.05 

SSI = SST - (SSC + SSR + SSB + BSE) 

= 1394.55 - (378.45 + 233.30 + 572.45 + 105.05) = 105.30 

These sums of squares, together with their df and mean squares, 
marized in Table 13.18. 

TABLE 13.18 SUMMARY TABLE FOR OPERATORS AND 
METHODS DATA 


Source of Variation 

SS 


5 

MS 

Days (blocks) 

572.45 


2-1=1 

— 

Operators (columns) 

378.45 


2-1=1 

378.450 

Methods (rows) 

233.30 


5-1=4 

58.325 

Interaction 

105.30 

(5 

- 1)(2 - 1) = 4 

26.325 

Error 

105.05 

((5)(2) 

- 1)(2 - 1) = 9 

10.505 

Total 

1394.55 


(5)(2)(2) = 19 

— 
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For operator effects, we have 


but 


MSC 378.450 
MSE “ 10.505 


36.03 


P(F i ,9 > 5.12) = 0.05, and P(Fi t9 > 10.56) = 0.01 


Therefore, on = 0 is rejected at both 5 percent and 1 percent levels of significance. 
Obviously, female file clerks seem to be more efficient than male clerks. 

For method effects, we have 


„ SSR 58.325 

= sse = lo^os = 5 - 52 

but 

P(P 4 ,9 > 3.63) = 0.05, and P(P 4> 9 > 6.42) = 0.01 

Hence, ft == 0 is rejected at the 5 percent level of significance but it cannot be 
rejected at the 1 percent level of significance. It seems that the second method of 
filing is more efficient than the first. Why? 

For interaction between operators and methods, we have 


MSI 26.325 
MSE “ To.505 


2.51 


which can be explained by chance variations alone. Thus, 7# = 0 is accepted. This 
conclusion indicates that there seem to be no particular effects of a given filing 
method upon male or female operators in any significant or unique way, or vice 
versa. 


13.8 

Concluding 

Remarks 


The aim of this chapter has been to in¬ 
troduce the reader to the basic principles of the analysis of variance and to impress 
upon him the power of this tool. Because a number of aspects of this amazingly 
versatile technique have been left untouched, it seems appropriate to make a few 
general remarks here about those things which have been omitted. 

First, by now the reader may have gained the impression that the analysis of 
variance, especially for the two-way classification models, is mainly concerned 
with the generation of a series of F tests on the same set of data, while the parti¬ 
tioning of the total sum of squares into meaningful components is only a means 
to this end. This, however, would be a superficial viewpoint. The essence of the 
analysis of variance is that it permits the decomposition of all potential informa¬ 
tion in the data into exclusive and distinct parts, each reflecting only some specific 
aspect of the experiment. In the linear model, for example, the mean square 
between groups reflects variations in both systematic experimental manipulations 
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and chance phenomena, but the mean square within groups measures only the 
unsystematic random variations which are attributable to any chance experiment. 
These two statistics are two independent ways of summarizing data—the infor¬ 
mation provided by one is not redundant of the other. Therefore, they furnish 
the researcher with a basis on which to decide whether or not significant treatment 
effects exist. 

Similarly, in the two-way classification models, the mean squares for both 
treatment factors are independent of each other and are not redundant to the 
mean square for error or for interaction. The analysis of variance enables us to 
separate and to identify the factors contributing to variations with particular 
summary measures. This makes it possible for experimenters to retain balance 
among comparisons. The retention of balance is a device for finding the statistics 
that reflect particular and meaningful aspects of data. Thus, the process of 
partitioning, not the F ratios, is the heart of the analysis of variance. 

In short, the analysis of variance sorts the information yielded by an experi¬ 
ment into neat, exclusive, and meaningful portions and helps us to judge the 
experimental treatments easily—however large the number of treatment factors 
is. This is exactly the reason that the multiple t tests are useless in comparing 
more than two populations. In other words, multiple t tests do not provide the 
nonredundant feature—the various differences between pairs of means do overlap 
in the information they give. As a result, one cannot assess the evidence for the 
over-all existence of treatment effects from a complete set of such differences 
derived from multiple t tests. 

Next we note that, in this chapter, we have introduced models for the analysis 
of variance up to two experimental variables. In experiments with three or more 
factors, the basic ideas of partition, means of squares, and F tests are the same, 
but the models become much more involved. For example, for a three-factor 
model, in addition to mean squares representing the joint effects of particular 
pairs of the classification variables, there is also a mean square which measures 
the simultaneous interaction among all the three factors. Hence, experiments 
with many factors are very difficult, in terms of time and labor, to perform. 

In addition to the practical difficulty mentioned above, there is also a theo¬ 
retical limitation for complicated models. That is, in the analysis of variance, we 
have assumed that the F tests are independent. In reality, however, the F ratios 
are dependent chiefly because all F ratios in the same model share the same de¬ 
nominator—the mean square for error. It can be shown that if the assumption of 
independence holds, and if there are only three F tests, then we should expect 
about 3(0.01) or 0.03 of these tests to show significance at a = 0.01 by chance 
alone. Moreover, the probability is 1 — (0.99) 2 or about 0.03 that at least one of 
these tests will show spurious significance. However, when (as is generally true) 
these F tests are not independent, we have no accepted standards to calculate the 
number expected by chance; we know only that the probability is between 0.01 
and 0.03 for at least one spuriously significant result. For really complicated 
models, where many F tests are made with the same data, the probability that 
at least one spuriously significant result will occur may be very large; what is 
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worse, this probability and that for a Type I error cannot be determined in a 
simple and routine manner. 

Due to practical difficulty and theoretical limitation, we must not yield to the 
temptation to include too many treatment factors in our analysis when sample 
data seem easy or cheap to obtain, or when we desire to have a model that is 
impressive. In business and economic research, as in any type of scientific inves¬ 
tigation, we should be interested in obtaining meaningful results by simple designs 
if situations permit, rather than in the elegance or complexity of experiments that 
may furnish only results which have no clear interpretation. 

The models introduced in this chapter are called fixed effects models, since in 
these models the different levels of each factor were chosen in advance of the 
experiment and the experiment treatments actually administered were thought 
of as exhausting all treatments of interests. For these models, therefore, the 
only conclusions that can be drawn are concerned with the particular levels and 
treatments or treatment combinations. By far, the most frequently confronted 
random experiments are of this kind. 

In addition to fixed effects models, there are two other types of models: random 
effects and mixed models. A random effects model is one in which inferences are 
made about an entire set of distinct treatments on the basis of a random sample 
selected from such a treatments population. Thus, in the fixed effects models, 
treatments actually observed are considered as populations. Such treatments, 
however, constitute only a random sample in the random effects models. From a 
computational point of view, fixed effects and random effects models are the same. 
They differ from each other mainly in the inferences that are drawn. 

A mixed model, as the name indicates, is a mixture of both fixed and random 
effects models. In such a model, one or more treatments have fixed effects and the 
remaining factors are sampled. Also, each observation now results in a score which 
is a sum of both fixed and random effects. Obviously, in mixed models, there must 
be at least two factors under investigation. For the simple two-factor design of 
mixed models, computational procedure requires no change from the fixed effects 
models, but there is an important difference in the F ratios used to test the differ¬ 
ent effects. 

Finally, the analysis of variance has been developed under a set of rigid 
assumptions: (1) treatments or treatment combinations are normally distributed 
with common variance, (2) the treatment and enviromental effects are additive, 
and (3) the experimental errors are independent and distributed as n(0,<r 2 ). 
Whenever any of these assumptions is not met, the F tests cannot be employed 
to yield valid inferences. It is indeed fortunate that many economic and business 
experiments do conform to these premises. It is not uncommon, however, to 
encounter experimental work where departures from these assumptions exist. 
In such a situation, the analysis of variance may still be applied by way of 
transformation. Transformation refers to a process of transforming the original 
data into some other form, such as square roots, reciprocals, inverse sines, or 
logarithms, before the analysis is made. The assumptions of normality, additivity, 
and homogeneity of variances are often violated together; hence a single trans- 






432 ANALYSIS OF VARIANCE 


formation which corrects one of these will usually also result in the improvement 
of data in other respects. 

Procedures of analysis of variance with transformed data are identical with 
those for original data, but the results obtained must be converted back into the 
original units before intelligent and appropriate interpretations can be given. 
While transformation techniques are quite simple and straightforward, the selec¬ 
tion of an appropriate form of transformation for a particular set of data requires 
considerable theoretical knowledge in the field to which the analysis of variance 
is applied. It is perhaps worthwhile to repeat once again that competence in 
applied statistics depends not only upon an understanding of statistical methods 
but also upon a thorough orientation in the subject matter to which statistical 
methods are applied. 


Glossary of Formulas 


(13.1) xn = fxi + ea = n + on + e ti This expression represents the completely random¬ 
ized, one-variable model of the analysis of variance. For this model, we have c samples selected 
from the c treatment populations which are normally distributed with m and common variance 
<r 2 . Sample observations, x iu are assumed to be distributed normally about for fixed effects 
models. Residuals, ea, are chance variations in the experiment and are assumed to be inde¬ 
pendent and distributed normally with zero mean and variance <r 2 . Here, a; are treatment 
effects which can be considered as deviations of treatment population means from the grand 
population mean; that is, a; = m — For convenience of solution, we assume that 2a; = 0. 
For this model, we desire to test F 0 : a; = 0 against Hi. not all a; are zero. 

(13.2) SST = 22^- 2 - N& (13.3) SSC = - N& (13.4) SSE = 22z; ; 2 - 

These are the computational equations for the sums of squares for model (13.1). The heart of 
the analysis of variance is the partitioning of the total sum of squares into distinct and meaning¬ 
ful parts. For this model, the total sum of squares, defined as SST = 22(x; ; - - $y, is par¬ 
titioned into the sum of the square between, SSC - 22(x;. - I) 2 , and the sum of square within, 
SSE = 22 (Xu — Xi) 2 . While SSE measures chance variation alone, SSC measures both chance 
variation and differences in treatments. Under the assumption that a; = 0 is true, each of 
these three sums of squares, divided by an appropriate number of df is an unbiased estimate 
of cr 2 . Also, 8 = N - 1 for SST, 5 = c - 1 for SSC, and 8 = N - c for SSE. It is interesting to 
note that just as SST = SSC + SSE, so N - 1 = (c - 1) + (N - c). Finally, the null hypothesis 
that the treatment effects are nil is tested by the statistic F C ^, N _ C = MSC/MSE. 

(13.5) LSD - y/ (2/n)(MSE)FThis formula defines what is called the least significant 
difference in pairwise tests. It can be employed only when sample sizes are equal and when 
the F ratio leads to the rejection of a; = 0. Two sample means are said to be significantly 
different at a if their absolute difference is greater than LSD. Pairwise tests can also be made 
with this formula for randomized-blocks, one-variable classification, and completely random¬ 
ized, two-variable classification without replication models. 

(13.6) xn - pa + etj = m -f T /3,- + ea This expression defines both the randomized- 
blocks, one-variable classification model and the completely randomized, two-variable clas¬ 
sification without replication model. In both cases, we assume that the grand population 
mean, is located at a position such that 2a; = 2/3,■ = 0. Furthermore, we also assume that 
(1) the rc populations are normal with and common variance <r 2 , (2) the column treatment 



GLOSSARY OF FORMULAS 433 


effects, ai = m. - ju, and the block treatment effects, 0y = hu - are additive, and (3) eu 
are independent and distributed normally with mean 0 and variance <r 2 . These two models differ 
mainly in interpretations. For the former, we are interested in only the column effects and we 
treat blocks merely as experimental material to which column treatments have been assigned 
at random. Thus, we wish to test <*,- = 0 by F = MSC/MSE. In the latter, we consider both 
Ai and B j as independent variables and evaluate them simultaneously. Now, we wish to test 
ai = 0 as well as /3 y = 0. For /3y = 0, we employ the testing statistic, F = MSR/MSE. 

( 13 . 7 ) cAp ( 13 . 8 ) SST = Xi? - C ( 13 . 9 ) SSC = * ^ k 2 - C 

( 13 . 10 ) SSR = - k ! - C ( 13 . 11 ) SSE = SST - (SSC + SSR) 

These are the computational equations for the sums of squares of model (13.6). Here, r refers 
to the number of blocks, c refers to the number of columns, T stands for the grand total, and 
U, and t.j are the column and row sums, respectively. To estimate o- 2 on the bases of these 
sums of squares, we note that for SSC, 8 = c — 1, for SSR, 5 = r — 1, and for SSE, 
S = (r — 1 )(c — 1). These numbers of df add up to rc - 1, S for SST. 


(13.12) Xi}k = hu + e ijk = h + + /3; + la + e m This is the basic model for a com¬ 

pletely randomized, two-variable classification with replication experiment. In the completely 
randomized, two-variable classification without replication model, it has been assumed that 
column and row effects are additive and independent. Now, with two or more observations in 
each sample for the present model, we also assume that there is joint effect, or interaction, 
between Ai and B } in addition to the additivity of and ft. Under the assumptions of additivity 
and independence, we have Hij = p T f - |3j- If we further assume that joint effect exists, 
then the interaction term must be something in addition to ai and and it may be thought of 
as la = hu - (h + at + (3j). In this model, we assume that the rc cells are random samples, 
each with n > 2, selected from the corresponding rc treatment combination populations which 
are normal with means hu a nd variance a 2 . Wq also assume that euk 3re independent and dis¬ 
tributed normally, with mean zero and variance <r 2 . Finally, we assume, without loss of gen¬ 
erality, that Xai = 2/3,• = 2 Iij — 0 for convenience in solution. For this model, we have three 
sets of tests to perfornr.-(l) a { = 0, (2) /3y = 0, and (3) la — 0. 


(13.13) C = — T 2 

rcn 


(13.14) SST 




(13.15) SSC 



(13.16) SSR 



(13.17) 


(13.18) SSI = SST - (SSC + SSR + SSE) 

The sum of squares for model (13.12) is partitioned into four distinct and independent portions. 
SSC, with 8 = c — 1, measures variability in column treatment effects and error. SSR, with 
5 = r — 1, measures variability in row treatment effects and error. SSI, with 5 = (r — l)(c — 1), 
measures variability in interaction effects and error. SSE, with 8 = rc(n — 1), measures pure 
chance variation of the experiment. The sum of these four df corresponds to the total number 
of df, rcn — 1, for SST. 


(13.19) xi } k = h + «* + /3j + Tfc + la + euk This expression defines the randomized- 
blocks, two-variable classification with replication model. In this model, all the treatment 
combinations, AiB„ are randomized over blocks of experimental material, C*. We are here 
interested in the effects of factor Ay, ai , the effects of factor Bj, p jt and their interaction 
effects, Iu ; but not in the effects of C k , yk. For this model, there are rcn normal populations 
with HUk and common variance <r 2 . The nuk are assumed to be distributed about the grand 
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mean ju. It is also assumed here that ai , p it and yk are additive, and that = 20,- = Zy k = 
Xli, = 0 . 

(13.20) SSB = - > t\ t - C 

rc 

»“■> •« - 222 +c - 2 ■ + ; 22 “"■) 

i 3 

(13.22) SSI = SST - (SSC + SSR + SSB + SSE) 

The sum of squares for model (13.20) is partitioned into five exclusive parts. The computational 
formulas for C, the correction factor, SST, SSC, and SSR are the same as (13.13) to (13.16), 
exclusively. In this model, the sum of squares for blocks, C k , measures both block effects and 
error. SSI, as usual, is computed by subtraction because of the identity SST = SSC + SSR + 
SSB + SSE + SSI. Also, for SSB, 5 = n — 1; for SSE, § = (rc - 1 )(n - 1); for SSI, 8 = 
(r - 1 )(c — 1). The total number of df for the model is (rcn - 1) = ( c - 1) + ( r - 1) + 


(n — 1) + (r — l)(c - 1) + (rc - 1)(» - 1). 


Problems 


13.1 Why should multiple t tests not be em¬ 
ployed to compare more than two means? 

13.2 How is the F distribution employed to 
test the equality of means? 

13.3 How are fixed effects, random effects, 
and mixed models differentiated? 

13.4 What are the difficulties involved in the 
analysis of variance of complicated models? 

13.5 What are the basic and common as¬ 
sumptions made for the analysis of variance? 

13.6 Under what conditions can the least sig¬ 
nificant difference formula be applied to con¬ 
duct pairwise tests? 

13.7 Variable or variables used for classifica¬ 
tion are considered as the independent vari¬ 
ables in the analysis of variance, but what con¬ 
stitutes the dependent variable? 

13.8 Use the linear model to prove that the 
degrees of freedom are additive in the analysis 
of variance. 

13.9 Use the linear model to show that 
E(dj) = 0 and that E(est. «,■) = 

13.10 Use the linear model to show that the 
mean square within groups (that is, the error 
mean square) is an unbiased estimate of a 2 
whether or not = 0 is true. 

13.11 Use the linear model to show that the 
mean square between groups, MSC, is an 


unbiased estimate of a 2 if and only if = 0 
is true. 

13.12 An agricultural experimental station 
wishes to determine the yields of five varieties 
of corn. Each type of corn is planted on four 
plots of land with equal fertility, and the 
yields, in units of 100 bushels, are as follows: 


CORN 


A 

B 

C 

D 

E 

4 

7 

5 

11 

4 

6 

13 

4 

10 

8 

4 

10 

4 

9 

6 

10 

12 

9 

14 

10 


In view of these results, can we conclude 
that the mean yields of the five varieties of 
corn are the same at the 5 percent level of 
significance? 

13.13 Apply the pairwise test to the results 
of Problem 13.12. 

13.14 Miss Smith, supervisor of a secretarial 
pool, has four typists under her supervision. 
She is concerned with the length of their coffee 
break, so she times them. Her observations, 
recorded in minutes, for each girl are as fol¬ 
lows. Can the differences in average time that 
the four typists spent on coffee breaks be 
explained by chance variation? 
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TYPIST 


A 

B 

C 

D 

27 

20 

24 

20 

35 

22 

22 

18 

18 

30 

25 

26 

24 

27 

25 

19 

28 

22 

20 

26 

32 

24 

21 

24 

16 

28 

34 

26 

18 

21 

18 

159 

25 

23 

32 


223 

18 

23 



30 

22 



32 

266 



322 




13.15 We wish to test whether there are any 
differences in the durability of three makes of 
computers. Samples of size m = 5 are se¬ 
lected from each make, and the frequency of 
repair during the first year of purchase is 
observed. The results are as follows: 


MAKE 


Ax 

A 2 

A 3 

10 

6 

5 

11 

7 

3 

9 

8 

4 

9 

6 

2 

8 

5 

1 


In view of the above data, what conclusion 
can you draw? If a significant difference exists 
between A if which treatment mean seems to 
have produced the difference? 

13.16 Four machines, A, B, C, and D, are used 
to produce a certain kind of cotton piece goods. 
Samples of size n t = 4, with each unit as 100 
square yards, are selected from outputs of 
the machines at random, and the number of 
flaws in each 100 square yards are counted 
with the following results: 


A 

B 

C 

D 

20 

13 

8 

9 

24 

17 

10 

5 

19 

15 

12 

7 

21 

14 

9 

4 


In view of the above data, can the null hypoth¬ 
esis on = 8 be rejected at the 5 percent level of 
significance? At the 1 percent level of sig¬ 
nificance? Which pairs of means are signifi¬ 
cantly different at a = 0.05? at a = 0.01? 

13.17 The same examination is given to five 
classes in elementary statistics taught by five 
different instructors, A u and it is desired to 
test whether the average grades of the five 
classes are equal. Random samples of size 
rii = 5 are drawn from each class, and the 
grades are shown below. What conclusion can 
you reach? 


Ai 

A 2 

a 3 

A 4 A 5 

85 

66 

59 

61 55 

78 

75 

50 

71 60 

90 

72 

66 

69 73 

79 

68 

70 

80 61 

92 

81 

62 

75 81 

13.18 

A random sample is selected from each 

of three makes of ropes, and 

their breaking 

strengths (in pounds) are measured, with the 

following results: 





SOURCE 



I 

II 

III 


95 ’5 

121 <■" 

82 ^ 


87 7 

130 ^ 

73 ^ 


90 0 

99 

76 '4 


88 C 

119 

70 - K> 


101 3 ! 

125 ^ 

81 1 



111 ^ : 

71-1 



120 v-tf 



Test whether there are any differences in the 
breaking strengths of the ropes. 

13.19 How does the completely randomized 
model differ from the randomized-blocks 
model? 

13.20 Explain the rationale behind the testing 
procedure of the randomized-blocks, one- 
variable classification model. 

13.21 A motion study is conducted to deter¬ 
mine the best method of assembling a simple 
mechanism; three methods are under evalua¬ 
tion. Five assemblers are selected at random 
from all the assemblers in the factory. After 
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they are given training to familiarize them with 
the particular methods chosen for the experi¬ 
ment, a test is conducted; and number of 
assemblies completed in one hour is recorded, 
with the following results: 


Method 


Assembler 

I 

II 

III 

h 


1 

2 

4 

5 

11 

2.75 

2 

3 

4 

6 

13 

3.35 

3 

5 

7 

8 

20 

5.00 

4 

7 

9 

11 

27 

6.75 

5 

6 

5 

9 

20 

5.00 

ti. 

23 

29 

39 

91 ( = 

T) 

Xi. 

4.6 

5.8 

7.8 




a. Make an analysis of variance of the above 
data. 

b. Perform the pairwise test. 

c. What is the population about which this 
test is generalized? 

d. What is the importance of the random 
selection of the assemblers? 

13.22 Suppose that we are interested in 
establishing the yield-producing ability of four 
types of soybeans, A h A 2 , A h and Ai. We 
have three blocks of land which may be dif¬ 
ferent in fertility. Each block of land is divided 
into four plots, and the A { are assigned to the 
plots in each block by a random procedure. 
The following results are obtained: 



Ax 

a 2 

a 3 

Ai 

Bx 

5 

9 

11 

10 

b 2 

4 

7 

8 

10 

b 3 

3 

5 

8 

9 


a. Test whether Ai are significantly different. 

b. Perform the pairwise test for A 

13.23 A chemist is interested in determining 
the effects of storage temperature on the 
preservation of apples. The variable under 
consideration is the number of apples that 
are rotten after a month of storage. He decides 
to use five lots of apples as the blocks of experi¬ 
mental material. He selects 120 apples from 
each lot, divides them into four portions of 
equal size, and assigns the treatments at ran¬ 


dom to the portions. The treatments are arbi¬ 
trarily set as follows: 

A i = storage with temperature at 50°, 

A 2 = storage with temperature at 55°, 

A 3 = storage with temperature at 60°, and 
A 4 — storage with temperature at 70°. 

This experiment yields the following results in 
terms of the number of rotten apples: 


Temperature 

Treatment 


Lots 

Ax 

a 2 

A, 

a 4 

Total 

1 'U? 

8 

5 

7 

10 

30 

2 ! l-G 

14 

10 

3 

5 

32 

3 f 7 9 

12 

8 

6 

5 

31 

4 

9 

8 

5 

7 

29 

5 f 

12 

9 

4 

8 

33 

Total 

55 

//'t? 

40 , 

& 

& 

155 


•/3TP 

/.f0 

/i’V 

i 


a. Test whether or not there is any significant 
difference due to storage temperatures. 

b. Perform the pairwise jest for A{. 

13.24 Four different drugs, A it have been 
developed for a certain disease. These drugs 
are used in three different hospitals, and the 
results given below show the number of cases 
of recovery from the disease per 100 people 
who have taken the drugs. The randomized- 
blocks design has been employed to eliminate 
the effect of the different hospitals. 



Ax 

a 2 


Ai 

Bx 

10 

11 

12 

10 

b 2 

19 

9 

18 

7 

B, 

11 

8 

23 

5 


What conclusion can you draw? 

13.25 What are the similarities and differ¬ 
ences between the randomized-blocks, one- 
variable classification model and the com¬ 
pletely randomized, two-variable classification 
model? 

13.26 Make an analysis of variance for data 
in Problem 13.21 according to the completely 
randomized, two-variable classification model. 
Also, perform the pairwise test for Bj. 

13.27 Suppose that there are four types of 


corn, Au and three types of fertilizer, and 
we wish to test the difference between the 
corn and between the fertilizers. Using the 
completely randomized, two-variable classifi¬ 
cation model, we obtain the following yields: 



A i 

A 2 

As 

a 4 

Bi 

12 

11 

13 

15 

B 2 

6 

8 

5 

9 

b 3 

4 

3 

2 

4 


a. Does there exist a significant difference 
between the types of corn? 

b. Does there exist a significant difference 
between fertilizers? 

c. Perform the pairwise test for Ai and for Bj. 

13.28 Are the block effects for data in Prob¬ 
lem 13.23 nil, assuming completely randomized 
design? 

13.29 Suppose that the data in Problem 13.24 
are designed for the completely randomized, 
two-variable classification model; then, 

a. Test whether there is a significant differ¬ 
ence in recoveries due to different drugs. 

b. Test whether there is a significant differ¬ 
ence in recoveries due to different hospitals. 

c. If the answer to (b) is yes, what factors 
could have contributed to these "block 
effects”? 

13.30 Explain, in your own words, the ra¬ 
tionale behind the testing procedure of the 
completely randomized, two-variable classifi¬ 
cation with replication model. 

13.31 There are two machines of different 
makes and three operators of different skills 
for the production of a certain product. We 
are interested in testing whether there is a 
difference in the machines Ai, in the oper¬ 
ators, B jt and if there is any interaction 
A X B. Each combination of AjBj produces 
the items for a number of hours, and = 2 
hourly output figures are selected at random, 
and the following results are obtained: 



Ai 

a 2 

B 1 

9 

16 


10 

15 

b 2 

6 

12 


8 

10 

b 3 

2 

11 


3 

10 
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a. Test whether there is a significant differ¬ 
ence between machines. 

b. Test whether there is a significant differ¬ 
ence between operators. 

c. Test whether there is a joint effect, or 
interaction. 

13.32 An experiment is conducted on the life 
of cutting tools where the variables of interest 
are the type of metal, Ai, i = 1, 2, 3, and 
speed of lathe, B jt j = 1, 2, 3, Suppose that 
the following data, given in hundreds of hours 
of effective use of the tools, are obtained: 


Speed 

Type of Metal 

I 

II 

III 

High 

6 

9 

10 


4 

8 

9 


7 

6 

5 

Medium 

11 

13 

14 


10 

10 

12 


9 

11 

15 

Low 

9 

8 

10 


7 

10 

9 


6 

9 

12 


a. Test whether there is a significant differ¬ 
ence between metals, Ai. 

b. Test whether there is a significant differ¬ 
ence between speeds Bj . 

c. Test whether there is an interaction effect. 

13.33 Suppose that there are four kinds of 
corn, Ai, and two types of fertilizer, Bj . 
Assume that the four kinds of corn are 
planted on land of equal fertility and samples 
of n = 2 are selected from each combination 
AiBj, with the following results: 



Ai 

A 2 

A 3 

a 4 

B i 

110 

100 

90 

90 


125 

95 

90 

80 

b 2 

120 

97 

85 

80 


115 

92 

86 

81 


a. Test whether there is a significant differ¬ 
ence in A,. 

b. Test whether there is a significant differ¬ 
ence in Bj. 
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c. Test whether there is a significant inter¬ 
action effect. 

13.34 How does the randomized-blocks, two- 
variable classification with replication model 
differ from the completely randomized, two- 
variable classification with replication model? 

13.35 Data below represent operating time 
(in seconds) of three operators, A„ working 
on two machines of different make, B y , on 
three lots of raw materials, C k ■ The C k con¬ 
stitute the blocks in the randomized-blocks 
design. 


Lot 

Operator 

Machine A i A 2 A z 

t.j. 

Ox 

B x 

6 

9 

10 



b 2 

4 

5 

8 




10 

14 

18 

42 

o 2 

Bx 

5 

8 

12 



b 2 

3 

5 

7 




8 

13 

19 

40 

o 3 

Bi 

8 

10 

15 




4 

5 

8 




12 

15 

23 

50 

Total 

Bi 

19 

27 

37 

83 


b 2 

11 

15 

23 

49 

U.. 


30 

42 

60 

132 


a. Test that a t - = 0. 

b. Test that /3 y = 0. 

c. Test that I ti = 0. 

13.36 Suppose that there are three types of 
wheat, A it and two types of fertilizer. It is 
desired to test whether or not there is a 
significant difference in the wheat and in the 
fertilizer. There are four blocks of land which 
differ in fertility. Each block of land divided 
into (3)(2) = 6 plots, and the treatment com¬ 
binations, AiBj, are used to obtain the data. 
Suppose that the following data are obtained. 
In view of these results, can we conclude that 
(a) there is a significant difference in the 
wheat? (b) there is a significant difference in 
the fertilizer? (c) there is a significant inter¬ 
action effect? 


Block 

Fertilizer 


Wheat 


A x 

a 2 

Az 

Ox 

Bx 

1 

6 

4 


b 2 

5 

7 

7 

c 2 

B x 

9 

8 

6 


b 2 

10 

9 

11 

Cz 

Bx 

20 

12 

19 


b 2 

19 

15 

21 

o 4 

Bx 

29 

19 

22 


b 2 

33 

25 

20 


14 


NONPARAMETRIC 

STATISTICS 


14.1 

Introduction 


Our discussion of statistical inference has 
been presented, so far, under the assumption that samples have originated from 
populations having certain distributions which are known. Each theoretical dis¬ 
tribution function depends upon one or more population parameters. Thus, we 
call the classical decision procedure the parametric case. Efficient use of the 
parametric methods of estimation and testing usually requires normality of popu¬ 
lation and stability of variance. 

In many situations, however, it is impossible to specify the form of population 
distribution; we can only reasonably assume that it is continuous. The process of 
drawing conclusions directly from sample observations without formulating as¬ 
sumptions with respect to the mathematical form of the population distribution 
is called the nonparametric or distribution-free theory . Because many nonparametric 
statistics have been designed and have been widely accepted during the recent 
past, it seems fitting that we should have a survey of nonparametric theory in a 
text on modern statistical analysis. 

Actually, the student is not completely ignorant of nonparametric methods 
by now. The chi-square tests mentioned in Chapter 12 are nonparametric techniques. 
Again, the Chebyshev inequality, although not strictly nonparametric since it 
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involves /x and a 2 , is distribution-free since it holds for any probability distribution. 
In the pages that follow we shall present a number of nonparametric statistics 
that have been found to be useful and efficient. 


14.2 

Tests for 
Randomness 


The classical theory of statistical infer¬ 
ence rests on randomness. For classical procedures to apply, the sample must be 
a random sample: sample observations must be independent of each other, and 
each sample observation must be identically distributed with the population. 
This assumption may easily be violated either because the population changes 
with respect to one or more characteristics while the sample is being drawn, or 
because dependence has somehow crept into sample observations. In other words, 
the population may not be in statistical control or the sample may not be random. 
When this happens, the classical theory fails. Clearly, methods which can evaluate 
the randomness of a sample are of supreme importance for the justification of 
employing classical inference procedures. 

In this section, we shall introduce two simple nonparametric tests for random¬ 
ness based on the concept of “runs”: (1) runs above and below the median, and 
(2) runs up and down. 


RUNS ABOVE AND BELOW THE MEDIAN 


Suppose that we have a sample of, say, 26 observations gathered as listed in the 
order below: 

97, 89, 25, 81, 11, 83, 16, 96, 44, 32, 98, 19, 68, 

33, 25, 54, 74, 82, 17, 49, 33, 22, 62, 20, 92, 80 

A moment's study of this set of data reveals that the value of the median is 
(54 + 49)/2 = 51.5. We proceed to observe now whether each observation is 
above or below this median value. If above the median, we mark it as an a, and if 
below the median, we mark it as a b. For the above sample, we have the following 
sequence of as and 6s: 

aa-b-a-b-a-b-a-bb-a-b-a-bb-aaa-bbbb-a-b-aa 


Each sequence of as or 6s, uninterrupted by the other letter, is a run and we have, 
therefore, 17 runs for our data. 

Now, there is reason to believe that if the sample is random the number of 
runs above and below the median should also be a random variable. Furthermore, 
if the population is continuous, n is even, and n > 25, the sampling distribution 
of this number of runs, R, is asymptotically normal with 


E(R) = 


n + 2 


2 


(14.1) 



and 
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V(R) = 


n(n — 2) 
4 (n — 1) 


(14.2) 


The null hypothesis to be tested here is usually stated as: “The population is 
in statistical control /’ or “The sample is a random sample.” The alternative is 
often of the left-tail variety. This is especially appropriate if there are too few 
runs, since such a situation usually indicates a shifting population mean. We may 
occasionally wish to conduct a right-tail test when there are too' many runs, 
revealing a systematic swing above and below the median from one observation 
to another, thus making us suspect that the data might have been manipulated 
to yield too perfect a result. When we have no specific ideas, except that Hi should 
be the opposite of Ho, we may then proceed to make a two-sided test. In any event, 
when the normal theory can be applied to the distribution of R, the testing statistic 
is 


R - E (R) 

Vvm 


(14.3) 


Suppose that we wish to have a two-sided test for our illustrative data at 
a — 0.01; we would have 


E(R) = 
V(R) = 
Z = 


26 + 2 _ 

2 

26(26 - 2) 
4(26 - 1) 

17 - 14 _ 
V6/24 


14 

= 6.24 

1.21 


Since the observed value of Z falls between —2.58 and +2.58, Ho cannot be 
rejected at the 1 percent level of significance. We conclude therefore that the 
sample is a random sample. 

In closing our discussion of the test of randomness with runs above and below 
the median, let us note three things. First, when the sample is small, exact 
probabilities can be determined with the binomial theorem with p = J+ Second, 
the condition that n be even can be violated to yield satisfactory result when n 
is large enough for normal approximation. Third, when there are sample values 
which are tied with (equal to) the median value, either they may be disregarded 
so that the number of runs and sample size are reduced, or they may be assigned 
as or bs by a random process such as the toss of a coin. 


RUNS UP AND DOWN 

A test for runs up and down is similar to the preceding test. Given a sample of 
n observations recorded in the order obtained, we place either a plus sign ( + ) or 
a minus sign ( —) between each pair of successive observations, depending on 
whether the latter observation is greater or less than the preceding observation. 






442 NONPARAMETRIC STATISTICS 


Now, each string of +s or — s, uninterrupted by the other sign, is counted as a 
run. For example, using the same sample data, we have 

+ - + - + - + - + - + + + - +-+ - + - 

a total of 19 runs. Be sure to note these signs are determined between two succes¬ 
sive observations, and there are (n - 1) such signs for a sample of size n. Again, 
ties may be broken by a chance process so as to make more probable the rejection 
of randomness. 

Under the assumptions that the sample is random and that the population is 
continuous, the number of runs up and down, R, is asymptotically normal with 

E(R) — g (2w — 1) (14.4) 


V(R) ~ ^ (16n — 29) (14.5) 

The testing statistic to be used becomes 

r_R- m) 

z = 7i) 

Normal approximation in this case requires that n > 20. 

Supposing we wish to test randomness against a shifting population mean, 
namely, against a left-tail alternative, with our illustrative data at a = 0.01, we 
have then 

R = 19 

E{R) = M(2(26) - 1) = 17 

V(fl) = Mo(16(26) - 29) = 4.3 

^ 19-17 

Z = -- 1.4 

V4.3 

Note that 1.40 > —2.33, and randomness is accepted at a = 0.01. 

In general, a test based on runs above and below the median and a test based 
on runs up and down are expected to yield the same result. 


Tests for 
Independence 


Tests for independence are the same as 
the tests for randomness, since independence in sample observations is the same 
as the randomness of the sample. We have here distinguished these two types of 
tests merely for the purpose of convenience in presentation. The tests for random¬ 
ness discussed before were mainly concerned with cro§s-section data. Now, in 
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this section, we shall introduce procedures of testing randomness (independence) 
for times series samples. 

Business and economic data ordered in time sequence can hardly be considered 
random samples. An observation on price, production, national income, and the 
like, in a month or year is usually dependent to some extent upon the value of 
that variable in the previous time period. This mutual dependence of successive 
observations in time raises a number of problems in statistical analysis. We would 
like to have some device by which to measure the degree of this dependence. One 
such measure is called serial correlation. Another simple but much more powerful 
method is the Von Neumann ratio. We shall now introduce these two concepts in 
the order mentioned. 


SERIAL CORRELATION 


The term serial correlation refers to the lag relationship in time series samples. 
Consider the trend equation 

y t = a + bx 


for example. We say that the dependent variable Y is serially correlated if the 
value of Y in period 1, y i, is correlated with the value of Y in period t — 1, y t _ i, 
or if y t is correlated with y t -2, yt-z, and so on. Sometimes the terms autocorrelation 
and lag correlation are used to describe this dependent relationship. When a dis¬ 
tinction is made, we take autocorrelation to mean the lag relationship in the 
population, serial correlation to mean the lag relationship in a sample, and lay 
correlation to mean the lag relationship between two different time series. 

Given a time series with values yi, y 2 , • • • , y n , serial correlation between the 
successive terms is defined as 


cov (y>,yi+ 1) 
Vv ( yi )V(y i+ d 



(14.7) 


Here, r i is called serial correlation of order 1 because the time interval between y { 
and y i+ i is one time unit. In general, serial correlation between y * and y l+ k is called 
serial correlation of order k . 

The statistic rq can be used to test the null hypothesis that a given time series 
is a random sample. When randomness is rejected, we conclude that the sample 
is not random and that there exists in the population significant trend and/or 
cyclical elements. Clearly, —1 < ?q < 1. When ?q is close to 0, we would tend to 
accept H 0 . When ?q is close to — 1 or +1, we would tend to reject H Q . 

Testing for randomness with ?q is facilitated by a table of distribution of ?q 
developed by R. I. Anderson, presented in the Appendix as Table A-XII. This 
table gives critical values of rq at both the 5 percent and the 1 percent levels of 
significance. If the value of ?q exceeds the corresponding value, which depends 
upon n, Hq is rejected and we conclude that there exists serial correlation in the 
population. 
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TABLE 14.1 


Year 

Vi 

yd 

VtVi+i 

1960 

5 

25 

35 

1961 

7 

49 

42 

1962 

6 

36 

60 

1963 

10 

100 

100 

1964 

10 

100 

90 

1965 

9 

81 

99 

1966 

11 

121 

132 

1967 

12 

144 

60 

Total 

70 

656 

618 


Let us consider an illustration. Suppose that the inventories of a certain store 
during the past ten years (given in thousands of dollars) are as shown in Table 
14.1. Quantities required to compute r i can be easily obtained. These quantities 
are also shown in the same table. 

Note that in the above calculations we have assumed that y n +i = 2 / 1 . This is 
called the circular definition. This definition would affect the value of ?q signifi¬ 
cantly when n is small and data are not detrended as in our present example. In 
any event, for our illustrative data, we have 



Since for n = 8, P(r x > 0.531) — 0.01, we accept H 0 . This conclusion, however, 
is quite doubtful due to the effects of the circular definition on for our data, 
which are not detrended and rather short. 
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As implied by the definition of ?n 2 , the ratio K is closely related to the variance 
of the first difference. When these differences are small, a small K will result and 
positive serial correlation in the population is indicated. When these differences 
are large, a large K will result and negative serial correlation is revealed. Thus, 
very large and very small values of K would lead us to the rejection of randomness 
or independence. 

To effect the test of independence by the Von Neumann ratio, a table worked 
out by B. I. Hart, presented as Table A-XIII, may be used. This table gives the 
5 percent and 1 percent points of the distribution of K. It gives two critical values, 
k and k f , for each level of significance and each sample size. For instance, if n = 10 
and a = 0.05, k — 1.1803 and k' — 3.2642. If K < k, K is considered as signifi¬ 
cant and we reject H 0 and conclude that there exists positive serial correlation. 
If K > k f , we would reject H 0 and conclude that negative serial correlation 
exists. Ho is accepted when k < K < k r . 

Using the inventory data in Table 14.1 again as an illustration, we have the 
following results: 


TABLE 14.2 


Year 

Vi 

(y< - y ) 2 

(yi+1 ~ Vi) 2 

1 

5 

14.0625 

4 

2 

7 

3.0625 

1 

3 

6 

7.5625 

16 

4 

10 

1.5625 

0 

5 

10 

1.5625 

1 

6 

9 

0.0625 

4 

7 

11 

5.0625 

1 

8 

12 

10.5625 

— 


70 

43.5000 

27 


y = 7% = 8.75 
„ 43.5 


8 


= 5.44 


27 


m* 


(8 - 1 ) 


3.86 




We see from Table A-XIII, 0.71 < 0.7575 = k for n — 8; Ho is rejected at 
a = 0.01. Serial correlation exists in the population—there is a positive trend 
and/or a cyclical component in the population. (Note: For the same data, n 
failed to reject randomness before. Clearly, the Von Neumann ratio is much more 
sensitive in detecting the existence of serial correlation.) 
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14.4 

Population 

median 


For a continuous random variable X, the 
median is that number M such that P(X > M) = P(X < M) = 

Suppose we wish to test the null hypothesis that the population median is 
equal to a fixed number; that is, Ho: M — M 0 . If this is true, we should expect 
approximately half of the observations in a random sample of size n to lie on 
either side of Mo, namely, P(X — Mo > 0) = We see then that the number 
of observations in a sample exceeding Mo has a binomial distribution with p = %. 
Given the usual two-sided alternative in evaluating population medians, we would 
reject Ho either because there are too few or too many observations in the sample 
in excess of Mo. 

The mechanics of the test for the median are as follows: 

(1) Given Mo and n, arbitrarily select the critical values and then find the 
value of a by the binomial theorem. 

(2) Construct this pattern of signs: “ + ” for an observation that exceeds Mo 
and (i — ” for an observation that is short of Mo. When a tie occurs (when Xi = Mo), 
write down a sign selected by a random process. 

(3) Count the number of plus signs. If it is less than the smaller, or greater 
than the larger, critical value determined in (1), reject Ho at the level of a cal¬ 
culated in terms of these critical values. 

Suppose that we have drawn a random sample of size n — 10 with the following 
results, listed according to the order in which they were obtained: 

18.7, 25.0, 21.5, 16.5, 20.3, 19.2, 17.1, 23.5, 24.3, 15.7 
Can we conclude from these data that 


H 0 : M = 21 
Hi\ M 9^ 21 

if we decide to reject Hi when there are 1 or less, or 9 or more, plus signs? 

With the above decision rule, the level of significance becomes 

a = P( 0) + P( 1) + P( 9) + P(10) 

= ( X 0 °) (0.5)“ + (0.5)“ + (g 0 ) (0.5) 10 + Qj) (0.50)“ 

= 0.02148 

From the original data, we have the following signs: 

- + +-+ + - 

There are four plus signs (four sample observations having values above 21). This 
number is between 1 and 9; therefore, we accept the hypothesis that the popula¬ 
tion median is 21 at a = 0.02. 
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An interval estimate for M can be obtained immediately after the sample 
observations have been arranged in an array. Again, no assumptions about the 
population are required except that it be continuous. Suppose that we have a 
sample of 10 items; we may arrange them in such order as aq < x 2 < • • • < x 10 
and say that M is between two of these observations. For example, we may state 
that M is between Xi and xio, or between x 2 and x 9 , and so on. As we get closer to 
the center of the sample array, our interval becomes more precise but we become 
less confident that the interval will indeed include M. It is desirable therefore 
that we should attach a probability statement to our interval estimate of M. 

A table of confidence intervals for M has been worked out by Banerjee and 
Nair and is presented in the Appendix as Table A-XIV. This table gives the 
largest values of k (depending on n), such that we are more than 95 percent 
confident or more than 99 percent confident that the population median is between 
x k and Xn+i-k. The values of a in the table give us probabilities that our statements 
about confidence intervals are false. For example, for w = 10 and a < 6.05, k = 2. 
Thus, if we construct a confidence interval with x 2 and x 9 as the lower and upper 
confidence limits, we would be about 98 percent confident. Namely, for n = 10, 
P(x 2 < M < x 9 ) = 1 — 0.021. This observation is clearly consistent with our 
decision to accept M = 21 with n = 10 and a = 0.02 before. Can you explain 
why? 


14.5 

The Sign Test 
for Matched Pairs 


Very often we have two or more sets of 
data which are not random samples but are matched in terms of one or more 
factors. We have encountered this type of data before. It first appeared in our t 
test for two dependent samples. It occurred again when we introduced the ran- 
domized-blocks experiment in the analysis of variance, where c treatment popula¬ 
tions were compared when there were available r blocks of factors to which the 
treatments v ere assigned at random. When there are only two treatments and 
the observations are paired, a simple procedure called the sign test can be employed 
to test whether two population means are equal. This test is developed below. 

Let A and B represent two treatments with n matched pairs of observations, 
(xiiVd- We note that the sign of di = x { — y { . If we are concerned with data which 
are not measurable but only comparable, the is taken to be positive if A is better 
than B arid negative if A is worse than B. Whenever a tie exists (that is, di = 0), 
the pair of tied observations is disregarded. 

Under the assumption that the two populations have equal means, we should 
have approximately the same numbers of -bs and —s. Furthermore, if we let S 
be the number of times the less frequent sign occurs in the sequence of d if then S 
has the binomial distribution with p = 

It is important to note that, for the sign test to be applicable, it is not necessary 
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TABLE 14.3 


Pair Number 

Method 1 

Method 2 

Sign of di 

1 

17 

10 

+ 

2 

28 

25 

+ 

3 

19 

10 

+ 

4 

20 

21 

- 

5 

11 

13 

- 

6 

27 

20 

+ 

7 

21 

16 

+ 

8 

20 

20 

0 

9 

29 

24 

+ 

10 

30 

27 

+ 

11 

31 

25 

+ 

12 

28 

30 

- 

13 

40 

27 

+ 

14 

29 

25 

+ 

15 

33 

21 

+ 

16 

35 

32 

+ 


to assume that differences are identically distributed as for the t test. The utility 
of the sign test is that it is permissible for each pair of observations to be collected 
under different conditions and thus to have different distributions. 

The critical value for a two-sided alternative at a — 0.05 can be conveniently 
found by the expression 

K = ^ ~ ^ - (0.98) Vn + 1 (14.9) 

2 

H o is rejected if S < K for the sign test. 

Suppose that a production manager wishes to conduct an experiment to 
compare two methods of assembling a certain mechanism. He first pairs the 
workers according to age, and assigns the methods (treatments) to the workers 
at random. A sample of 16 pairs of workers in the experiment yields the mean 
number of units assembled per hour recorded in Table 14.3. 

The above data indicate that the less frequent sign is minus and S = 3. 
Given that n = 15, is this result significant at a = 0.05? (Note that n = 15 
instead of 16 here because one pair yields d = 0 and is disregarded.) 

To answer this question, we find the rejection number to be 

K = 15 ~ 1 - (0.98) Vl6 = 4 

2 

Since 8 < K = 4, the null hypothesis of equal means is rejected. Method 1 is 
superior to Method 2. 

We can just as easily calculate the probability of obtaining as extreme a 
result as the observed S by the binomial theorem. Thus, for our example, we have 

3 

P(S <S) = y b(S; 15,0.5) = 0.0176 

5 = 0 

which is less than 0.05, and therefore H 0 cannot be accepted. 
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Furthermore, in our present illustration np — 15(0.5) = 7.5 > 5, a satis¬ 
factory result can also be obtained by the normal approximation. Hence 


P(5 < 8) - ( s - + *> ) - N ( 3 + ° 5 - 75N ) 

\ \/ npq / \\/(15)(.5)(.5)/ 


2V(-2.07) = 0.0192 


which is again less than 0.05 and agrees with the exact probability quite well. 

We note that the sign test is applicable only when n is not too small. 
For a = 0.05, n should be at least 6, since if n — 5, even in the extreme case 
where all differences are either positive or negative, the probability is as large as 
(0.5) 5 = 0.0625 > 0.05; hence, with n = 5, we can never reject the null hypothe¬ 
sis of equal means at a = 0.05. Needless to say, when a = 0.01, n should pref¬ 
erably be larger than 6. 

14.6 

The ChUSquare Test 
on Frequencies 


As mentioned in Chapter 15, the chi- 
square distribution can be employed to test any hypothesis concerning categorical 
data. We shall in this and the next few sections introduce some of the more 
important nonparametric tests via the chi-square distribution. 

Generally, with a chi-square test, we first formulate the null hypothesis under 
which expected, or theoretical, frequencies are determined. Next, we investigate 
sample data for the purpose of establishing observed frequencies. Then we com¬ 
pare these two sets of frequencies by striking differences between them. Finally, 
on the basis of these differences, we may specify a decision criterion to judge 
whether the observed frequencies, on the average, diverge significantly from the 
expected frequencies. Namely, we wish to determine, from an appropriate cri¬ 
terion, whether these differences are due to chance variations in random sampling. 
If so, the null hypothesis is accepted; otherwise, it is rejected. 

For this group of problems, it can be shown that the ratio of the sum of squared 
differences between observed frequencies, denoted as Oi, and expected frequencies, 
denoted as e i} to the expected frequencies is distributed approximately as a chi- 
square. That is, 


x 2 = 



(14.10) 


is approximately distributed as chi-square, with degrees of freedom equal to the 
number of classes or categories compared, less the number of restrictions imposed 
on the comparison. More precisely, for (14.10), 5 = k — 1 if expected frequencies 
can be computed without having to estimate population parameters from sample 
statistics. Here, k is number of classes; thus if we know k — 1 of the expected 
frequencies, the remaining frequency is uniquely determined because we must 
satisfy the condition that So* = = n, where n is the sample size or the total 

frequency. However, we would have in this case <5 = k — 1 — m if the expected 
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frequencies can be computed only by estimating m population parameters by 
sample statistics. 

Two observations may be made here in connection with the use of (14.10) for 
various types of chi-square tests. First, whenever 5 = 1, especially when the 
total number of frequencies^is rather small, say T less than 5 0, it is advisable to 
introduce a continuity correctioiTTactbf^rJ^l^omputing the chi-square value. 
That is, when 5 = 1, we modify equation (14.10) as follows: 

y2 _ V (k - *| - M ) 2 

- 2 , * <*11) 

Second, there must be at least 5 items in each theoretical frequency class. This 
requirement is to avoid inflated cEi’-square values due to the "division" of the 
squared differences by a small size of expected frequency. In a situation where 
there are one or more classes with theoretical frequencies less than 5, they may be 
combined into a single category before calculating the difference, o { — e t . With 
this practice, it is important to remember that the number of degrees of freedom 
is determined with the number of classes after the regrouping. For example, if 
we start out with ten classes and three of these have small theoretical frequencies, 
we may pool these three classes into one and we would have then k = 8 classes 
to compare. 

In this section we discuss the application of chi-square to test hypotheses 
about frequencies. For this, two examples will be given: one is concerned with 
one-way classification with two classes; the other, with one-way classification 
with more than two classes. 


A TEST ON FREQUENCIES OF TWO CLASSES 

For this test, we shall use the same example as the one in Chapter 11, where the 
Better Business Bureau had to make a decision about the claim by The Smile 
Diaper Service that it shared 30 percent of the diaper market in Philadelphia. 
The sample data showed that among the 200 families surveyed, 52 of them were 
customers of The Smile Diaper Service. The BBB set out to verify whether it was 
true that every 3 out of 10 users of diaper service in Philadelphia used The Smile 
Diaper Service, and made the test under the assumption that the sample pro¬ 
portion was normally distributed. To verify the same claim by a chi-square test, 
we have 


1. Hypotheses: H 0 : Number of customers are distributed in the ratio 3:7 

Hi : The ratio is not 3:7 

2. Level of Significance: a — 0.05 


3. Testing Statistic: X 2 



which is distributed as Xi 2 . 


{Note: For this test, k = 2; therefore, S = 2-1 = 1. Because S = 1, the con- 
tinuity correction factor is employed.) 
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4. Decision Rme: P(xi 2 > 3.84) = 0.05; reject H 0 if and only if the com¬ 
puted chi-square value is greater than 3.84. Otherwise, accept Ho. 

5. Computations; 


Smile’s 

Customers 

Oi 

e% 

\<>i ~ ei\ - H 

(i<>f - ei\ - }i) 2 /ei 

Yes 

52 

60 

7.5 

0.94 

No 

148 

140 

7.5 

0.40 

Total 

200 

200 

— 

1.34 


Xi 2 = 1.34 

6. Decision; The computed chi-square value is 1.34, which is less than 3.84. 
The null hypothesis cannot be rejected at a — 0.05. The sample data are not 
sufficient evidence for doubting Smile's claim. It is interesting to note that this 
conclusion is identical with the one reached for the same problem when v T e used 
the normal probability law as the decision criterion. This should pot be a sur¬ 
prising result, since we know that a chi-square statistic is the square of the normal 
statistic. The two critical regions correspond to one another, since for a = 0.05 
and 5 — 1, 

P(Z < -1.645) - P(Z > 1.645) = P(Z < -1.96) + P(Z > 1.96) 

- P(Xi 2 > 3.84) = 0.05 

It may be observed also that for the present example, the hypotheses can be 
stated in the binomial notation or multinomial notation. In binomial notation, 
we have H 0 : p = 0.3 against Ho', p 9 ^ 0.3. In multinomial notation, we have 
H 0 : pi — 0.3 and p 2 — 0.7 against Hi: pi 9* 0.3 and p 2 9^ 0.7. 

A TEST ON FREQUENCIES OF MORE THAN TWO CLASSES 

While the chi-square test can be considered as a generalization of the normal test 
■when there are only two classes as "evealed by the preceding example, we are 
forced to use the chi-square test when there are more than tw T o categories, as 
illustrated by the following example. 

Five coins are tossed 100 times for the purpose of determining if all the five 
coins are fair. For convenience, we conduct this test by observing the number of 
samples which contains 0, 1, 2, 3, 4, or 5 heads. The appropriate chi-square test 
with six categories is as follows: 

1. Hypotheses; Ho : All coins are fair; that is, the probability of obtaining 

heads in any random toss of any of the five coins is Y 
Hi: Not all coins are fair 

2. Level of Significance; a = 0.01 — arbitrarily assigned 
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3. Testing Statistic: 


2 


(pj ~ ep 2 
ei 


which is approximately distributed as X 3 2 . 


Here S — 4 — 1 = 3, as shown by the table in step (5), since the first class is 
combined with the second and the fifth class is combined with the last due to 
small theoretical frequencies in the first and the last classes. Actually we have, 
after the combinations, k — 4. 


4. Decision Rule: The critical region is separated from the acceptance region 
by 11.34 because P(x 3 2 > 11.34) = 0.01. 


5. Computations: First, the five coins are tossed 100 times and this total 
number of tosses is distributed according to the number of heads as recorded in the 
first two columns in the following table; the second column, of course, contains 
the observed frequencies. Next, if all the five coins are fair, then in any toss of 
the five coins the number of heads should be distributed as a binomial distribu¬ 
tion. Such a theoretical distribution is given in column three in the same table. 
With this theoretical distribution, the expected frequencies are automatically 
determined as shown in the fourth column. In the fifth column we have the 
computation for the chi-square value under consideration, and it is 26.88. 


No. of 
Heads 

Oi 

b(x ;0.5,5) 

= 100 [b(x)] 

(oi — e t ) 2 /ei 

0 

1 

id 11 

0.0312 

0.1562 


3.46 

2 

20 

0.3125 

31.25 

4.05 

3 

36 

0.3125 

31.25 

0.72 

4 

5 


0.1562 

0.0312 

15.621 1n 

3 . 12 } 1874 

18.65 

Total 

100 

1.0000* 

100.00* 

26.88 


* These totals are not exactly 1 and 100, respectively, because of rounding. 


6. Decisions: The observed value of X 3 2 is greater than 11.34 and falls in the 
critical region. We therefore reject H 0 that all the five coins are fair. This implies 
that at least some of these coins are biased. 


14.7 


Testing 

Goodness~of~Fit 


In many problem situations we can de¬ 
duce a priori that prevailing conditions make it seem reasonable that the popula¬ 
tion follows a specific probability model; nonetheless, it is beneficial to have a 
statistical testing procedure to substantiate the adequacy of such a model. 
Statistical inferences discussed in the preceding three chapters were designed 
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under the assumption that the population is normal or that samples are large 
enough for the central limit theorem to be operative. The assumption of normality 
is not a crucial one insofar as inferences about means are concerned, but it can 
seriously affect the drawing of conclusions about variances. While experience may 
tell us that a given random variable is normally or nearly normally distributed, 
we may still doubt the normality assumption and seek an appropriate procedure 
which can prove or disprove the .assumption. The statistical procedure employed 
for this purpose is called test of goodness-of-fit. It begins, as does our general 
testing procedure, with formulating the null hypothesis that a given population 
has a specific probability or density function, such as the uniform, the binomial, 
the Poisson, or the normal model. Then a random sample is taken from the popula¬ 
tion and observed, which furnishes us with observed frequencies (empirical dis¬ 
tribution) in terms of chi-square tests. Then the theoretical distribution, as 
specified in the null hypothesis, is fitted to the empirical distribution. The 
theoretical probability values, when multiplied by the total number of frequencies 
in the sample, become expected frequencies. After this, the chi-square test of 
goodness-of-fit follows exactly the same procedure as that on frequencies, except 
that theoretical frequencies are now usually computed with sample statistics as 
estimators for the corresponding population parameters. 

TESTING THE FIT OF A UNIFORM DISTRIBUTION 

The simplest, and a useful, test of goodness-of-fit is that with a discrete uniform 
distribution, such as the toss of a coin or the throw of a die. Let us consider an 
example. 

It is known that the number of sales made by a salesman usually depends upon 
the number of calls he makes. Thus, salesmen of any firm are always encouraged 
to make as many calls as possible. If salesmen are equally ambitious, energetic, 
resourceful, and so on, all should be expected to make the same number of calls 
during the same period of time. The sales manager of a certain company is 
anxious to test the validity of this hypothesis. He selects at random six salesmen's 
records for a given week and finds that a total number of 210 calls was made, 
distributed as follows: 

Salesman Number of Calls 

A 
B 
C 
D 
E 
F 

Total 

The test: 

1. Hypotheses: H Q : The number of calls is uniformly distributed; that is, 
f(x;n) = 1 /n, x = 1,2, • • • ,n 
Hi '. The number of calls is not uniformly distributed 


35 

20 

47 

32 

51 

_25 

210 
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2. Level of Significance: a — 0.01 

X ( 0i _ e .y 

— -— which is distributed approximately as x 5 1 2 .- 

Here, 5 = 6 — 1, since expected frequencies can be computed without estimating 
parameters by sample statistics. 

4. Decision Rule: H 0 shall be rejected if and only if the computed chi-square 
value is greater than 15.09, since P(x 5 2 > 15.09) = 0.01. 

5. Computations: 


Salesman 

Oi 


ei = 210 [f(x)] 

{pi — ei) 2 /e 

A 

35 

H 

35 

0.00 

B 

20 

H 

35 

6.43 

C 

47 

H 

35 

4.11 

D 

32 

H 

35 

0.26 

E 

51 

Ve 

35 

7.31 

F 

25 

Vo 

35 

2.86 

Total 

210 

6 A 

210 

20.97 


6. Decisions: Reject H 0 , since the computed chi-square value falls in the 
rejection region. This conclusion means that the fit of a uniform distribution to 
the calls made by salesmen is bad. This inference also implies that salesmen may 
be different in ambition, energy, resourcefulness, and so on. 


TESTING THE FIT OF A BINOMIAL DISTRIBUTION 

For this case, we shall try to fit a binomial distribution to the same data of tossing 
five coins 100 times discussed in Section 14.6. To judge whether such a fit is good 
or bad, we have the following chi-square test: 


1. Hypotheses: H 0 : The number of heads is distributed as a binomial distri¬ 
bution. b(x;p,n) 

H i: The number of heads is not distributed as a binomial 


2. Level of Significance: a = 0.01 


3. Testing Statistic: 

Here, 5 = k — 1 — m — 



(Oi ~ ei) 


which is seen to be distributed as x 3 2 . 


1 — 1 = 3. The number of classes is five since the 


first two of the six original classes are combined into a single category. Further¬ 


more, m = 1 because we need the sample estimate of p, the probability of heads 
in any single toss of each of the five coins, to compute expected frequencies. 
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4. Decision Rule: H 0 will be rejected if and only if the computed chi-square 
value is greater than 11.34 since P(x 3 2 > 11.34) = 0.01. 


5. Computations: For this problem the mean number of heads is np = 5p. 
For the actual or observed frequency distribution, the mean number of heads is 

2fx 0(1) + 1(10) + 2(20) + 3(36) + 4( 23) + 5(10) _ 

~ 2 / ~ 100 

Or, p — 0.6, which may be considered as the best estimate of the binomial 
parameter under investigation. With this estimate, the fitted binomial distribution 

is given as 6(.r;0.6,5) = ^ (Offi^CU) 6 -*. With this probability distribution, the 

expected frequencies are then determined and the chi-square value is computed. 


Number 
of Heads 

Oi 

b(x ;0.6,5) 

ei = 100 [b(x)\ 

(Oi — e l ) i /ei 

0 

a ii 

0.0102 

102 1 8.70 

0.61 

1 

10/ 

0.0768 

7.68 / 


2 

20 

0.2304 

23.04 

0.30 

3 

36 

0.3456 

34.56 

0.06 

4 

23 

0.2592 

25.92 

0.23 

5 

10 

0.0778 

7.78 

0.63 

Total 

100 

— 

— 

1.83 


6. Decision: Since the computed chi-square value is less than 11.34, H 0 is 
accepted. This conclusion means that the fit of the data is good. {Note: The fit 
here is made with p estimated as 0.6. This conclusion is, therefore, consistent 
with our previous decision that not all of the five coins are fair in; view of the 
same sample data.) 


TESTING THE FIT OF A POISSON DISTRIBUTION 

The number of clients who visited the office of a young lawyer each day during 
his first 100 days of practice is distributed as follows: 


Number of clients 

0 1 2 3 4 5 6 

Number of days 

40 36 16 7 2 1 0 


Determine the goodness-of-fit of these data by a Poisson distribution. 

First, to compute the expected frequencies we must have the Poisson proba¬ 
bilities which, in turn, require the value of the mean number of visitors per day. 
For data above, we have 

_T_ 0(40) + 1(36) + 2(16) + 3(7) + 4(2) + 5(1) + 6(0) ^ 

^ ~ N ~ 100 P 
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With this estimate, the Poisson distribution to be fitted to our sample data 
becomes 

l* 

V 0;1) = e -1 —; 

X\ 

Next, we have the necessary computations: 


Number 
of Clients 

Oi 

p(x;l) 

e t — 100 [p{x)\ 

(oi — ei) 2 /e x 

0 

40 

0.36788 

36.788 

0.28 

1 

36 

0.36788 

36.788 

0.17 

2 

16 

0.18394 

18.394 

0.21 

3 or 

more 

10 

0.08030 

8.030 

0.48 

Total 

100 

— 

— 

1.14 


For this problem, k = 4 and m = 1; therefore, 5 = 2. We know that 
P(X 2 2 > 5.99) = 0.05 and P(x 2 2 > 9.21) = 0.01, so the fit here is good at 
« = 0.05 as well as at a = 0.01. 


TESTING THE FIT OF A NORMAL DISTRIBUTION 

Measurements of resistance for 360 units of a certain type of electrical product 
result in a frequency distribution as shown in the first two columns of the following 
table. For this sample, we find that x = 3.65 ohms, and s = 0.1334 ohms. Suppose 
that it is desired to test the hypothesis that the population from which the sample 
is drawn is normal; then we may proceed by fitting a normal distribution to the 
sample data by using x and s as estimators of the corresponding population 
parameters. Using the normal probability table, we can easily compute expected 
frequencies under this null hypothesis. For example, let the variable under con¬ 
sideration be X, then 

P(3.3 < X < 3.4) = N f 3 ' 4 ~ 3 ’ 65 ) _ A 3 ~ 3.65 \ 

V 0.1334 ) \ 0.1334 ) 

= iV(— 1-87) - N(- 2.62) = 0.0307 - 0.0044 

= 0.0263 

and ei — 360(0.0263) = 9.468, and so forth. 


Resistance 

(Ohms) /(3.65;0.1334) - e* (o,- - e t ) i /e i 


3.3-3.4 

10 

0.0263 

3.4-3.5 

37 

0.1028 

3.5-3.6 

73 

0.2222 

3.6-3.7 

114 

0.2886 

3.7-3.8 

81 

0.2222 

3.8-3.9 

29 

0.1028 

3.9-4.0 

14 

0.0263 


Total 360 


9.468 

0.03 

37.008 

0.00 

79.992 

0.61 

103.896 

0.98 

79.992 

0.01 

37.008 

1.73 

9.468 

2.17 


5.53 
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Thus the computed chi-square value is 5.53, with 8 = k — l — m = 
7 __ 1 „ 2 = 4. This fit is good at both the 5 percent and 1 percent levels of 
significance, since P(x 4 2 > 9.49) = 0.05 and P(x 4 2 > 11.14) = 0.01. 

In concluding this section, it is to be noted that chi-square tests on goodness- 
of-fit are typically single-tail tests. Either the computed chi-square value is too 
large to be attributable to chance, the fit is considered too bad, and the hypothesis 
is rejected; or, the computed chi-square value is not too large, the fit is considered 
good, and the hypothesis is accepted. However, this procedure should not obscure 
the fact that in effect there are two admissible alternative hypotheses: It is 
possible that the fit may be too good; that is, the differences between observed 
and expected frequencies may be smaller than those that could result from random 
sampling. Therefore, it has been suggested that chi-square tests on goodness-of-fit 
should be two-sided. Although we do not recommend this procedure, the student 
should always bear in mind that, in repeated sampling, too good a fit is just as 
likely as too bad a fit. When the computed chi-square value is too close to zero, 
we should suspect the possibility that the two sets of frequencies have been 
manipulated in order to force them to agree and, therefore, the design of our 
experiment should be thoroughly checked. 


14.8 

Tests of Independence: 
Contingency 
Table Tests 


Tests on frequencies and on goodness-of- 
fit are both concerned with multinomial populations. In both cases, populations 
as well as samples are classified in accordance with a single attribute. We shall 
now T see that the same technique of chi-square tests can be applied to data other 
than multinomial distributions. 

When the population and the sample are classified according to two or more 
attributes, we may use tests of independence to determine whether the principles 
or criteria employed for cross classification are meaningful or effective. For 
instance, a random sample of n retail stores may be classified by size of capitaliza¬ 
tion and by type of ownership. The proportion of each of the two classes in the 
population is unknown. Our interest would be to establish whether there is any 
dependency relationship between a store's capitalization and its type of owner¬ 
ship. Clearly, in a case such as this, we would want to test the hypothesis that, the 
size of capitalization is independent of the type of ownership against the hypothe¬ 
sis that they are related. In this test of independence, we try to verify the signifi¬ 
cance of a capitalization difference in type of ownership. If the difference is 
significant, we conclude that the type of ownership is independent of the size of 
capitalization. Otherwise, we say that these two criteria of classification are 
related or dependent. 

Tests of independence are also called contingency table tests. So far, we have 
been concerned with only one-way classification tables since, in each case, the 
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observed frequencies have occupied a single row or a single column. Also because 
the observed frequencies are distributed in k classes (columns or rows), one-way 
classification tables are called 1 X k (read 1 by k) or k X 1 tables. Extending 
these ideas, we can arrive at 2 X 2, or two-way classification tables and, generally, 
R X C tables in which the observed frequencies occupy R rows and C columns. 
Such tables are often called contingency tables. Corresponding to each observed 
frequency in an R X C table, there is an expected frequency computed under the 
specified null hypothesis. Frequencies, observed or expected, which occupy the 
cells of a contingency table are called cell frequencies. The total frequency in each 
row or each column is called the marginal frequency . 

To evaluate differences between observed and expected frequencies contained 
in contingency tables, we employ the same statistic as that for tests discussed in 
the previous section, 



The sum is taken over all cells in a contingency table and, in general, 

5 = (R - 1 )(C - 1) 

In testing independence with a 2 X 2 contingency table, we would have 
5 = (2 — 1)(2 — 1) = 1. As recommended before, the continuity correction 
factor of y should be used to compute the chi-square value. This is especially 
important with small samples so that some or all expected frequencies are less 
than 5. For large samples, corrected and uncorrected chi-square values may be 
practically the same and, as a consequence, the continuity correction factor may 
be ignored. Let us consider an example. 

There is reason to believe that high-income families usually send their children 
to private colleges and low-income families often send their children to city or 
state colleges. To verify this, 1600 families are selected at random from California 
and the following results are obtained: 


OBSERVED DATA 



College 



Income 

Private 

Public 

Total 

Low 

506 

494 

1000 

High 

438 

162 

600 

Total 

944 

656 

1600 


Here, we have two classifications: income, and type of college. At a glance, we 
see that, relatively, a greater number of high-income families send their children 
to private colleges than do low-income families. But is such a difference in pro¬ 
portions significant or is it merely the result of chance variations in random 
sampling? The chi-square test of independence can be used to answer questions 
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such as this by comparing the set of observed frequencies with that of expected 
frequencies. 

Under the assumption that family income and type of college are independent, 
we would then expect the proportion of all families which send their children to 
private colleges to be 94 ;bi 60 0 - The expected number of low-income families which 
send their children to private colleges is then 

( 94 ^60o)(1000) = 590 

Now, since the expected frequencies must agree with the marginal frequencies of 
the observed frequencies, and since there are four cells in a 2 X 2 contingency 
table, we can automatically fill in the remaining three expected numbers once any 
one of the four expected numbers is determined. It is for this reason that there is 
only 1 degree of freedom associated with a 2 X 2 contingency table. The expected 
frequencies for our example are as follows: 


EXPECTED DATA 



College 



Income 

Private 

Public ' 

Total 

Low 

590 

410 

1000 

High 

354 

246 

600 

Total 

944 

656 

1600 


Following our general testing procedure, the chi-square test of independence 
for data on hand becomes 


1. Hypotheses: H 0 : Income and type of college are independent 

Hi: They are related or dependent 

2. Level of Significance: a — 0.01 


3. Testing Statistic: ———- 


which is approximately distributed as X x 2 


4. Decision Rule: The critical region of this test is 6.63 < Xi 2 < go. Thus, 
accept H 0 if and only if the computed chi-square value is less than 6.63. 


5. Computations : From observed and expected data given before, we have 

x 2 = V fa ~ e i ) 2 = (506 — 590) 2 (494 — 410) 2 

1 l~i ei 


590 


410 


. (438 - 354) 2 ( (162 - 246) 2 
+-^- L = 77.78 


354 


246 
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6. Decisions: Reject H 0 . Family income and type of college are not inde¬ 
pendent. A greater proportion of high-income families send their children to 
private colleges. 

As a second example, let us consider this: Are men different from women with 
respect to their concept of a successful life defined in terms of material well-being, 
M y spiritual well-being, S , and fame, F? Suppose that a random sample of 430 
people has been selected across the United States and the following results have 
been obtained: 


OBSERVED DATA 




Successful Life 



Sex 

M 

£ 

F 

Total 

Men 

80 

95 

60 

235 

Women 

60 

70 

65 

195 

Total 

140 

165 

125 

430 


In this case, we are interested in testing the hypothesis that a person s concept 
of a successful life is independent of his sex against the hypothesis that one’s sex 
is related to his idea of a successful life. The null hypothesis here says that men 
and women are of the same opinion insofar as the meaning of a successful life is 
concerned. Under this assumption, we would expect, for example, 14 % 3 o of the 
430 people interviewed to define a successful life as material well-being. The 
expected numbers of men and of women who consider this a criterion for a success¬ 
ful life, respectively, are 


( 14 %3o)(235) - 76.51 
( 14 %3o)(195) = 63.49 

Expected frequencies for other cells can be obtained in the same manner, they 
are recorded below: 


EXPECTED DATA 




Successful Life 



Sex 

M 

S 

F 

Total 

Men 

76.51 

90.17 

68.32 

235 

Women 

63.49 

74 83 

56.68 

195 

Total 

140.00 

165.00 

125.00 

430 


There are six cells for a 2 X 3 contingency table. The requirement that cell 
frequencies must agree with marginal frequencies, however, gives us but 2 degrees 
of freedom. We are free to place one number in one of the three columns and to 
place another number in any one of the four cells of the remaining two columns. 
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After these two numbers are given, all numbers in the empty cells are uniquely 
determined from the indicated marginal frequencies. This conclusion is in agree¬ 
ment with the fact that <5 = (R — 1 )(C — 1) = (2 — 1)(3 — 1) = 2, 

For data given before, we find that 

( 80 - 76.51) 2 (95 - 90.17) 2 (60 - 68.32) 2 

X2 ' ^ 76.51 + 90.17 + 68.32 

(60 - 63.49) 2 (70 - 74. 8 3) 2 (65 - 56.68) 2 = 

+ 63.49 + 74.83 56.68 


Since P(x 2 2 > 5.99) - 0.05 and P(x 2 2 > 9.21) - 0.01, we accept the null hy¬ 
pothesis that the concept of a successful life is independent of a person’s sex at 
both a = 0.05 and 0.01. Men and women interpret a successful life,in the same 
way with respect to the three principles. 

EFFICIENT FORMULAS FOR COMPUTING X 2 

There are available efficient formulas to compute chi-square values from 2X2 
and 2 X 3 contingency tables which involve only observed frequencies. 

Denote cell frequencies as A, B, C, and D, marginal frequencies as m h m 2) m t , 
and in 4 , and total number of observations as ft, for a 2 X 2 contingency table as 
given below; then it can be shown that 


OBSERVED DATA 


A 

B 


C 

D 

mi 

mi 


n 

■v 2 _ 

ft (AD — 

BC) 


m im 2)111,1711 


For instance, applying the above formula to our first example for test of 
independence, we have 

1600((506)(162) - (492)(438)) 2 

Y 2 — --——-= i i . i o 

1 (944) (652) (1000) (600) 


which is as obtained before. 

When the sample is small, say, less than 50, and when some or all cell fre¬ 
quencies are less than 5, it is desirable to compute Xi 2 with a continuity correction 
factor. In this case, the efficient formula becomes 

w(AD - BC - \nY 
xF = —- 

171 -ylll TUI 3 ??? 4 

For a 2 X 3 contingency table, given the following notations, 


(14.13) 
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OBSERVED DATA 

A 

B 

C 

TO 4 

D 

E 

F 

m 5 

mi 

m 2 

m 3 

n 


it can be shown that 


x 2 2 = 


+ D* E* EA_ 

m A \m i m 2 m%) m h \m 1 m 2 m 3 / 


( 14 . 14 ) 


Applying (14.14) to data in our second example of test on independence, we 
have 


x 2 = 430 / 80* 95* JM*\ 430 / 60* 

235 \140 + 165 + 125/ + 195 \140 

as before. 

In general, we note that 


TO 2 65 2 \ 
165 + 125/ 


- 430 - 3.16 


Xa s 


2 

2 


(oj ~ e { ) 2 
e c 

(Oi 2 — 2 o^i + e t 2 ) 


= yy_ 2 y^, + yy = y 

1-4 ei L-f e { L -4 ei Lj 


- n ( 14 . 15 ) 

e 5 ; 


This formula is valid for contingency tables of any dimension. Its use, however, 
requires expected frequencies. Hence it is recommended for only 3 X 3 or greater 
dimension tables. To see the generality of this expression, we may apply it to the 
data in our 2 X 3 contingency table test and find that 



80 2 

76.51 


95 2 

90.17 


+ 


60' 


+ 


60 s 


+ 


70 5 


68.32 63.49 74.83 


+ 


65 2 
56.68 


- 430 


as before. 


14.9 

Tests 

of Homogeneity 


Tests of homogeneity are designed to 
determine whether two or more independent random samples are drawn from the 
same population or from different populations. 

The chi-square test of homogeneity is an extension of the chi-square test of 
independence. In both cases we are concerned Avith cross-classified data. As we 
shall immediately see, too, the same testing statistic used for tests of independence 
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is used for tests of homogeneity. These two types of test are, however, different 
in a number of ways. First, they are associated with different kinds qf problems. 
Tests of independence are concerned with the problemof whe t her one at t r itmte 
is mde^3^tl>T^ concer ned with whother 

diSirent samples come from the sam e popul atio n. Second, the former involve''a 
single sample taken from one population; but the latter involve two or more 
independent samples, one from each of the possible populations in question. This 
second point also implies that, in the case of independence, all marginal frequencies 
are chance quantities and that, in the case of homogeneity, row totals are sample 
sizes which are chosen numbers. 

To illustrate this type of test, let us suppose that three samples are taken: one 
consists of 115 professional people, one consists of 110 businessmen, and one 
consists of 125 farmers. Each individual chosen is asked to select, say, one of the 
three categories which best represents his feeling toward a certain national policy. 
Suppose these three categories are (1) in favor of the policy, F; (2) against the 
policy, A ; (3) indifferent toward the policy, I. Now, assume that the results of 
the interviews are distributed as follows: 


OBSERVED DATA 


Occupation. 


Reaction 


Total 

F 

A 

I 

Professionals 

80 

21 

14 

115 

Businessmen 

72 

15 

23 

110 

Farmers 

69 

31 

25 

125 

Total 

221 

67 

62 

350 


From the way the problem is posed, an appropriate null hypothesis to be 
tested seems to be: The three samples come from the same population; that is, 
the three classifications are homogeneous insofar as the opinion of three different 
groups of people about the national policy under consideration is concerned. This 
also means there exists no difference in opinion among the three classes of people 
on the issue. From the alternative expression of the null hypothesis for this 
problem, we can see why it is called a test of homogeneity. (When \ye say things 
are homogeneous we mean they have something in common or they are the same 
or they are equal.) 

We note that if the null hypothesis stated before is true, then the best esti¬ 
mates for proportions specifying 'fin favor of the policy,” "against the policy,” 
and "indifferent toward the policy,” respectively, should be 22 J'350> 6 /" 350 > an d 
G Ho0- Thus, of the 115 professional people, expected frequencies for the three 
categories become .. 

( 22 H5 o)(H5 ) = 72.61 in favor 
(% o)(H5) = 22.01 against 
( 6 H5 o)(H5 ) = 20.37 indifferent 
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Expected frequencies for the other two groups of people can be computed in the 
same way. Expected data for the whole problem are as follows: 


EXPECTED DATA 


Occupation 


Reaction 



F 

A 

/ 

Total 

Professionals 

72.61 

22.01 

20.37 

115 

Businessmen 

69.46 

21.06 

19.49 

110 

Farmers 

78.93 

23.93 

22,14 

125 

Total 

221.00 

67.00 

62.00 

350 


Again following our general procedure of testing, we have this test of homogeneity 
for the problem: 

1. Hypotheses: H 0 : The three samples are drawn from the same population 

H i: They are drawn from different populations 

2. Level of Significance: a = 0.05, arbitrarily selected 


3. Testing Statistic 


istic: 


(oi — e l ) 2 


which is distributed approximately as X 4 2 . 


Here, 8 = (3 — 1)(3 — 1) = 4. 


4. Decision Rule: The rejection region is defined for this test as 9.49 < 
X 4 2 < oo, since P(x 4 2 > 9.49) - 0.05. 

5. Computations: From observed and expected data given before, we have 

y 2 _ (80 - 72.61) 2 (21 - 22.01 ) 2 (14 - 20.37) 2 (72 - 69.4G) 2 

72.61 22.01 20.37 69.46 

+ (15 - 21.06) 2 (23 - 19 .49) 2 (69 - 7S.93) 2 (31 - 23.93) 2 

21.06 19.49 78.93 ~ l 23.93 

(25 - 22.14) 2 
H 22.14 

= 0.75 + 0.05 + 1.99 + 0.09 + 1.74 + 0.63 + 1.25 + 2.09 + 0.37 = 8.96 

This computation can also be made with (14.15), the more efficient formula, where 
we need not obtain the differences between observed and expected frequencies. 
Using this formula here, we consider n as the total number of observations in all 








the samples. Thus, 




n 


80 2 21 2 2 

™» + 2Z0l+x& + d~ 6 + 5^+™ + J» 

■ 0G 19 -49 + 7i^3 


= 8.96 


+ 211 , 25» 

23.93 22 14 


^CClSjQjjg • Tii 

national poJic 


--- - *• 

Section 14 %) rr n Tm k t 

to matched pairs "rw’i, thlS teSt is a PPhcable to ind te ' St ’ S based on signs (s< 

S£ 2 z «*» «.* 

(I) CombCob^.™^ S®'' 1 ^2b v t£; 

hem m an array 0 f dc*^ r 1 tJle two samples intn • um marized as follows- 

^r ?" 5 ^ The " - *£ 

respectively. Do the So f - than «' Ctet P ' 6 which «e greater 

Jl ££« «• fc .,„ “* m “"“ 

frequencies for the rows^ T™,^ 0 SJZes ’ ™i and m h C °l tlnge >my table. Let « 
Presented as follows: " " be the «rand sample si^ <**,7?*^ 

> - “PJe data now may be 
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fhat, the statistic 
x i " n\ntfn 1W2 

f. Xt is interesting to 

an be used to test the g S J ^^I^Ssensitive only tcAlso, when 

Tw0 different eS °‘ . by both machines are oM indicate that 

the distributions of detecl ” 

From Table 14.4, *e have g 

m = (76 + 75) =;•« 

10 Ct2 = 0 





X 1 2 = (15) (13) (14) (14) 
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Since P(xi 2 > 3.841) = 0.05, the observed chi-square value falls in the region of 
acceptance. In accepting that f(x) = g(y), we conclude that the two samples 
come from populations with identical distributions of defective units produced 
daily. 


14.11 

The Median Test 
for More Than Two 
Independent Samples 

The median test for two samples can be 
easily extended to compare several populations. As before, we assume that the 
population distributions are continuous so that the probability of a tie between 
two observations is zero. 

The null hypothesis to be tested now is: The c populations are identical with 
respect to their distribution functions. The alternative is simply the opposite of 

H q . 

The testing procedure here is the same as in the two-sample case. The c 
independent random samples, with n h n 2 , • • • , n 0 , are combined into a single 
distribution and the grand median is found. Then each sample observation in 
each sample is compared with m. Denote those observations in the tth sample 
which are above m as a { ; the sample data may then be presented as a 2 X c 
contingency table as below: 



Sample 1 Sample 2 • ■ 

Sample c 

Total 

Above m 

ai «2 

a c 

mi 

Below m 

b i &2 

b c 

m 2 

Total 

ni n 2 

■ • n c 

n 


It can be shown that if n > 20 and rt; > 5 a satisfactory approximation to the 
exact significance level can be found by the expression 

c 

(n — 1) V' ( na i “ n i m l) 2 

X 2 C -1 = .~ ^- (14.17) 

m i?n 2 Lj nrii 

i — 1 

which has an approximate chi-square distribution with 8 = c — 1. 

In using this test, we may note that ties often occur with observed data because 
of either rounding or lack of precision in measurements. A safe way to deal with 
ties here is to assign ties either as a or as b in a way that makes a { as close as pos¬ 
sible to bi in the tth sample. This procedure has at least the merit of being con¬ 
servative. Why? 

Let us consider an example. A random sample of ten is drawn from the senior 
students who have taken the graduate record examination, based on a total of 
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TABLE 14.5 


Sample 1 

Sample 2 

Sample 3 

10 

11 

9 

13 

13 

10 

17 

15 

11 

15 

18 

14 

15 

15 

10 

13 

14 

10 

12 

16 

8 

10 

20 

9 

10 

13 

8 

10 

17 

10 


20 points, from each of three colleges. Observations on the grades of those students 
sampled are given in Table 14.5. In view of these data, can we conclude that the 
distributions of grades are identical for all three colleges at a = 0.05? 

For the above data, the grand sample median is found to be in = 12.5. Com¬ 
paring each observation in the three samples with m, we obtain the following 
results: 



1 

2 

3 

Total 

Above 12.5 

5 

9 

1 

15 

Below 12.5 

5 

1 

9 

15 

Total 

10 

10 

10 

30 


X 2 _ (30 ~ 1) ([(30)(5) - (10) (15)] 2 

3 1 (15) (15) 1 (30X10) 

[(30)(9) - ( 10)(15)] 2 [(30)(1) — (10)(15)] 2 ) 

(30) (10) + (30K10) | “ 12 ' 4S 

Thus v e conclude that the population distributions are not identical, since 
p (^ 2 •' > 3.99) = 0.05. The departure from identity may be inferred from this 
significant result: effects of experimental treatments are associated with the 
different colleges. 


14.12 

The Median Test 
for More Than Two 
Matched Samples 


When there are c experimental treat¬ 
ments to be compared and these groups are matched in terms of one or more 
factors or levels, the median test for several independent samples introduced in 
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the previous section can be adjusted to test the identity of population distribu¬ 
tions with c matched groups. The procedure is outlined as follows: .. 

First, sample data are arranged into c columns representing treatments and 
r rows representing blocks of experimental materials. Next, the median of each 
row is found. Third, each observation in each row is given a sign of + or —, 
depending upon whether or not its value is greater than or less than the median 
for that row. Finally, the number of plus signs occurring in the tth column, a i} is 
determined. After this is done, sample data are then reduced into a 2 X c con¬ 
tingency table as follows: 


Sample 

Sign 

I 

II 

c 

Total 

+ 

ai 

a >2 • • • 

a c 

m i = ra 

- 

b, 

b 2 

b c 

m ,2 = n — ra 


n x 

n 2 • • • 

n c 

n 


where r is the number of rows in the original data table and 

a — c/2 for c even 

a = (c + l)/2 for c odd 

Now if we assume that the distributions of the row populations arc identical, 
then we can test the hypothesis that the distributions of populations represented 
by the columns are identical. The testing statistic in this case is 

xVi = 

which is approximately distributed as chi-square with 8 = c — 1. 

Suppose that we wish to determine the relative yields of four varieties of corn. 
Moreover, let us suppose that there are six blocks of land available for this experi¬ 
ment. Each block of land is divided into four plots of equal size. Plots of each 
block of land are then assigned to the four types of corn at random. Suppose that 
the following data, in Table 14.6, are obtained: 

TABLE 14.6 


r: Block 

I 

II 

III 

IV 

Row Median 

1 

4( —) 

9(+) 

10(+) 

5(~) 

7.0 

2 

3( —) 

4( —) 

9(+) 

8(h) 

6.0 

3 

4( — ) 

6( —) 

11(h) 

8(h) 

7.0 

4 

5'(-) 

3(~) 

10(h) 

10(h) 

7.5 

5 

7( + ) 

5(-) 

8(h) 

6(-) 

6.5 

6 

6(-) 

8( + ) 

9(h) 

7( —) 

7.5 

ai 

1 

2 

6 

3 

_ 


C-l U W 




ra(c — a)] 


(14.18) 
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Be sure to note that ratings of observations in each row are compared with the 
median of that row. From these ratings, can we conclude that the distributions 
underlying the four different types of corn are identical at a = 0.05? 

To answer this question, we note that in terms of the ratings above we have 
the following contingency table: 


Sign 

I 

II 

III 

IV 


+ 

1 

2 

6 

3 

12 = ra 

— 

5 

4 

0 

3 

12 = n — ra 


6 

6 

6 

6 

24 


((4)(1) - 6(2)) 2 ((4)(2) - (6)(2)) 2 

4 + 4 

((4)(6) - (6)(2))» , ((4)(3) - (6)(2))*1 _ 

+ - + - - - J = 7.00 

For 8 = 3, this value is less than the chi-square value of 7.81 required for the 5 
percent level of significance. H 0 cannot be rejected. 

We should note that what we have done in this section is similar to the test 
treatment effects against interaction in the analysis of variance. If we are inter¬ 
ested in not only the fact that the treatment populations are identically distri¬ 
buted but also in the fact that the treatment means are equal, we should be 
prepared to assume that either the joint effects are nil or the data should be 
analyzed by the random effects or mixed models. It may be pointed out, too, that 
the procedure just introduced can also be extended to a two-variable classification 
with replication analysis vhere both the treatment and interaction effects are 
tested. However, such an extension requires many more assumptions and is quite 
time-consuming and laborious. 



14.13 

The Wald-Wolfowitz 
Test for Two 
Independent Samples 


The Wald-Wolfowitz test is designed to 
test the identity between two population distributions with two independent 
samples on the basis of runs. Again assuming that the underlying variable is 
continuous, the test begins with grouping observations in the two samples, with 
n,i and i% 2 } in a single array. For convenience, if we identify an observation from 
the first sample in the array as X and identify that from the second sample as Y, 
then we would have runs or clusterings of Xs and Fs. For example, consider these 




two samples, 
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First sample: 3, 2, 3, 4, 7, 6, 9, 7, 3, and 5 
Second sample: 1, 1, 2, 3, 4, 4, 5, 2, 6, and 2 

Now, combining these observations and arranging them in an array, together 
with their designations of Xs and 7s, we would have twelve runs in terms of 
Xs and 7s: 


7 7-X-7 7 7-X X X-Y-X-Y 7-X-7-X-7-X X X 
11 22223333444 5 5 6 6 779 

Let us note, first of all, that in any ordering of observations from two samples, 
there must be at least two runs and, at most, ni + n 2 runs in the array. Next, if 
the two samples are drawn independently from two populations with identical 
distributions, the sample observations should be very well mixed when they are 
arranged according to magnitudes. We should expect, in other words, to have a 
large number of runs. If, however, the samples are selected from populations with 
different distributions, we would expect to have a small number of runs. These 
arguments provide us the foundation of testing based on fairly simple probability 
calculations. 

Let R be the number of runs among the n x -f n 2 observations; the sampling dis¬ 
tribution of R is given in Table A-XV for n\ < 10 and n 2 < 10 and ni = n 2 = H 
to 100. For example, for our illustration, ni = n 2 =■ 10 and R = 12 correspond to 
the 75.8th percentile of the distribution of R. This value is between 0.005 and 
0 .995; therefore, we accept the null hypothesis that the two parent populations 
are identically distributed at a = 0.01. 

The foregoing decision assumed a two-sided alternative. If we wish to reject 
Ho only when the number of runs is too small, then we would have a left-tail test 
and, for n = 10, we would reject Ho when R < 5, since P(R < 5) = 0.01, or 
when R < 6, since P(R < 6) = 0.05. See Table A-XV for these values. 

R is asymptotically normally distributed for n x > n 2 > 20, with 


E(R) = 


2n\n% 


+ 1 


and 


V(R) = 


ni + 
2n\n 2 (2n\n 2 — ni 


n 2 ) 


(14.19) 


(14.20) 


(n i + n 2 ) 2 (n i + n 2 — 1) 

Thus, when samples are large enough, the Wald-Wolfowitz test may be conducted 
by the testing statistic 


R - E(R) 
<tr 


(14.21) 


in the usual manner. 

It may be noted that this test is generally less powerful than the t test for 
equality between means and other nonparametric tests for identity between 
population distributions. The utility of the procedure is that it may be the only 
one available in some situations. The Wald-Wolf owitz test can also be applied to 
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a single sample, and any criterion of producing an ordering of Xs and Fs may be 
employed. For example, we may wish to find whether there is a time-related trend 
in a time series. In this instance, we may first locate the median for the set of data 
ordered according to time, and then denote above-median and below-median 
values as As and Fs respectively. We may treat the occurrence of too many runs 
as the evidence of randomness, and the appearance of too few runs as the existence 
of a time-related trend, or as dependence among successive terms of a series. 
This procedure makes the “runs” test useful in a variety of circumstances. For 
employing this test for a single sample, the total observations are broken down 
into two equal parts as n x and n 2 , or such that n x = n 2 + 1 orni = n 2 — 1. Then 
Table A-XV may be used or normal approximations be made. 


14.14 


The Wilcoxon Test 
for 

Two Matched Samples 


The problem of treating matched pairs 
was taken up previously under the sign test, which takes into consideration merely 
the sign of a difference between each pair of values. The sign test overlooks the 
fact that a pair of scores has not only a difference but also a rank among all such 
differences. The Wilcoxon test takes both features, signs and ranks of differences, 
into consideration; it is sometimes called the rank-sum test. 

The rank-sum test is perhaps the most powerful design among all nonpara- 
metric tests for the identity between two population distributions with matched 
pairs. The mechanics of this test are just as simple as those of the sign test. When 
observations are given in n pairs, we first observe their differences, d i} and then 
rank these differences according to their absolute magnitudes. Next, we attach 
the signs of these ranks for the corresponding differences. Finally, we find the 
testing statistic, T, defined as the sum of the ranks with the less frequent sign. 

When the null hypothesis, f(x) = g(y), is true, then each of the 2 " possible 
sets of signed ranks (obtained by arbitrarily assigning T and — signs 1 through 
n) is equally likely^ to occur. On this basis, the exact distribution of T can be 
found.* 

To test f(x) = g(y) against the CDF, F(x) > G(y ), the approximate sig¬ 
nificance levels for the smaller rank total may be obtained by the following 
expressions: 

Denoting the 5 percent level of the lower rank total as T 0 , 05 , we have 

n 2 — 7n + 10 

1 0.05 — --- (14.22) 

5 

We reject H 0 at a = 0.05 if T < T 0 . 05 . 

* See, for example, Frank Wilcoxon, “Individual Comparison by Ranking Method,” Biomet¬ 
rics Bulletin, I (1945). 
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TABLE 14.7 


Pair 

Procedure 1 

Procedure 2 

eh 

Rank of |cfi| 

1 

109 

61 

48 

10 

2 

100 

78 

22 

9 

3 

77 

57 

20 

8 

4 

69 

64 

5 

5 

5 

59 

60 

-1 

-1 

6 

69 

75 

-6 

-6 

7 

87 

85 

2 

2 

8 

88 

84 

4 

4 

9 

88 

85 

3 

3 

10 

91 

83 

8 

7 


Denoting the 1 percent level for the lower rank total as T 0m0h we have 

m 11 n 2 

To. 01 = -Tv- +5-2 n ( 14 . 23 ) 

60 

We reject H 0 a = 0.01 if T < T 0 , 01 . 

Now, an example is in order. Suppose that two auditing procedures are to be 
compared with ten pairs of auditors, matched by sex, and the number of accounts 
audited per hour are as given in columns two and three of Table 14.7; is there a 
significant difference in the two methods of auditing at a = 0.05? at a = 0.01? 

The less frequent sign in this case is minus, and the sum of these minus ranks 
is 

. T = 1 + 6 - 7 

m 102 “ 7 ( 10 ) + 10 o 

i 0 _ Q5 _ --— o 

5 

11(10) 2 

To.01 = —+ 5 - 2(10) - 3.33 
60 


Thus, H 0 is rejected at a = 0.05, but it cannot be rejected at a — 0.01. 

When n > 10, the sampling distribution of T is approximateh normal with 



E(T) 

n(n + 1) 

~ 4 

(14.24) 

and 

V(T) 

n(n + l)(2?i + 1) 

24 

(14.25) 

Hence, for large samples 

, we use 

> 

7 T - E(T) 

(i — 

(ft 

(14.26) 


as the testing statistic in the rank-sum test. For example, with data in Table 14.7, 
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we have 


E(T) = (10)( ' 10 -— = 27.5 
4 

= 10(10 + 1 )(( 2 )( 10 ) + 1 ) = 

v ' 24 


u 

V 96 

Thus, P(T < 7) = N( —2.09) = 0.0183. This result indicates again that H 0 can 
be rejected at a = 0.05 but not at a = 0.01, as before. It is interesting to note 
that, according to Wilcoxon* s Table, the exact probability, P(T < 7), forn = 10 
is 0.0186. The normal value is an excellent approximation for this exact 
probability. 

When ties occur in this test they are disregarded and n is adjusted accordingly. 


14.15 


The Krushal-Wallis 
H Test 


W. H. Kruskal and W. A. Wallis have 
extended the Wilcoxon test for two samples to cover c samples by incorporating 
the Wilcoxon test with the analysis of variance of the one-variable classification 
model on the basis of ranked data. This procedure, called the H test, has been 
designed to test that the c independent samples are drawn from continuous popula¬ 
tions with identical distributions. 

The H test begins by arranging observations of all the samples in order of 
their magnitudes so that they may be ranked. Then the rank sum for each sample, 
Ti, is found. After this, the total of all group rank sums T is obtained. Namely, 
T — 2 Ti . It can be seen that 


T = + 1) 

2 

where n = ni + n 2 H~ • * • + n c . It is known that if ni > 8, the statistic 

12 VA T 2 

H = , ■ ) — - 3(» + 1) (14.27) 

n(n + 1 ) jLj fii 

is approximately distributed as chi-square with 5 = c — I. 

When ties occur in the H test, we assign an average of the joining ranks to each 
of the tied observations. For example, if two observations are tied and if the 
ranks for them should be 5 and 6, then we assign to both observations a rank of 
(5 + 6)/2 = 5.5. Again if we encounter a tie of three observations, the ranks 
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being, say, 10, 11 and 12, then we assign a rank of 11 to each of three observations. 

And so on. .. 

An adjusted value of H, denoted as H', should be computed when there are 

ties. We define 

77 

77' = — (14.28) 


where C, the correction factor, is defined as 

k 

y ( u 3 - u) 

C = 1 - — 

n 6 — n 

In the definition for C, k is the number of tied sets and U is the number of tied 
observations in set i. 

Suppose that a random sample has been taken from each of three sources of 
high tension steel wires, and that their tensile strengths in hundreds of pounds 
have been measured. We wish to test whether these observations indipate that the 
parent populations are identically distributed. The original data together with 
the ranks (in parentheses) are given in Table 14.8. 

For the data below, we have 


m 33(34) _ 

33, T - —- 561 


H = 


12 


33(34) 


(256.5) 2 , (175.5) 2 , (139) 2 


10 


+ 


11 


+ 


12 


]- 


3(34) = 15.53 


We see from Table 14.8 that there are three sets of two tied observations, one 


TABLE 14.8 


Sample 1 Sample 2 Sample 3 


29 (17.5) 

36 (26.5) 

37 (29.5) 
36 (26.5) 
36 (26.5) 
35 (24) 

39 (32) 

38 (31) 

40 (33) 
23 (10) 


36 (26.5) 
17 (2) 

19 (4) 

21 (7) 

26 (24) 

29 (17.5) 

27 (15) 

21 (7) 

32 (21) 

33 (22) 

37 (29.5) 


24 (11.5) 
18 (3) 

20 (5) 

24 (11.5) 

25 (13) 
28 (16) 
31 (20) 
34 (23) 
30 (19) 
22 (9) 

21 (7) 

16 (1) 
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set of three tied observations, and one set of four tied observations. We should 
therefore compute H ' before a decision is made. 

C - 1 - p) 3 - 2) + ((3)* - 3) + (( 4)3 - 4) 1 _ 

L (33) 3 - 33 J ~ U ' 99b 

and 


H f = 


15.53 

0.996 


15.59 


The values of H and H' are practically the same in this example because the 
samples are rather large and there are not too many ties. 

Now, since P(x 2 2 > 9.21) = 0.01, we conclude that the result is highly signifi¬ 
cant: the population distributions are not all identical. 

The H test is superior to the median test in most situations and compares 
quite favorably with the F test in the analysis of variance. However, when samples 
are large, it is rather painful to rank the observations. 


14.18 

Parametric versus 
iV onparametric 
Statistics 


We have in this chapter introduced 
several of the most frequently used nonparametric methods. While the non- 
parametric theory arose as early as the middle of the nineteenth century, the well- 
known nonparametric method of testing independence and goodness-of-fit by the 
chi-square test was formulated by Karl Pearson in 1900. The true beginning of 
this theory, however, was Spearman’s rank-correlation coefficient test for covari¬ 
ability popularized by Harold Hotelling and Margaret R. Pabst in 1936. Even 
then there was little interest in nonparametric statistics until 1945, when Wilcoxon 
proposed a test for the two-sample case which was distinguished by both its 
simplicity and its excellent results, even in cases where the population distribu¬ 
tion is known to be normal. 

There aie many reasons for the wide adoption and the continuous growth of 
the nonparametric theory since 1945. Both theoretical and practical necessities 
are concerned with nonparametric problems. Theoretically, it is always desirable 
to discover procedures of statistical inference which have the minimum number 
of restrictions imposed by the underlying assumptions. Practically, it is important 
for scientific investigators to have at their disposal simple and widely adoptable 
techniques. 

Nonparametric statistics, being primarily concerned with order relations, 
provides us with two important motives for its study and development. In the 
first place, data may occur naturally in the form of ranks. Such being the case, 
observations obtained give us relative magnitudes of the underlying ordinal 
property, while arithmetic differences between quantities provide no meaningful 
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significance (direct ordinal analysis would then suffice for reaching a judgment 
about the independence of underlying variables). Moreover, when the order 
relations in data are considered alone, the reasoning behind each nonparametric 
method requires relatively simple probability theory so that the discrete sampling 
distributions can be easily found. 

The basic importance of nonparametric theory from a theoretical viewpoint is 
perhaps that it requires only the simple assumption that the population distri¬ 
bution under investigation be continuous but does not require the specific form 
of the distribution, as implied by the classical theory. Thus, when data are 
gathered from populations whose distributions are unknown or cannot be assumed, 
we have little choice but to employ the nonparametric tests. 

The foregoing remarks, however, are not meant to mislead the reader to 
believe that nonparametric methods are somehow superior to the classical decision 
procedures. As a matter of fact, in most situations where both the parametric 
and nonparametric techniques apply, the former is distinctly more desirable than 
the latter on at least two counts. 

First, in general, the nonparametric tests have less than 100 percent power 
efficiency as compared To The parametric tests. The concept “power efficiency” 
may Tfe'explained by a simple example. Suppose that we have two alternative 
testing procedures for a given H 0 , A and B. If A requires n = 25 but B requires 
n = 50 in order to reach a power of, say, 0.95 for a given true alternative at 
a = 0.05, then we say that the power efficiency of B is only 50 percent of that of 
A. It can be shown, for normal populations, that the sign test, for example, 
requires 4 to 50 percent more observations than the t test, and the rank-sum test 
requires about 5 percent more scores than the t test in order to be equally 
powerful. Of course, when the assumption of normality is not met, the reverse 
may even be true. 

Second, the null hypothesis tested by a nonparametric method is seldom 
equivalent to that tested by a parametric procedure. In general, with nonpara¬ 
metric tests, hypotheses are less precise and yield less information in conclusions. 
For example, when the usual assumptions for the linear model in the analysis of 
variance are met, we test the hypothesis that the treatment means are equal by 
the F ratio. In accepting this H 0 , we have not only accepted the statement of 
equal means, but we have also implied that the treatment populations are iden¬ 
tically distributed. When this Ho is rejected, we know precisely that the popula¬ 
tions are not all identical with respect to their central tendencies. The order 
method of comparing several samples, on the other hand, is concerned with the 
null hypothesis that the population distributions are the same. When this Ho is 
rejected, we have a rather vague conclusion that the population distributions are 
not all identical. But are they different in terms of central tendency or in terms 
of variability? This question is left unanswered by the nonparametric tests. Thus, 
the departure of identity makes the nonparametric procedures highly insensitive. 
To be sure, this insensitivity can be reduced or even eliminated if we are willing 
to make some mild assumptions about population distributions. Such assump¬ 
tions, however, may be just as offensive as those which the order statistics have 
been designed to avoid. 
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Glossary of Formulas 


n 4- 2 

(14.1) E(R) = —~ 


vp\ = < n - 2 ) 

4 (n - 1) 


(14.3) Z 


R - E(R ) 

VVXR) 


With n > 25, the number of runs above and below the sample median is asymptotically normal 
with the expectation and variance as defined here. Thus, when the sample is large, the test of 
randomness can be made by the normal critical ratio, Z. 


(14.5) V(R ) = \ 


(14.6) Z =- 7 == 


(14.4) E(R) = H(2n - 1) (14.5) V(R) = Mo(16 n - 29) (14.6) Z = — 

VV(R) 

When n > 20, the sampling distribution of runs up and down, in terms of + and — signs 
between each pair of successive observations in a sample, is asymptotically normally distri¬ 
buted with expectation variance as defined here. 


(14.7) r, = - C ov( y^ 

VV( yi )V( yi + 1 ) 


X 

Z v ' 


This is the definition for serial correla¬ 


tion of order 1. This measure can be used to test the randomness of time series samples. How¬ 
ever, due to the assumption that y n+ 1 = yi (circular definition) in the computation of n, n may 
be quite insensitive in detecting the existence of serial correlation in the population when the 
sample is rather small and when the data are not detrended. 


(14.8) K = —- This is the Von Neumann ratio—a ratio of mean-square-successive difference 

Sy 2 

to the variance. Here, m 2 = S(t/ (+ i — yiY/in — 1) and s y 2 = (1 /n)X(yi — y) 2 . This ratio is 
used to test independence of time series samples. When a positive trend exists in the popula¬ 
tion, K will be very small. When a negative trend exists in the population, K will be very large. 
This statistic is more sensitive than n in detecting the existence or absence of serial correlation. 


(14.9) K 


(0.98) y/n + 1 To test the equality between two population means 


with matched pairs by the sign test, the critical value for a two-sided alternative at a = 0.05 
can be obtained by this expression. Ho is rejected when S < K, where S is the number of times 
the less frequent sign occurs. It is important to note that S has the binomial distribution with 
p = 0.5. 


(14.10) x 2 = 


2 = V (o> - e# 


(14.11) x 2 


The ratio of the sum of squared differences between observed and expected frequencies to 
expected frequencies is used as the testing statistic for a number of chi-square tests. The 
number of degrees of freedom for x 2 here varies from one case to another. In general, with 
tests on frequencies, 5 = k — 1 , where k is the number of classes of the multinomial distribu¬ 
tion. With tests of goodness-of-fit, 5 = k — 1 — m, where k is defined as previously and m is 
the number of parameters which are estimated by sample statistics for computing expected 
frequencies. With tests of independence, or contingency table tests and tests of homogeneity, 
8 = (R — 1 )(C — 1), where R stands for the number of rows and C stands for the number of 
columns in the contingency table. To compute the chi-square value when n < 50 and when 
8 = 1 , a continuity correction factor of should be used. 


14.12) xi 2 


n(AD - BC) 2 

mimtfntfju 


and (14.13) Xi 2 = 


n(AD - BC 


miminisnii 
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These are efficiency formulas for computing chi-square from a 2 X 2 contingency table, without 
(14.12) or with (14.13) a continuity correction. Here, n = sample size, A, B, C, and D are cell 
frequencies, and rm are marginal frequencies for observed data. 


_2L (» + F + £l) + Jl(°L+H + II) 

rrii \rni m 2 m 3 J w ? 5 \ mi m 2 


F 2 

(14.14) x 2 2 ^ ^ M _ iwl . _ ^ 

This is the efficient formula to compute the chi-square value from observed frequencies directly 
for a 2 by 3 contingency table. In this expression, m 4 and m h are marginal frequencies for the 
two rows and m,, m 2) and m 3 are the marginal frequencies for the three columns. A, • ■ ■ F 
are the cell frequencies and n, as before, is the sample size. 


(14.15) x 5 2 


- 5 >'- 

/ { €i 


This is the generalized chi-square expression for contingency 


tables of any dimension. The utility of this formula lies in the fact that we need not to compute 
the differences between observed and theoretical frequencies. In this formula n may stand for 
the sample size for contingency table tests or for the sum of sizes of the independent samples 
for tests of homogeneity. 


(14.16) Xi 2 = 


(aib -2 — a 2 bi) 2 n 


This chi-square is used as the testing statistic for the identity 


nx7i 2 m\m 2 

between two population distributions with independent samples or matched pairs by the median 
test. Here m refers to the number of observations in the ith sample which are greater than the 
grand sample median, and 6; = ni — a ;. Also, n = n\ + n 2 , and wii refers to th(? row marginal 
frequencies in the 2X2 contingency table. 


(14.17) x 2 c _i 


(w " 1) 

rriimt 


c 

l 


(nai — Th-m i ) 2 


The median test with c independent samples 


nrn 


employs this statistic to test the identity among population distributions. Other symbols here 
represent quantities as in (14.16). 


(14.18) x 2 c -i = 


- p-q 

I_ra(c — a)J 


!<■ 


ra) ,j 


The median test with c matched groups employs 


ra(c — a) J c 

this statistic to test the identity among the c population distributions. Here r^stands for the 
number of rows —experimental material; a = c/2 or = (c + l)/2, depending upon whether c 
is even or odd; <u is the number of observations in sample i which exceed the grand sample 
median in value. 


(14.19) E(R) 


Znirii 


+ 1 (14.20) V(R) 


2nxn%{2n\n 2 — ru — n 2 ) 


(14.21) Z 


R - E(R) 


<?R 


rii + n 2 ' ' " ( th + ^ 2 ) 2 (^i + — 1) 

R here is defined as the number of runs in the n x + n 2 observations in two independent random 
samples for the rank-sum test for the identity between population distributions. When m > 
n 2 > 20, R is approximately normally distributed with expectation and variance 9s defined. Z is 
the usual normal critical ratio. 

n 2 _ 7 n _1_ 10 ll^ 2 

(14.22) T 0 .05 = -and (14.23) TV01 


+ 5 — 2 n 


5 .. 60 

To test f(x) = g(y) against F(x) > G(y) in the Wilcoxon test with matched samples, these 
expressions can be employed to obtain the approximate significance levels for the smaller 
rank T —the sum of the ranks with the less frequent sign. Ha is rejected when T < T «. 

" T - E(T) 


(14.24) E{T) = 


n(n + 1) 


(14.25) V(T) = 


n(n + l)(2n + 1) 

___ - 


(14.26) Z 


<r x 


4 


24 
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The distribution of T, as defined in (14.23), is approximately normal with mean and variance 
as defined. For T, satisfactory result can be obtained with normal approximation even if the 
sample size is as small as ten pairs. 

(14 ’ 27) H = *»Tij J S" “ 3(re +15 and (14 ’ 28) H ' “ f 

This H is used to test the identity among several population distributions with independent 
samples. Ranks for observations in all samples are assigned in this case by considering them 
as a single series. Here, T x is the sum of ranks in the ith sample, and n is the grand sample 
size, n = When ties occur, tied observations are assigned mean ranks. When samples are 
rather small and many sets of ties appear, H' should be employed as the testing statistic. In 
the definition of H f , the correction factor C is defined as follows: 

k 

l W - T<) 

C = 1 - y. - 

n 3 — n 


where k is the number of tied sets and U is the number of tied observations in the ith set of 
ties. Remember that both H and H' are approximately distributed as chi-square with 8 = c - 1. 


Problems 


14.1 How are parametric and nonparametric 
statistics differentiated? 

14.2 Are “distribution-free" and “nonpara¬ 
metric" identical concepts? If so, why? If not, 
why not? 

14.3 What is the most important reason from 
a theoretical point of view for the use and 
development of nonparametric theory? 

14.4 In what situations are the nonparametric 
methods necessary in the practice of statis¬ 
tical operations? 

14.5 Why do we say that in most situations 
where both classical and order theories apply, 
the former is generally superior to the latter? 

14.6 “Runs" in the different nonparametric 
tests are obtained in slightly different ways. 
Can you give this term a general definition of 
your own? 

14.7 When n or m are large, most sampling 
distributions discussed in this chapter are 
asymptotically normally distributed. How then 
do nonparametric statistics differ from classi¬ 
cal decision procedures? 

14.8 Prove that, for a 2X2 contingency 
table, equation (14.12) holds. 


14.9 Suppose that we are testing random¬ 
ness against the alternative of a shifting level, 
using a sample of size 30. Furthermore, sup¬ 
pose that there are 10 runs above and below 
the sample median. Would this be cause for 
rejecting randomness at a = 0.01? 

14.10 A sample with 30 observations is listed 
in the order in which they were obtained: 

80 34 10 20 40 64 50 47 44 25 

86 66 49 53 65 77 28 28 55 74 

81 90 67 53 38 71 72 73 75 78 

In view of these data, can we conclude that 

the underlying population is in statistical con¬ 
trol with a left-tail alternative at « = 0.01 by 
the runs-up-and-down test? 

14.11 If the runs-above-and-below-the-me- 
dian test is applied to sample data in the pre¬ 
ceding problem, what conclusion can you 
reach? 

14.12 Take a sample of 28 two-digit numbers 
by any system you design from the Table of 
Random Digits, and test randomness at 
“ = 0.01 (a) by the runs-above-and-below-the- 
median test; (b) by the runs-up-and-down test. 




14.13 A time series with ten terms yields the 
following sums: 2 ^ = 50, ^y,y l+ 1 = 125, and 
Sy , 2 = 425. 

a. Determine the serial correlation coefficient 
of order 1 , 

b. Test if serial correlation exists in the popu¬ 
lation at ct = 0 . 01 . 

14.14 Suppose that a sample of time series 
consists of 30 observations from which we 
obtain s y 2 = 8 and m 2 = 5.508. Do these results 
indicate independence among the successive 
terms in the sample by the Von Neumann ratio 
test? 

14.15 Use data in Table 17.1 in Chapter 17 to 
test if the sample is a random sample by n 
at « = 0.05. 

14.16 Use data in Table 17.1 again to test 
independence by the Von Neumann ratio. 

14.17 Fifteen pairs of plots are planted with 
two varieties of soybeans and the observed 
yields are recorded in Table 14P-1. Does this 
information indicate equality between popu¬ 
lation means against a two-sided alternative 
at a — 0.05 in terms of the sign test? 


TABLE 14P-1 


Pair 

Variety I 

Variety II 

1 

135 

134 

2 

129 

137 

3 

130 

151 

4 

146 

142 

5 

127 

138 

6 

128 

142 

7 

125 

140 

8 

151 

122 

9 

151 

121 

10 

128 

138 

11 

134 

122 

12 

132 

119 

13 

121 

130 

14 

136 

139 

15 

121 

128 


14.18 Suppose that normality holds for data 
in Table 14P-1, what conclusion can you reach 
by the t test? Comment. 

14.19 In a paired feeding experiment, the 
gains in weight (in pounds) of hogs fed on two 
different diets, A and B, are as shown in 
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Table 14P-2. Can either diet be considered as 
superior at « = 0.05? 


TABLE 14P-2 


Pair 

A 

B 

1 

17 

9 

2 

20 

I 22 

3 

21 

11 

4 

24 

23 

5 

13 

17 

6 

21 

24 

7 

29 

24 

8 

24 

18 

9 

23 

16 

10 

25 

16 


14.20 A motion study is designed to test 
the efficiency of two procedures, 1 and II, of 
assembling a certain mechanism. The workers 
are paired on the basis of intelligence quotients 
and number of years of education. Members 
of each pair are assigned by lot to one of the 
two procedures. Time in seconds for complet¬ 
ing the assemblage is recorded in Table 14P-3. 

TABLE 14P-3 

Pair 

I 

II 

1 

44 

41 

2 

40 

44 

3 

40 

29 

4 

31 

27 

5 

44 

30 

6 

41 

36 

7 

26 

25 

8 

26 

30 

9 

32 

34 

10 

38 

23 

11 

37 

29 

12 

29 

25 

13 

29 

29 

14 

20 

20 


a. Specify H 0 and Hi for this test. 

b. Apply the sign test to (a), indicating appro¬ 
priate critical region. 

c. Assuming normality holds, apply t test to 
(a). 

d. Compare results obtained in (b) and (c). 
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14.21 Test H 0 :M = 70 against H^.M ^ 70 
with the sample data in Problem 14.10. Sup¬ 
pose we wish to reject H 0 if there are 9 or less, 
or if there are 20 or more, plus signs, what is 
the level of significance for this test? Can H 0 
be rejected at this a? What is the correspond¬ 
ing confidence interval for M? 

14.22 Consider data for Variety I in Table 
14P-1 as a random sample and test M = 133 
against M ^ 133. What is the value of « if the 
decision rule is: Reject H 0 if there are 3 or less 
or if there are 9 or more observations above 


Would you conclude that the coins are 
fair? 

14.27 Suppose that it is hypothesized that 
there are three times as many automobile 
accidents on Saturday and Sunday as on any 
other day of the week, what is the probability 
distribution of auto accidents throughout a 
week? From the record, 100 accidents are 
chosen independently of one another, and 
the distribution of accidents according to the 
days of the week is found to be 


Mon. Tue. Wed. Thu. Fri. Sat. Sun. 

5 9 10 8 11 30 27 


133? Can H 0 be accepted at this a? Construct 
a greater than 95 percent confidence interval 
for M with this sample. 

14.23 Out of 5000 portable radios examined, 
200 had defective parts. Is this result in accord 
with the advertised standard that defectives 
represent 3 percent or less of total output in 
terms of a normal test? in terms of a chi- 
square test? 

14.24 A department store employs 300 men 
and 400 women. In a given year 3100 days of 
absence were recorded for men and 4600 days 
of absence for women. Is the difference in 
rate of absenteeism between men and women 
significant at « = 0.05 in terms of a chi-square 
test? 

14.25 Suppose that a die is tossed 120 times 
with the following results: 


Do the observed data contradict or confirm 
the hypothesis if a = 0.01? 

14.28 In Mendel’s experiments with peas he 
observed 315 round and yellow, 108 round and 
green, 101 wrinkled and yellow, and 32 wrinkled 
and green. According to his theory of heredity, 
the numbers should be in the proportion 
9:3:3:1. In view of his observed data, can we 
accept his theory if « = 0.01? 

14.29 A survey of 200 families with three 
children gave the following results: 


Male births 

0 

1 

2 

3 

Families 

40 

58 

62 

40 


Spots showing 1 2 3 4 5 6 

Observed number 10 19 30 29 21 11 


Is this result consistent with the hypothesis 
that the die is fair at a = 0.05? 

14.26 Suppose that 100 tosses of 10 coins in 
each toss yielded the following result: 


Are these data consistent with the hypothesis 
that male and female births are equally likely? 
(Hint: If this hypothesis is true, then the prob¬ 
abilities of 0, 1, 2, 3 male births are respec¬ 
tively %, %, %.) 


No. of heads 0 1 2 3456789 10 

Observed data 0 1 2 8 25 28 22 4 6 3 1 







PROBLEMS 483 


14.30 Five coins are tossed 1000 times and, 
at each toss, the number,of tails are counted. 
Results of this experiment are given below: 


to grade their students according to the "nor¬ 
mal curve." Grades of 162 students in fresh¬ 
man mathematics classes during a certain 


No. of tails 
No. of tosses 


TABLE 14P-4 


Fit a binomial distribution to the above data 
and test the goodness-of-fit at a = 0.05. 

14.31 Fit a binomial distribution to data in 
problem 14.26 and test if the fit is good. 

14.32 The number of automobile accidents 
on each day in a certain city is observed dur¬ 
ing a 50-day period and the following informa¬ 
tion is obtained: 


30 and under 40 
40 and under 50 
50 and under 60 
60 and under 70 
70 and under 80 
80 and under 90 
90 and under 100 


quency 


No. of accidents 
No. of days 


Fit a Poisson distribution to these data and 
test if the fit is good. 

14.33 In the accounting department of a bank 
100 accounts are selected at random and 
examined for errors. Suppose the following 
result has been obtained: 


year are found to be distributed as in 
Table 14P-4. Assuming that these grades 
constitute a random sample, can we conclude 
that this sample has been drawn from a popu¬ 
lation of grades which are normally distributed 
at a = 0 . 01 ? 

14.35 Four hundred independent random 


No. of errors 
No. of accounts 


Does this information verify that the errors are 
distributed according to the Poisson prob¬ 
ability law? 

14.34 It is often stated that instructors tend 


samples, each with 200 units, are drawn from 
a population and sample variances are com¬ 
puted. This experiment gives the following 
information. From these data can we conclude 
that the population is normally distributed? 


100-105 

21 


105-110 

56 


110-115 

61 


120-125 

70 


125-130 

47 


130-135 

20 
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(Hint: If the population is normally distributed, 
we would then expect the distribution of sam¬ 
ple variance to be approximately normal with 
n as large as 200.) 

14.36 A random sample consisting of 100 men 
and 100 women gives the following results in 
connection with their attitudes toward the 
New York City income tax introduced in 1966: 


Sex 

For 

Against 

Total 

Men 

25 

75 

100 

Women 

35 

65 

100 

Total 

60 

140 

200 


In view of this information, can you conclude 


output quality as defined by two quality 
classifications; the results follow: 




Operator 


Quality 

1 

2 

3 

Good 

20 

27 

32 

Average 

8 

6 

7 


How should you state the hypotheses? What 
is your conclusion? 

14.39 A firm selling four products wishes to 
determine how sales of these products are 
distributed among four general classes of 
customers. A random sample of sales provides 
the following information: 


Product 


Customer Group 

1 

2 

3 

4 

Professionals 

85 

23 

56 

36 

Businessmen 

153 

44 

128 

75 

Factory workers 

128 

26 

101 

45 

Farmers 

34 

7 

15 

44 


that New Yorkers’ attitude toward the said tax 
is independent of their sex at a = 0.05? 

14.37 A market research firm desires to 
determine whether the inclusion of a coin in a 
questionnaire would increase the number of 
responses. Three hundred questionnaires, 
half with coins and half without, are sent to 
300 persons selected at random; the following 
results are obtained: 



Re¬ 

Not Re¬ 



sponded 

sponded 

Total 

Coin included 

97 

53 

150 

Coin not included 

80 

70 

150 

Total 

177 

123 

300 


Is there significant evidence to indicate that 
the inclusion of a coin is related to the number 
of responses to the questionnaire? 

14.38 A sample of 100 small machine parts 
was taken from products produced by three 
different operators to determine whether they 
tended to produce the same distribution of 


What conclusions can you draw? 

14.40 For the purpose of comparing two 
manufacturing processes, 100 units are 
selected from outputs produced by each 
process and the following results are obtained: 


Process 

Nondefectives 

Defectives 

A 

94 

6 

B 

90 

10 


What are your conclusions? (Hint: This should 
be a test of homogeneity. Also, it is advisable 
to determine the chi-square value with the 
continuity correction factor in this case.) 

14.41 Three random samples of students 
at a certain university are taken. The first 
contains 100 graduate students, the second 
100 upperclassmen, and the third 100 lower- 
classmen. Each is asked whether he considers 
the instruction he is receiving excellent, good, 
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or average, and the following results are 
gathered: 


/ 

between the two population distributions at 
a = 0.05, 


Classification 


Instruction 


Excellent 

Good 

Average 

Graduate 

11 

12 

11 

Upperclassmen 

73 

7 

20 

Lowerclassmen 

85 

10 

5 


What conclusions can you draw? 

14.42 On a particular proposal of national 
importance, a random sample of 180 Demo¬ 
crats and a random sample of 150 Republicans 
yield the following information: 



In 


Un- 


Favor 

Opposed 

decided 

Democrats 

89 

65 

26 

Republicans 

62 

54 

34 


In view of the above data, can we conclude 
that there is no difference between the two 
parties insofar as this proposal is concerned 
at a = 0,05? a = 0.01? 

14.43 A random sample of 10 units is selected 
from each of two suppliers of a certain electri¬ 
cal product. Results of resistance measured 
in ohms are given as follows: 

A: 2.7 2.8 2.9 3.4 4.0 4.5 4.7 4.8 5.2 5.3 
B: 3.5 3.6 3.7 3.8 3.9 4.0 4.2 4.3 4.4 4.9 

a. Employ the median test to test/(:c) = g{y) 
against f(x) — g(y + c) at a = 0.01. 

b. Assuming normality holds, employ the F 
test to test a a 2 - <r b z against <r a 2 > <r b 2 at 

a = 0.01. 

c. Comment on results in (a) and (b). 

14.44 Wire cable is being manufactured by 
two different processes. A sample is drawn 
at random from outputs produced by each 
process. Breaking strengths observed in 
pounds yield the following data: 

Process I: 87 90 64 75 79 86 78 
Process II: 69 70 66 68 76 80 67 72 74 

a. Use the median test to test the identity 


b. Use the t test, assuming that normality 
holds, to test yi = /x 2 against m ^ M 2 at 
a = 0.05. 

c. Comment on results obtained in (a) and (b). 

14.45 Apply the median test to data in Table 
14P-3 at a = 0.05. Compare conclusion here 
with that obtained before by the sign test. 

14.46 Three methods of making concrete are 
available. Eight sample blocks are made by 
each method. The compressive strength in 
pounds per square inch is measured and the 
following data result: 

Method I: 147 140 149 146 152 143 150 155 

Method II: 146 133 148 131 140 125 127 130 

Method III: 158 150 160 165 158 171 140 165 

Use the median test for independent samples 
to test the identity among the population 
distributions at a = 0.01. 

14.47 Measurements of height (in inches) of 
five adult males of each of four different 
nationalities are given below: 

I: 61 65 62 67 64 
II: 63 67 66 68 70 
III: 60 69 68 71 72 
IV: 64 68 70 74 71 

Use the median test for independent samples 
to determine if the underlying populations are 
identical at « = 0.05. 

14.48 Suppose that in an experiment evaluat¬ 
ing four different methods of teaching statis¬ 
tics, 10 matched groups of 4 students each 
had been used. The students were matched 
in terms of their intelligence quotients and 
freshman mathematics grades. At the end of 
the course, final grades were rated with 
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respective row medians, and the over-all 14.54 Employ the Wilcoxon T test to test 
table of frequencies of plus and minus cate- f(x) = g(y) against F(x) > G(x) with data 
gories within columns is shown below: in Problem 14.20. 


II 

III 

IV 


7 

2 

2 

20 = ra 

3 

8 

8 

20 = n — ra 


Are the above results consistent with the 

hypothesis that the population distributions 14.55 The following data are results of plant- 
(populations being grades of the four methods ing corn with two types of fertilizer on 8 pairs 
of teaching) are identical at « = 0.01? of plots: 

Pair 1 2 3 4 5 6 7 8 

A 164 165 158 149 170 155 154 162 

B 150 143 152 160 151 145 148 134 


14.49 Apply the median test for matched 
groups to data in Problem 13.22. Compare 
your result with that obtained before. 

14.50 Apply the Wald-Wolfowitz test to test 
the identity between population distributions 
with data in Problem 14.44 at « = 0.05. 

14.51 Suppose that a manufacturing process 
is turning out steel pipes whose outside 
diameters are to be measured. Of the first 
50 measured, there is a total of 20 runs above 
and below the median of this group. Use the 
Wald-Wolfowitz test to test the hypothesis that 
the machinery is turning out pipes whose out¬ 
side diameters vary randomly at 0.05. 

14.52 Weekly family income sampled in 
two different cities yielded the following 
information: 

City A: 155, 169, 148, 200, 165, 100, 75 
City B: 205, 145, 195, 198, 210, 127, 167 

a. Apply the Wald-Wolfowitz test to test the 
identity between the underlying population 
distributions at a = 0.05. 

b. Apply the t test to test the equality between 
the two population means, assuming normal¬ 
ity holds, at a = 0.05. 

c. Comment on results in (a) and (b). 

14.53 Suppose that data in Problem 14.10 
constitute a time series sample, employ Wald- 
Wolfowitz test to test that there exists no 
serial correlation in the population. 


a. What are the populations whose distribu¬ 
tions are generalized if the T test is applied? 

b. What conclusion can you draw at a = 0.05? 

14.56 In a paired experiment, speed (in 
number of items packed per hour) by two 
different systems are given in Table 14P-5. 
Can we reject the null hypothesis f(x) = g(y) 
at a = 0.05? at <* = 0.01? 

TABLE 14P-5 


5 air 

System I 

System 

1 

10 

7 

2 

11 

6 

3 

9 

12 

4 

8 

9 

5 

15 

13 

6 

12 

7 

7 

11 

13 

8 

13 

9 

9 

15 

8 

10 

10 

11 

11 

13 

9 

12 

12 

8 

13 

14 

13 

14 

13 

10 

15 

14 

8 

16 

12 

7 

17 

14 

7 

18 

12 

12 


(Note: When d { = 0, disregard. When di = 
d i+u and so on, assign a mean rank to the 
tied differences.) 
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14.57 Data in Table 14P-6 represent differ¬ 
ences in heights between husband and wife 
of three different nationalities. Do they come 
from identical continuous populations at 
a = 0.01 in accordance with the H test? 

14.58 To determine whether the distributions 
of three makes of gasoline are identically 
distributed in terms of number of miles 
travelled per gallon, the following data are 
obtained: 


1: 

7.7 

OO 

ID 

8.5 

9.0 

11.0 

8.9 

10.1 

9.5 

II: 

8.7 

9.2 

10.5 

9.8 

11.4 

12.6 

10.9 

9.9 

III: 

10.7 

9.8 

12.5 

11.4 

10.8 

13.5 

14.1 

12.7 


TABLE 14P-6 


French 

Japanese 

American 

2.1 (13.5) 

3.4 (26) 

5.1 (33) 

0.8 (2) 

1.5 (6.5) 

2.7 (22) 

2.5 (18) 

1.7 (9) 

4.2 (32) 

0.7 (1) 

1.9 (11.5) 

2.7 (22) 

2.4 (16) 

2.5 (18) 

4.1(31) 

2.6 (20) 

3.1 (25) 

2.9 (24) 

1.1 (4) 

1.5 (6.5) 

2.7 (22) 

1.3 (5) 

1,9 (11.5) 

2.3 (15) 

1.8 (10) 

1.6 (8) 

2.5 (18) 

0.9 (3) 

3.6 (28) 

3.5 (27) 
2.1 (13.5) 
3.7 (29.5) 
3.7 (29.5) 


What conclusion can be drawn in accordance 
with the H test? 


7li 

Ti 


10 

92.5 


10 

150 


13 

318 
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INDEX 

NUMBERS 


15.1 

Measurement 
of Aggregates 


One of the most important problems in 
studying economics and business is how to measure the quantity of some hetero¬ 
geneous aggregate. The aggregate may be one of physical quantity, such as stocks 
in the balance sheet or flows in the income statement. The aggregate may also be 
a list of prices, such as prices paid for the purchases of various types of inputs by 
a firm or as prices received by a department store from its sales. In each case, the 
problem of measurement is to derive a single figure that is descriptive of the 
volume of, or change in, a given aggregate through time or from place to place. 
The statistical device for such measurement is called index numbers. Index num¬ 
bers, in effect, relate a variable or variables in a given period to the same variable 
or variables in another period, called the base period. An index, the simplified name 
for index numbers, which is computed from a single variable, is called a simple 
index , whereas an index which is constructed from a group of variables is considered 
a composite index. As will be shown immediately, a simple index can be easily 
constructed and its meaning is readily apparent, but serious problems arise when 
we try to combine many variables in some meaningful way to present a composite 
index. 
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15.2 

An Illustration 
of a Simple Index 

Even though the main concern of this 
chapter is to present the techniques and problems of constructing composite 
indices, we shall first give an illustration of a simple index in order to bring out the 
basic nature and function of index numbers. Let us consider the hypothetical 
production data in Table 15.1. Index A is computed by selecting 1964 as the base 
period. The index numbers are then found by dividing each year’s production by 
the production in 1964 and multiplying by 100. Thus, the index numbers are in 

TABLE 15.1 ILLUSTRATION OF SIMPLE PRODUCTION INDEX 


Year 

Production 

(thousand 

pounds) 

Index A 
(1964 = 100) 

Index B 

(1958-1959 = 100) 

1958 

8.5 

63 

81 

1959 

12.5 

93 

119 

1960 

9.4 

70 

90 

1961 

10.7 

79 

102 

1962 

13.6 

101 

130 

1963 

15.3 

113 

146 

1964 

13.5 

100 

129 

1965 

12.8 

95 

122 

1966 

14.7 

109 

140 

1967 

16.7 

124 

159 

1968 

18.0 

133 

171 


the form of percentages. The index number for each year is interpreted in terms 
of the base period. For instance, the index number for 1968 means that production 
in 1968 was 133 percent of production in 1964. Index B is computed by using the 
average production of 1958 and 1959 (that is, 10.5 thousand pounds) as the base. 
This base is divided into each year’s production and the result multiplied by 100 
to form Index B. 

Clearly, the main function of a simple index number is to transform the 
absolute quantities of a variable into relative numbers so that comparisons of the 
changes in the variable through time can be readily made. 

15.3 

Types of 

Composite Indices 


There are many theoretical and practical 
considerations about the construction of composite indices. Before we take up 
these problems, however, we shall concentrate on the technical aspects of con¬ 
structing composite indices. 
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Composite indices are of many types and may be constructed in many ways. 
We shall be unable to cover the whole variety of indices in a single chapter. 
Instead, we shall confine our discussion to some of the more frequently used indices 
in economics and business. These indices, in the order of their discussion here, are 
classified as follows: 

1. Simple aggregative indices 

a. Simple aggregative price index 

b. Simple aggregative quantity index 

2. Simple average of relatives indices 

a. Price index of simple average of relatives 

b. Quantity index of simple average of relatives 

3. Weighted aggregative indices 

a. Weighted aggregative price index 

b. Weighted aggregative quantity index 

4. Weighted average of relatives indices 

a. Weighted price index of average of relatives 

b. Weighted quantity index of average of relatives 

5. Special indices 

a. Value index . 

b. Productivity index 


15.4 

Symbols and Data 
for Constructing 
Indices 


In order to avoid repetition, we shall 
define here all the symbols to be used in our discussion of indices: 

V “ price of a single commodity 
q = quantity of a single commodity 
Po = base-period price of a commodity 
go = base-period quantity of a commodity 

p n — given-period price of a commodity. Clearly, n refers to periods 1, 2, 3, 
etc. 

q n = given-period quantity of a commodity 
P = a price index 
' Q = a quantity index 

P& = a price index derived by using base-period quantity as weights 
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p n = a price index derived by using given base-period quantity as weights 
Q b = a quantity index derived by using base-period price as weights 
Q n = a quantity index derived by using given base-period price as weights 
V = a value index 
E = a productivity index 

To simplify our numerical illustrations, we shall use the hypothetical data of 
Table 15.2. We suppose that a manufacturing firm, established in 1966, produces 
three types of products, A, B, and C. Price is defined as the annual average selling 
price, and production refers to annual total production. The firm v ishes to meas¬ 



TABLE 15.2 

ILLUSTRATIVE PRICE AND PRODUCTION 

DATA, 1966-1968 





Price per unit 



Quantity 


Item 

Unit 

1966 

1967 

1968 

1966 

1967 

1968 

A 

B 

C 

ounce 

ton 

pound 

$ 1.00 
10.00 

4.00 

$ 1.25 

11.75 

5.00 

$ 1.50 

13.50 

4.50 

10,000 

1,000 

500 

1^,500 

1,100 

500 

13,000 

1,250 

400 


ure the changes in its selling prices and in the physical volume of production in 
the aggregate from year to year. 


15.5 

Simple 

Aggregative Indices 


The computation of a price index by the 
simple aggregative method is a very simple matter. We first add the various prices 
for each time unit to obtain Sp 0 and 2p n . Next, the total of each given period is 
divided by the base-period total. Finally, the results are multiplied by 100 in 
order to transform the proportions into percentages. These computations are 
done in Table 15.3. The general formula is 

P = — (100) (15- 1 ) 

Sp 0 


TABLE 15.3 COMPUTATION OF SIMPLE AGGREGATIVE PRICE 
INDEX 



1966 

1967 

1968 

Item 

Vo 

Vi 

V* 

A 

$ 1.00 

$ 1.25 

$ 1.50 

B 

10.00 

11.75 

13.50 

C 

4.00 

5.00 

4.50 

Total 

$15.00 

$18.00 

$19.50 

Index number 

100.00 

120.00 

130.00 
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From formula (15.1) it can be seen that the simple aggregative price index 
attempts, in our example, to ascertain the total sales receipts in each year under 
the assumption of selling one unit of each commodity and to express this total as 
a percentage of the base-year revenue. As such, the simple aggregative assigns 
equal importance to the absolute change of each price. This is v here the main 
defect of this method rests, since it permits a commodity with a high price to 
dominate the index. As our illustrative data stand now, the price of B exerts much 
more influence than the price of C, which, in turn, dominates the price of A in 
the index numbers. These influences, as can be readily seen, would be reversed 
if all the prices were quoted in the same units, say, ounces. Thus, the unit by 
which each price happens to be quoted creeps into the simple aggregate of prices 
as a concealed weight that is often of no economic significance. This illogical 
concealed v eight limits the practical usefulness of the simple aggregative price 
index. 

The formula for the simple aggregative quantity index is 

Q = ~zr~ (100) ( 15 .2) 

This formula, apparently, cannot be used for an aggregate in which the items are 
expressed in different units, since it would be meaningless when we add tons, 
pounds, and ounces together. If we used this formula to form an index for a group 
of, say, consumers’ goods quoted in the same units, we would be comparing the 
cost in a given year with the cost in the base year of purchasing the goods actually 
bought in each year as if the price of each item each year were $1.00 per unit. 
Evidently, this is a highly unrealistic assumption. Consequently, this formula is 
seldom employed to measure changes in quantity. 


15.6 

Simple Average 
of Relatives Indices 


As the name of this type of index implies, 
it consists of averaging the price or quantity relatives. To compute a simple 
average of relatives price index, as illustrated by Table 15.4, we follow these steps: 

(1) We obtain the price relative by dividing the price of each item in a given 
period, p n , by its base-period price, p 0 . The result is expressed as a percentage. 

(2) We obtain the sums of the relatives of the years and divide each by the 
number of items in the aggregate. The simple average of relatives is, in effect, an 
arithmetic mean of relatives. This method is summarized by the formula below: 

, X(£)■” 

1 ~ ~ ~ (15.3) 

n 

The procedure for computing a simple average of relatives quantity index is 
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TABLE 15 4 COMPUTATION OF SIMPLE AVERAGE OF RELATIVES 
PRICE INDEX 
(1966 = 100) 


Item 


1966 
Po 


100 


1967 

100 


1968 
Pl ] 100 


A 

B 

C 

Total 

index number 


100.0 

100.0 

100.0 

300.0 

100.0 


125.0 

117.5 
125.0 

367.5 

122.5 


150.0 

135.0 

112.5 

397.5 

132.5 


the same as that for the corresponding price index. This is illustrated by Table 
15 5. The analogous quantity index equation is 

_ W 


100 


(15-4) 


From, the results obtained in Tables 15.4 and 15.5 by the method of simple 
averages of relatives, it may be said that the prices have increased, on the average, 
by 32.5 percent and that the quantities have increased, on the average, by 1^ 

percent over the three-year period. .... , 

What can be said about the simple average of relatives indices as compared 

with the simple aggregative indices? . . . 

First, it may be noted that the simple average of price relatives has avoided 
the difficulty encountered in the simple aggregative price index. That is, the 
former is no longer influenced by the units in which prices are quoted or by the 
absolute level of individual prices. Relatives are pure numbers and are therefore 
divorced from the original units. Consequently, index numbers computed by the 
relative method would be the same regardless of the way m which the pnces are 
quoted. This simple average of price relatives is said to meet what is called the 
units test. Also, it may be noted that the simple average of relatives method can 
now be used to compute a quantity index for an aggregate of items that are not 
quoted in the same units. 


TABLE 15.5 COMPUTATION OF SIMPLE AVERAGE OF RELATIVES 
QUANTITY INDEX 
(1966 = 100) 


1966 1967 1968 



100 

125 

130 

100 

110 

125 

100 

100 

80 

300 

iii 

335 

100 

112 

112 


Total 

Index number 
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Despite these merits, the simple average of relatives is still a very unsatis- 
factory method, since it presents a new difficulty and a new defect. The new 
1 culty is concerned with the selection of an appropriate average. The use of 
the arithmetic average is considered as questionable sometimes because it has an 
upward bias. We shall comment on this point in section 15.14. Meanwhile it 
suffices to say here that this difficulty is not a very serious one. The new defect is 
at the relatives are assumed to have equal importance. This is again a kind of 
concealed weighting system that is highly objectionable, since economically some 
relatives are more important than others. It is interesting to note that, in our 
example, the quantity relative for C exerts an influence in the 1968 quantity index 
way out of line with its practical importance. This is so because from the quantities 
and units of A, B, and C, we can see that C is the least important item in the 
group; yet we assign to the quantity relative the same weight as those for A and 
. As a consequence, the rather large absolute increase in quantities of A and B 

have been unduly offset by the rather small absolute (but large relative) decrease 
ol the quantity of C. 

. concludm g this section, it should be noted that the main objection to both 
simple aggregative and simple average of relatives indices is to the concealed 
weights that are usually of no economic importance. Thus, improvements of an 
index rest with the introduction of appropriate weighting systems for its 
construction. 


15.7 

Weighted 

Aggregative Indices 


i i • i , i. . In a later section we shall give a rather 

detailed discussion on weighting to suit the purpose of a given index. Here, we 
may merely note that the most frequently used weights for aggregative price 
indices are base-year quantities of commodities and that the usual weights for 

aggregative quantity indices are either base-year or given-year prices of 
commodities. F 

The weighted aggregative price index with base-year quantity as weights is 
called the Laspeyres index and is given by the formula 


P b - 


2pnq 0 


( 100 ) 


(15.5) 


The application of this formula, 
three simple steps : 


as shown by Table 15.6, involves the following 


(1) Multiply the price of each item in each year by the base-year quantity of 
that item to obtain Vo q 0 for the base year and p„g 0 for each given year. 

(2) Obtain the sums of the products computed in step (1). 

0) Divide the total of each given year by the total of the base and multiply 
the results by 100. 
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In Table 15.6, the value of 121.6 for the Laspeyres index of 1967 may be 
interpreted in this way: “The list of products sold in 1966 would yield 21.6 percent 
more at 1967 selling prices than it actually did yield in 1966.” In other words, 
according to this index, selling prices on the average rose 21.6 percent from 1966 
to 1967. If the Laspeyres formula is used to compute a consumers’ price index, the 
result would measure the difference between the theoretical cost in a given year 
and the actual cost in the base year of maintaining the standard of living of t e 
base year. In general, the Laspeyres index attempts to answer the question, W hat 
is the change in aggregate value of the base period’s list of goods when valued at 

given-period prices ?” . , . 

The weighted aggregative price index with given-period quantity as weights is 

sometimes referred to as the Paasche index. It is defined the formula 

p n = IM? (100) 

Computation of the Paasche indices is illustrated by Table 15.7. The index 
value of 140.9 for 1968 should now be interpreted thus: “The list of products sold 
in 1968 yielded 40.9 percent more than the same list of products vould have 
yielded at 1966 prices.” The Paasche formula, when used to calculate a consumers’ 
price index, compares the actual cost in the given period with the theoretical 
cost in the base period of keeping the standard of living in the given period. In 
general, this formula answers the question, “What would be the value of the 
given-period list of goods when valued at base-period piices. 

A weighted aggregative quantity index is the counterpart of the analogous 
aggregative price index. The weights to be used are prices. The Laspeyres and 
Paasche aggregative quantity indices are given by the following formulas: 

Q b = (100) (W-P 


= (10 0) (15.8) 

Note that all the sums of the products for these two formulas have already 
been obtained in Tables 15.6 and 15.7. Thus, by referring to these tables, the 
aggregative quantity index for 1968, by using base-year prices as weights, we have 


Qb — 


^ 2^1 (ioo) = 

Spcgo 


27,100 

22,000 


(100) = 123.2 


The quantity index, by using given-period price as weights for 1968, is 


Qn = 


(ioo) = 


38,175 

30,750 


(100) - 124.1 


The first result means that, at 1966 prices, the volumes of output increased 23.3 
percent between 1966 and 1968. The second result suggests that, at 1968 prices, 
the volume of output rose 24.1 percent between 1966 and 1968. Thus, generally 
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speaking, a weighted aggregative quantity index answers the question, “If we 
buy (or sell) varying quantities of the same items in each of the two;periods, but 
at the same price, how much would be spent (or received) in the given period 
relative to the base period?” 

An interesting observation may now be made. The Paasche and Laspeyres 
formulas employed to compute either the price or the quantity index usually yield 
different results. This is, of course, due to the difference in the weights introduced. 
The difference, however, is not fortuitous. It does not make any particular sense 
to ask which formula is accurate or better. Each of them is meaningful in the 
sense that it has a simple and precise physical interpretation. In a way, we can 
actually consider the difference as a meaningful range of values. If, for instance, 
the price index computed by one method is 110 and by another method is 130, we 
may then say that the price level has changed from 100 to between 110 and 130. 
This statement gives us useful, though not completely precise, information: the 
price level has not decreased or increased more than 30 percent. It should be 
observed that this range becomes narrower, and therefore more precise, if the 
difference between base-year quantity (or price) and given-year quantity (or 
price) is smaller. During a short interval of time, say, from two to five years, 
neither prices nor quantities may change by large amounts and, as a result, it 
does not make much difference in theory whether the Laspeyres or the Paasche 
index is constructed. (In practice, however, there is a great deal of difference 
between these two formulas. For example, the use of the Paasche formula to 
construct a consumer price index requires an annual survey of expenditure pat¬ 
terns to determine current weights.) It should also be pointed out that, the prob¬ 
lem of approximation exists in all types of measurement. If the ranges are wider 
in the case of economic and business aggregates, it is not a difference of kind 
but is inherent in the nature of the problem. 

15.8 

Weighted Average 
of Relatives Indices 


Weighted average of relativps indices can 
be computed in a way similar to the calculation of simple average of relatives, 
except that proper weights are introduced. Weights used here are dollar values of 
items in the aggregate. Thus, if base-year values are used as weights, the weights 
are p 0 #o. If given-year values are employed, the weights are p n q n - If theoretical 
values are used as weights, the weights are p n q 0 or p 0 q n . Values rather than 
quantities or prices are used in order to produce weighted relatives that are all in 
the same units. In the construction of weighted average of price relatives, for 
instance, if quantities are employed as weights, the product of relatives times the 
quantities quoted in different units would yield weighted price relatives in original 
units, and these could not be added together. 

As is true of the weighted averages, the weighted average of relatives is 
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computed by multiplying each relative by its weight and dividing the sum of the 
products by the sum of the weights. 

The Laspevres averages of relatives indices are 


2 


(pogo) — (100) 
V o 


Qb = 


2p o^o 

y (p°q o)-(100) 

w _go_ 

2p 0 g o 


The Paasche average of relatives indices are 


(15.9) 


(15.10) 


Pn = 



) v - ( 100 ) 

Pc 


2 p 0 g« 


(15.11) 


Q 



ZPnQa 


(15.12) 


Note that (15.10) is equivalent to Laspeyres aggregative quantity index 
(15.7), (15.11) to (15.6), and (15.12) to (15.8). 

Since the procedures of constructing the four indices are similar, only one 
example is furnished here. A price index is constructed in Table 15.8 by using 
formula (15.9). I\ote that the index numbers obtained by this formula are identical 
v ith those obtained by formula (15.7). This should not be a surprising result. It 
can be readily seen that the weighted aggregative formulas and their analogous 
weighted average of relatives formulas are algebraically equivalent. For instance, 



2p 0 go 


2p 0 go 


( 100 ) 


and so forth. 


TABLE 15.8 COMPUTATION OF AVERAGE OF RELATIVES PRICE INDEX WITH BASE-YEAR VALUE 

AS WEIGHTS 



Item 

Weights 

Price Relatives 

Weighted Price Relatives 

1966 

1967 

1968 

1967 

1968 

VoQo 

- (100) 

Vo 

~{100) 

Vo 

Voqa — (WO) 
Vo 

VoQo — (WO) 
Vo 


A 

10,000 

125.0 

150.0 

1,250,000 

1,500,000 


B 

10,000 

117.5 

135.0 

1,175,000 

1,350,000 


C 

2,000 

125.0 

112.5 

250,000 

225,000 


Total 

22,000 



2,675,000 

3,075,000 

_ 

Index number 

100.0 



121.6 

139.8 
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However, several distinct advantages of weighted average of relatives indices 
over weighted aggregative indices must be observed: 

(1) The price or quantity relatives for each single item in the aggregate are, 
in effect, themselves a simple index that often yields valuable information for 
analysis. 

(2) When a new commodity is introduced to replace one formerly used, the 
relative for the new item may be spliced to the relative for the old one, using the 
former value weights. 

(3) When an index is computed by selecting one item from each of the many 
subgroups of items, the values of each subgroup may be used as weights. Then 
only the method of weighted average of relatives is appropriate. 

(4) When different index numbers are constructed by the average of relatives 
method, all of which have the same base, they can be combined to form a new 
index. 

(5) When index numbers are to be constructed with data that are not analo¬ 
gous as to prices and quantities—ratios of profits to net worth, to median income, 
to cost of production; or ratios of defective items to output, to name a few—they 
can be made comparable by being expressed as percentages of some base. 


15.9 

Value Indices: 
Consistency between 
Price and Quantity 
Indices 


The value of a single commodity is the 
product of its price and its quantity, that is, v — pq. Analogously, the value of an 
aggregate of commodities is the sum of individual values of the commodities, 
that is, Hv = 'Epq. The change in the value of an aggregate of values is measured 
by value index, which is defined as 

V = (100) (15.13) 

In this formula, both given-period price and quantity are variables in the numera¬ 
tor. It is not necessary to introduce any special weights; they are inherent in the 
value figures. 

The value index is not in wide use, although, because of the unsatisfactory 
nature of price and quantity indices, it has been occasionally suggested that they 
be replaced by the value index. This temptation, however, must be resisted, since 
the concepts of price level and quantity level answer questions that cannot be 
answered by the value level. Furthermore, an aggregate of values may be viewed 
as the product of a price level and a quantity level. The division of an aggregate 
of values into its price and quantity factors may be arbitrary, but this arbitrariness 
need not create confusion of thought as long as our concepts of the two factors are 
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consistent. The test of consistency is that the product of the price and quantity 
indices must produce the value index. These depend on appropriate weighting for 
the two indices. Following the notation used previously, we have two actual 
dollar values: Sp 0 go and and two theoretical values: 2p n # 0 and 2p 0 gn. With 

these quantities, four possible indices can be constructed: 

p = 2p n qo 
p _ ^ PnQn 

" ~ Zpoqn 
__ 2p 0 q n 
Qb 2p 0 go 

n __ ^P^qn 

Vn — 

It can be readily seen that P b and Q n are consistent indices, since 


P b Q n = X = = y 

2p 0 go Zpnqo 2p 0 go 

the value index measures the change in actual values between the base and the 
given periods. Similarly, P n and Q b are consistent measures. However, P b and Q b , 
or P n and Q n are not consistent. Thus a rule can be derived from these demon¬ 
strations : If the price index is constructed with base-period quantity weights, the 
quantity index must be constructed with given-period price weights, and vice 
versa, in order to make the price and quantity levels consistent. 


15.10 

Productivity 

Indices 


Productivity means efficiency in produc¬ 
tion. It is measured in terms of the ratio of output to inputs. If this ratio rises, that 
is, more units of output are produced with the same units of inputs, productivity 
increases. The measurement of changes in output is a simple matter. If only one 
product is involved, changes in output are merely the changes in the number of 
units produced. If an aggregate of products is under consideration, changes in 
outputs can be readily measured by a production index. The measurement of 
changes in inputs, however, presents very complicated problems: inputs are of 
great variety—different kinds of labor, various types of raw materials, investments 
in machines and equipment, management skill, and so on. Possibly an index of 
some sort dbuld be constructed to measure the changes in aggregate factors of 
production, but appropriate weighting for such an index is extremely difficult, 
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even physically impossible in some cases. In practice, therefore, a productivity 
index is usually constructed on the basis of a single input that is judged as the 
most important factor. The input selected is often labor, since, on the average, the 
wage bill consists of about two thirds of the total costs of production in many 
types of operations. In addition, labor data are more readily available, and labor 
units—usually man-hours—can be defined and interpreted more precisely than 
can other kinds of input data. 

Labor is defined as a ratio—man-hours per unit of output. Units of output 
per man-hour define a measure of productivity. A productivity index, however, 
can be constructed by using either ratio. The construction of a productivity index, 
using man-hours per unit of output and base-year quantity as weights, is illus¬ 
trated in Table 15.9. The formula used is 


E b 


?M _ 0 

2r 0 go 


( 100 ) 


(15.14) 


where r 0 and r n refer to man-hours per unit of output in the base and given periods 
respectively. 

This index, by assuming that output remains constant, measures changes in 
man-hours per unit of output. Thus, the result of our example means that man¬ 
hours per unit of output have decreased by 14 percent between the two periods. 
It is interesting to note that the ratio of input to output is the reciprocal of 

the ratio of output to input: —-. It follows, therefore, that 

output output/input 

the result of taking the reciprocal of the previously computed index—that is, 
1/0.86 = 1.16 or 116 percent—is an index that measures the changes in output 
per man-hour. 

What should also be noted is that the index of labor per unit of output, or of 
output per unit of labor, must not be considered as merely a labor productivity 
index: labor efficiency also depends upon the quality of investment and manage¬ 
ment. In other words, changes in labor required to produce a given quantity of 
output are often the joint effects of all factors of production. 


TABLE 15.9 CONSTRUCTION OF A PRODUCTIVITY INDEX, USING BASE-YEAR QUANTITY WEIGHTS 


Items 

Units 

Produced 

Man-hours 
per Unit 

Man-hours Required to 
Produce Base-Year Quantity 

3o 

1966 

1968 

1966 

1968 

To 

r n 

r 0 qo 

r n qo 

A 

10,000 

H 

2 A 

5,000 

4,000 

B 

1,000 

5 

9 A 

5,000 

4,500 

C 

500 

H 

H 

750 

750 

Total 




10,750 

9,250 

Index number 




100 

86 
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IS.11 

Special 

Topics 


In this section we shall introduce three 
special topics: (1) changing the base of an index, (2) splicing two overlapping 
indices, and (3) chain index procedures. 

Sometimes we wish to change the base of an index either to make the base 
more recent or to make two indices with different bases comparable. To change 
the base of an index is a very simple matter. For instance, if an index was con¬ 
structed with 1945 as the base and we wish to change the base to 1960, we merely 
divide each index number in the series by the index value of 1960; a new index 
with 1960 as the base would then result. 

The weights of an index may become out of date and we may wish to use new 
weights to construct the index. Thus two indices result. However, we wish to 
make these two indices continuous. This calls for splicing the overlapping indices. 
The procedure of splicing is illustrated by Table 15.10, which contains two indices, 
the first with 1963 as the base and the second with 1967 as base. 

As shown by the last two columns of Table 15.10, two overlapping indices can 
be spliced in two ways: either by making them continuous with the old index or 
by making them continuous with the new. If we wish to derive an index that is 
continuous with the old, we splice at the year that is the base of the new index- 
1967 in our illustration. In this year the ratio of the old to the new index is 115 
to 100 and therefore this relationship prevails for years that follow the base year 
of the new index as 

1.15:1.00 = 3:1.10 
x = 1.265 

That is, to change the new index to the base of the old, we must multiply the 
future values of the new index by 1.15. 

To make the old index continuous with the new is the same as to change the 
original base of the old index to the base of the new index. Thus, in our example, 
the base of the first index must be changed from 1963 to 1967. This is done by 
dividing each value of the first index by the 1967 value, which is 1.15. 

TABLE 15.10 PROCEDURE OF SPLICING TWO INDICES 


Year 

First 

Index 

Second 

Index 

Spliced Indices 

1963 = 100 1967 = 100 

1963 

100 


100 

87 

1964 

95 


95 

83 

1965 

101 


101 

88 

1966 

110 


110 

96 

1967 

115 

100 

115 

100 

1968 


110 

126.5 

110 
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New commodities are introduced almost continuously into markets; it is there¬ 
fore desirable in some respects to revise the list of items and the system of weights 
from time to time. For this purpose, we employ what is called the linking procedure, 
in which an index is constructed with the immediately preceding period as a base. 
Such an index is called the link index. The link index numbers, if we wish, may 
be chained back to a common base period by a process of multiplication. For 
instance, if we consider 1963 as the base period of an index, then 1964 is period 1, 
1965 is period 2, and so on. Naturally, the index for 1963 is 100. The index for 
1964 is computed in the usual manner, by either the Laspeyres or the Paasche 
formula, usually the former in the relative form. Assume the link index for 1964 
is 108. The link index for 1965 is then computed by using 1965 as the base. Assume 
the resulting value is 110. Now, if we wish to chain the 1965 link relative back to 
1963 as the base, we observe that the 1965 index is 110 percent of 1964, which, in 
turn, is 108 percent of 1963. Therefore, the 1965 index is 110 percent of 108 per¬ 
cent of 1963, the base period. That is, the index for 1965 with 1963 as the base is 
118.8 (= 1.10 X 108). 

From the previous illustration, a general procedure of chaining emerges. A 
chain index number, I n:o , that is, the index for period n with period o as base, is 
obtained by calculating first the link index for period n with the preceding period, 
n — 1, as base, i, which is then multiplied by the chain index of the previous 
period, I n -r.o . The general expression may be written as 

d-n'.o = {Inin— l) (A*— i:o) (15.15) 

Although the link-chain procedure is useful in that it permits changes in the 
composition of the index from period to period, its utility should not be exagger¬ 
ated. As a matter of fact, strict comparability is confined to chain index numbers 
that immediately follow the fixed base. When outmoded commodities are con¬ 
tinuously replaced by new ones, the meaning of the chain index becomes increas¬ 
ingly doubtful through time—we may not be able then to describe just what the 
index measures. 


15.12 

Important 
Current Indices 


The majority of published indices are 
price indices. The Wholesale Price Index and the Consumer Price Index con¬ 
structed by the United States Bureau of Labor Statistics are by far the most 
important. Important quantity indices currently available are the Federal Re¬ 
serve Board’s Index of Industrial Production and the United Nation’s World 
Index of Industrial Production. We shall present a brief description of these four 
indices in this section. 
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THE BLS WHOLESALE PRICE INDEX 

The BLS Wholesale Price Index was first calculated in 1920 but estimates made 
have carried it back to 1890. It has the main purpose of showing the general 
movements of prices at primary market levels. As such, the price data used to 
construct this index are drawn from those of sales in large lots in the primary 
markets—that is, prices prevailing at the first important commercial transaction 
for each commodity. Most of the prices included in the index are selling prices of 
representative manufacturers or producers as well as the prices quoted on 
organized exchanges or markets. 

This index is based on a large sample of about 2000 commodity prices selected 
from 15 major groups and 88 subgroups of commodities classified by product. The 
purpose of such an extremely large sample is to provide sufficient data to compute 
price indices for commodity subgroups, such as indices of prices of wholesale 
processed food, textile products and apparel prices, metal and metal product 
prices. 

The Wholesale Price Index is constructed by a modified version of the 
Laspeyres formula, with 1957-1959 as the base period for prices. Weights em¬ 
ployed are the total transactions as reported in the Census of Manufactures. 
These weights are reviewed and revised each time complete census data become 
available. In between censuses, the weighting pattern may also be modified if it 
is considered desirable. The frequent changes in weighting patterns are accom¬ 
plished by the link-chain procedure described in the last section. 

The Wholesale Price Index, its components, and the individual price series are 
published monthly and can be found in the Survey of Current Business. Informa¬ 
tion furnished by these indices are invaluable to economists, managers and govern¬ 
ment policy makers. These data enable the economist to study the general 
fluctuations in price level, to evaluate the imbalance between aggregate demand 
and supply, to analyze the price structure of the economy and the changes in 
relationships among individual commodities, and so on. Businessmen benefit from 
this information in determining production costs, in planning investment pro¬ 
grams, in formulating production schedules and sales policies, in evaluating in¬ 
ventories, and in purchasing raw materials. Government planners find these data 
indispensable formulating policies for economic stability, as well as long-range 
policies for economic growth and other economic programs. 

THE BLS CONSUMER PRICE INDEX 

As its full title—-“Index of Change in Prices of Goods and Services Purchased by 
City Wage-Earner and Clerical-Worker Families to Maintain Their Level of 
Living”—indicates, the index measures the average change in the price of a fixed 
“market basket” of commodities and services purchased by families of urban 
wage earners and salaried clerks. 

The index w T as initiated during World War I under the demand for wage 
increases to meet rising costs of living, especially in the shipbuilding centers. It 
has been published regularly since 1921 with a few major revisions. The last new 
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sample survey was carried out in 1950. A fully revised index, based on new 
expenditures and family income surveys for 1960-1961, was constructed in 1964. 
As now constituted, this index is constructed from a collection of approximately 
300 carefully selected retail prices that include sales and excise taxes. These 
prices are reported regularly from 46 cities. Separate indices are published monthly 
for the 20 large cities as is a single “all-item” index for the whole nation. 

This index is also computed by a modified Laspeyres formula with 1957-1959 
as the reference base period. In addition, as is true of the Wholesale Price Index, 
the link-chain procedure is used to offer freedom of substitution at intervals so 
that the indices may coincide with realities of consumption and markets. The 
actual weight base period, however, is the 1952 spending pattern—projected from 
1950 data. The estimated 1952 spending pattern is based on an average family 
size of 3.3 persons and an average income per family of $4160 after taxes. 

Of the thousands of statistics published by United States government agencies, 
the Consumer Price Index is probably the most important single statistic. As will 
be shown in the next section, it is used for a variety of purposes by private organi¬ 
zations as well as public agencies. However, it should be remembered that this 
index is calculated specifically to measure the average change in prices of goods 
consumed by families of urban wage earners and clerical workers. Severe limita¬ 
tions are encountered, therefore, in applying this index to the very rich or the very 
poor, or to groups whose living and spending patterns differ from those of typical 
urban worker families. 

THE FRB INDEX OF INDUSTRIAL PRODUCTION 

The Index of Industrial Production has been published by the Board of Governors 
of the Federal Reserve System since 1927. Its main purpose is to measure changes 
in the physical volume of manufacturing and mineral production and in the output 
of the gas and electricity industry. 

This index was last revised in 1959. In its present form, it is a weighted average 
of relatives index of more than 200 different series, each of which represents the 
output of a particular product or industry or the man-hours worked in that 
industry. The current base for the index is 1957--1959, but the index has been 
shown both on a 1957 and on a 1947—1949 base. Data used are adjusted for the 
number of working days in the month, and the quantity relatives are weighted in 
proportion to the value added in production by each industry in 1957. The total 
index and all its components are available with or without adjustment for sea¬ 
sonal variations in the Federal Reserve Bulletin. 

The Federal Reserve Index has become one of the most quoted business indices 
now being published. Two reasons are mainly responsible for its wide use: It is 
by far the best index available of the activity in a highly important sector of the 
economy, for it is comprehensive, well constructed, and up to date; moreover it 
has symptomatic value. Manufacturing, mining, and utilities contribute about 
one third to the total national income and account for about the same proportion 
of all nonagricultural employment. Furthermore, many other sectors of the 
economy are engaged in supplying materials to, or using the products of, manu- 
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factuiing. There is also the fact that manufacturing and mining are more cyclically 
sensitive than is any other type of business activity. All these factors make the 
Federal Reserve Index a widely used barometer of general business conditions, 
despite the fact that it is not an accurate measure of total business activity. 

THE UN WORLD INDEX OF INDUSTRIAL PRODUCTION 

The W orld Index of Industrial Production, published by the Statistical Office of 
the United Nations, includes production in mining and manufacturing of all 
countries except the Iron Curtain nations. The World Index is supplemented by 
separate regional indices and is calculated as an arithmetic average of national 
indices. It now has 1953 as its base and is weighted by value added in 1948 in the 
manufacturing and mining industries. The value of this index lies in the fact that 
it is the only international production index available. Further information about 
this index can be obtained in issues of the Statistical Yearbook of the United 
Nations. 


15.13 

Some Applications 
of Price Indices 


Early interest in indices came mainly 
from economists engaged in studying inflation and deflation, the structure of 
individual pi ices, the behavior and interrelationships of important economic 
variables, and the like. Through the years, however, indices, especially price 
indices, have come to play an increasingly important role in many decision-making 
problems for private enterprises, labor unions, and governments. This section will 
present some of the important applications of price indices. 

PURCHASING POWER 

It is the basic traditional function of a price index to measure the purchasing 
pov er, or value, of money. Since the value of money is the power of money over 
goods and services in exchange, we may deduce that the higher the level of prices, 
the low er the purchasing power of money—that is, the less will a given income 
buy in terms of goods and services. More precisely, if the price index for a defined 
group of goods and services doubles, a given income will buy half as much of that 
group of commodities and services. This is the same as saying that the purchasing 
power of money is the reciprocal of the price index. The general expression may 
be given thus: 

purchasing power of money = ——-- (1516) 

price index 

For example, if the value of the Consumer Price Index in a given year is 124.5, 
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then the purchasing power of the consumer dollar becomes 1/1.245 = 0.80, or 
80 cents. This means that the purchasing power of the consumer dollar in that 
year is 80 cents as compared with the base period. Or a given amount of consumer 
income in that year can purchase only 80 percent of the goods and services that 
it could have purchased in the base period. The purchasing power of the consumer 
dollar has decreased by 20 percent from the base period to that year. 

REAL WAGES 

Real wages are simply the purchasing power of money wages. Thus a real wage 
index can be constructed to show the changes in the purchasing power of the 
money wage income of the workers. This is done by constructing a money wage 
index with the same base as the Consumer Price Index and dividing the former 
by the latter. That is, 


index of real wages 


index of money wages 
Consumer Price Index 


( 100 ) 


(15.17) 


In formula 15.17, the numerator may be either a city index or the national 
index. As an illustration, suppose that the index of money wages for a given type 
of worker in the United States, constructed with 1957-1959 as the base, stood at 
150 in January, 1968, and that for the same month, the Consumer Price Index 
had the value of 123.8; then the real wage index for these workers in that month 
would be 

150 , . ' 

W 00) - 121.2 

this means that these workers’ real wages had increased by 21.2 percent which is 
much less than what the money wage index indicated. 

ESCALATOR CLAUSES 

The most widely publicized use of the Consumer Price Index is for the automatic 
adjustment of wages under “escalator clauses” in collective bargaining agree¬ 
ments. An escalator clause provides for an automatic amount of wage change, 
say, 1 cent an hour, with a given change in the percentage points of the Consumer 
Price Index, say, 0,8 point. Usually, no ceiling is placed on the extent that wages 
can increase, but the amount that wages can decline is limited so that they cannot 
fall very far below the wage rate at the time the escalator clause went into effect. 
The reason for such a clause, obviously, is to protect the workers’ standard of 
living from price changes. 

The escalator clause was first introduced by General Motors and the United 
Auto Workers in 1948. Now it has become a widely used device in collective 
bargaining. Even in areas where collective bargaining does not exist, wages of 
workers and clerks in private and public organizations are often tied in directly 
or indirectly with the Consumer Price Index today. 
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TERMS OF EXCHANGE 

Just as the real wages are ratios of the money wage index to the Consumer Price 
Index, the terms of exchange for a commodity or a group of commodities are 
ratios of the price index of one commodity or a group of commodities to the price 
index of another commodity or group of commodities. The terms of exchange may 
thus be considered as an index of relative price that measures the change in the 
price of one in terms of the price of another. Or, as a formula, 

index of relative price price index of A 

/> * * . , A — --— (100) (15.18) 

of A m terms of B price index of B v 

If, for example, the price index for fuel, power, and lighting materials has 
increased from its base period by 20 percent but the Consumer Price Index has 
risen by 50 percent, then the prices of the first group of products have actually 
decreased by 20 percent in terms of the latter. That is, 

index of relative prices of fuel, _ 120 ^ 

power, and lighting materials 150 ^ ~ 


A special application of terms of exchange that is of interest to students of 
foreign trade is the concept of “terms of trade.” By the “terms of trade” we mean 
the ratio at which commodities are traded internationally. When only two com¬ 
modities are being traded, the terms of trade are the same as the ratio of their 
international prices. When many articles are entering trade, the terms of trade 
are defined as the ratio of the index of import prices to the index of export prices. 
As such, the terms of trade may be interpreted as the quantity of imports obtain¬ 
able for one unit of exports. When the average price of a country’s imports rises 
less rapidly than the average price it receives from exports, the nation’s terms of 
trade are said to have become more favorable, since a greater amount of imports 
can now be obtained per unit of exports. 

Another index ratio, more important from the viewpoint of the American 
economy, is the parity ratio , defined thus: 


index of prices received by farmers ^ . 

parity ratio = ^—:- ttt-A--- (100) 

index of prices paid by farmers 


(15.19) 


The parity ratio, since the late 1920s, has been the hitching post of American 
agricultural policy. Present laws stipulate that farmers who conform to certain 
requirements can sell most staple crops to the government at a price that is a 
given percentage of the parity. 

Both indices are prepared by the United States Department of Agriculture 
with 1910-1914 as the base—“the golden age of farming.” From formula 15.19 
it is obvious that when the prices-received index is higher than the prices-paid 
index, agricultural prices are above parity. When the converse is true, agricultural 
prices are below parity. Suppose this parity ratio stood at 83, in a given year; it 
means that in that year, the purchasing power of agricultural commodities with 
respect to what farmers buy was 83 percent of what it was in the base period. 
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THE CONSTANT DOLLAR 

The value of an aggregate of goods is the product of price and quantity. Thus the 
value of an aggregate of goods may change because of changes in prices or in 
quantities or in both. Often we are interested only in the changes in the physical 
volume of goods and services: the changes in the value of an aggregate of items 
at constant dollars. In other words, we are interested in ascertaining what the 
value of goods and services would be if their prices had not changed or the value 
of money had remained constant. To achieve this, we employ what is called the 
procedure of statistical deflation , by which the effects of changes in prices upon the 
value of a list of commodities are removed. This procedure is defined,by the fol¬ 
lowing expression: 

physical volume in _ volume in current do llais ( 15 . 2 o) 

constant dollars appropriate price index 

Inasmuch as the denominator is a pure number, the quotient obtained m formula 
(15.20) is also in terms of dollars, which, however, by virtue of the division, have 
been transformed into constant dollars. As a concrete illustration, suppose that 
the value of sales of a department store in 1967 is $5,585,000 and the index for 
selling prices of the same store in that year is 115, with 1960 = 100, then 

Value of sales for 1967 = $5,585,00 0 (10Q) = $4j856)522 
in constant dollars 115 

which means that if the selling prices in 1967 had been the same as those in 1960, 
the sales volume in 1967 would have been $4,856,522. Also, if the sales in 1960 
were $4,627,236, we would say that the physical volume of sales increased by 
5 percent from 1960 to 1967. 

The price index used in statistical deflation is called the deflator . The deflator 
does not have to be constructed with all the prices of the items whose value is to 
be deflated. For instance, in deriving the real Gross National Product that is, 
the GNP in constant dollars—the Department of Commerce uses deflators that 
are constructed on the basis of samples of prices that enter into the GN1 . The 
actual procedure used is to break down the GNP into its main expenditure com¬ 
ponents—consumption, investment, and government expenditures—and deflate 
each component with a price index of a sample of prices specially constructed for 
the component. The deflated components are then added up to form the total 
GNP in constant dollars. 

15.14 

Problems of 
Constructing Indices? 

Up to this point, we have been concerned 
with some of the techniques of constructing indices and their possible applications. 
Now we turn our attention to some of the important theoretical and practical 
problems encountered in constructing indices. 
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The first problem is sampling. The most important thing to be noted here is 
that random sampling is seldom used. This is so because to sample from a popu¬ 
lation of literally millions of commodities and services, the random procedure 
could be neither practical nor representative. Typically, indices are constructed 
from samples deliberately selected. The representativeness of an index depends, 
therefore, on the fact that all or most of the prices or commodities judged to be 
important in the population are included in its construction. Clearly, the index 
maker s judgment and knowledge of the data under investigation are of para¬ 
mount importance. He must select the commodities or their prices to be included 
m the index. He must decide, in the case of the price index, how the prices should 
be defined and where and when the price quotations should be collected. 

. l As 1to the num ber of items to be included in the sample, the decision is made 
with the primary objective of the index in mind. If our aim is to describe the move¬ 
ments of general business activity, for instance, we would want a broadly rep¬ 
resentative index, such as the Wholesale Price Index, which may behave rather 
sluggishly because it reflects the behavior of all types of business. If our purpose 
is to stress symptoms, we choose only a few series that we think to be particularly 
significant as indicators of the future course of business. The FRB Index of 
Industrial Production is an example of such an index, which is more sensitive and 
can therefore be used as a business barometer or a forecasting index. 

The second problem is concerned with the selection of the base period. The 
base period of an index is used for the computation of relatives and as a basis of 
reference both m describing the behavior of individual index numbers and in 
comparing them. Thus it must be carefully selected so that misleading results and 
interpretations may not arise. There are two simple rules to follow in choosing the 
base. One is that the base value should be judged as typical or “normal.” It 
should be neither too high nor too low relative to values in other periods. When 
the base value is too high, the whole index would appear chronically depressed 
because most of the index numbers will fall well below it. If the base value is too 
low, opposite distortions may be created. A base value may be considered typical 
if it coincides with the trend rather than conforms to cyclically high or low values. 
When it is difficult to select a single period as the base, the average value of a 
few periods—perhaps covering one complete cycle—may be used as the base. 

The other rule for selecting the base period to keep in mind is that the base 
of an index should be relatively recent. This is desirable because we are usually 
more interested in comparing current fluctuations with some economic framework 
similar to the present. Moreover, a base period that is far in the past makes the 
recent index numbers less representative because the individual values contained 
m the index tend to disperse more and more with the passage of time. Finally, a 
more recent base period is needed in order to accommodate necessary changes in 
weights and lists of items in the index. 

The third is the problem of appropriate weighting. Weighting the different 
variables according to their economic importance is always an important but 
troublesome task. Solution here relies heavily upon knowledge of economic theory. 
Fortunately, it may be noted, for an index to be useful in practice only approxi¬ 
mate accuracy in weights is demanded. In addition to the weighting systems 
introduced previously in this chapter, many others can be used: “average quanti- 
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ties (or prices) of base and given years,” “average quantities (or prices) of several 
years, average quantities (or prices) of all years,” and “hypothetical quantities 
(or prices) are a few. Each of these weighting systems has its theoretical and 
practical merits as well as its drawbacks. Although the relative merits of these 
weighting systems are beyond the scope of our present discussion, it is important 
o note these points: (1) To change the weights also changes the meaning of the 
index. Thus, the type of weights we want to use depends upon the question we 
seek to answer. (2) Inasmuch as two types of weights can yield similar information, 
we always select the one that involves less computational effort and/or permits 
more precise interpretation and greater theoretical consistency. 

The fourth problem refers to the selection of the average. This problem has 
two aspects: Which average should be used? How representative is the index 
number as an average? 


Theoretically, all five types of averages previously introduced can be used to 
average the weighted aggregative quantities or weighted relatives. However, in 
practice, the median and the mode are never employed because these two meas¬ 
ures are difficult to find and are not very meaningful when only a few variables 
are involved. Also, being position measures, they cannot be used for further 
computations. This leaves us with the three computed averages. From the point 
ot view of mathematical logic, in averaging relatives both geometric arid harmonic 
averages are superior to the arithmetic mean. Yet the arithmetic mean is the 
most frequently used average in constructing indices. This is so because no other 
indices have such a simple and apparent economic meaning as the weighted 
arithmetic indices. There are no other indices, either, that are so easy to compute. 

, lh f q ues twn whether an index as an average is representative or meaningful 
depends on the distribution pattern of the relatives. It has been argued that an 
average IS meaningful only if there is a real central tendency. To the extent that 
the values move together through time, the use of index numbers to describe their 
mass behavior is legitimate. However, if the values are widely dispersed, the index 
number may lose its meaning. According to many studies made on this subject, 
it as been demonstrated that the frequency distribution of relatives computed 
from a base period m the recent past has a pronounced central tendency and the 
proportion of relatives under the modal class is rather large. However, the dis¬ 
tribution of relatives with reference to a more remote base period becomes more 
dispersed and more negatively skewed, with a smaller proportion of relatives 
included m the modal class. These findings suggest that the index is more rep¬ 
resentative when its base is more recent. If we ignore the time element, we have 
also found a more marked central tendency in a group of items that are more 
homogeneous, such as agricultural products, consumers’ durable goods, or utilities, 
than exists in a group of greater heterogeneity. This indicates that an index is 
more meaningful if it is constructed from a group of items that have a greater 
tendency toward homogeneity. 

Ideally, an index, therefore, like any other average, should be accompanied by 
a measure o dispersion. Unfortunately, indices are seldom so accompanied. Still, 
m using and interpreting index numbers we must keep the degree arid type of 
dispersion m mind by analyzing the components of the index. For instance, the 
Wholesale Price Index was fairly stable between 1952 and 1955. This was the 
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combined effect of rising industrial prices and falling agricultural prices. After 
1955 the decline in agricultural prices ceased, and the over-all Wholesale Price 
Index rose significantly to reflect the continued increases in industrial prices. 
Similarly, in studying the major components of the Consumer Price Index, we 
find that the most marked rises in consumer prices during the decade of the 1950s 
were in services rather than in commodities. 

The fifth problem is that of changing products. In a dynamic economy old 
products are continuously being improved in quality or are replaced by new 
products. Since the significance of an index depends on the retention of the 
significance of the assortment of commodities comprising it, the comparison of 
either price levels or quantity levels from two separate and distant points of time 
becomes difficult if not completely meaningless. Because of this, measurements 
of price levels over long periods of time are confined to staple commodity prices, 
such as grains and metals, that remain much the same from age to age. It is also 
for this reason that the link-chain procedure has been designed to cover the 
transition between periods of different product mixes in measuring price and 
quantity levels. In this connection, it is interesting to note that, according to the 
July 21, 1961, Report of the Subcommittee on Economic Statistics to the Joint 
Economic Committee of Congress, with the acceleration of the introduction of 
new items, a high research priority to devising measures of quality change is 
widely regarded as necessary. The Report added: 

It was felt that the research into how quality changes can be measured is essential to a 
better understanding of changes in the present Consumer Price Index. It was pointed out 
that there is a widespread feeling that because of improvements m quality which are not 
taken into account by present methods of compiling the Consumer Price Index, the index 
may be overstated by some undefined amount of the rise in prices which has occurred m the 
last decade. But it also was made clear that there is no reliable quantitative evidence to 
support this claim, nor in fact is there empirical evidence to measure the extent of down¬ 
ward bias which also might be occurring in the case of deterioration of quality of some 
goods and services. There was quite general agreement that everything possible should be 
done to determine whether or not useful, objective measures of quality change could be 
developed. 

The sixth and the last is the problem of the accuracy of formulas. Different 
formulas usually produce different, results when applied to the same price or 
quantity data. There thus arises the question, Which formula is accurate. The 
accuracy of a formula, according to some theoretical statisticians, depends upon 
whether or not it meets certain mathematical tests. Of these tests, probably the 
most important are the time reversal test, the circular test, and the factor reversa 

The time reversal test seeks to ascertain whether the index number for period 0 
relative to period 1 is the reciprocal of the index number for period 1 relative to 
period 0. In other words, if the product of two index numbers computed by the 
same formula, with the functions of the base period and given period interchanged, 
is equal to 1, we say that the formula meets the time reversal test. For example, 
if the formula meets this test, when the index for 1960, with 1950 as the base, is 
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200, then the index for 1950 with 1960 as the base must equal 50, Surprisingly 
enough, this seemingly important and desirable property of an index is not met 
by most formulas. It can be verified that among formulas introduced in this 
chapter, only the simple aggregate index satisfies this requirement. 

The circular test is an extension of the time reversal test. A formula is said to 
meet this test if, for example, the 1960 index, with 1955 as the base, is 200, and 
the 1955 index, with 1950 as the base, is again 200; then the 1960 index, with 1950 
as the base, must be 400. In other words, we should be able to get a consistent 
index for 1960 relative to 1950 by multiplying the 1960 index relative to 1955 by 
the corresponding index for 1955 relative to 1950. Clearly, the desirability of this 
property is that it enables us to adjust the index values from period to period 
without referring each time to the original base. Among the index formulas so far 
discussed, only the simple aggregative index and an aggregative index with 
constant weights meet this test. 

The factor reversal test holds that the product of a price index and the quantity 
index should equal the corresponding value index. We have already discussed this 
property in section 15.9 in some detail. What may be pointed out here is that 
none of the formulas so far discussed meets this test. 

Attempts have been made, especially by Professor Irving Fisher, to design 
formulas that would meet most of these requirements. Of these, the most fre¬ 
quently noted is Fisher’s “ideal index,” which meets both the time reversal and 
the factor reversal tests but not the circular test. The ideal index is given by 
the formula 


I 


(Fisher) 


4 




^VnQn 

2poq n 


Vlxp 


(15.21) 


This formula, it may be noted, is the geometric mean of the Laspeyres and the 
Paasche indices. The trouble with the ideal index is that it is laborious to calculate. 
More serious is the objection that it is difficult to give a precise interpretation of 
what it actually attempts to measure. 

The fact that most of the commonly used indices, especially the weighted 
indices, do not meet these tests does not necessarily mean that their usefulness is 
impaired. Failure to meet these test does not prove that the index values do not 
have logically desirable properties. As has been mentioned before, both the 
Laspeyres and the Paasche formulas, inaccurate as they may be in some sense of 
mathematical logic, do yield precise answers to specific questions. It has also been 
suggested that index values should be considered as ranges that are only approxi¬ 
mations but are all we are entitled to because of the nature of the problem inherent 
in measurements. 


Glossary of Formulas 


( 15 . 1 ) P = — (100) The simple aggregate price index is expressed as a relative by dividing 
the sum of prices in a given period by the sum of prices in the base period. The relative is multi- 
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plied by 100 so that the index is changed into a percentage—the usual form of an index number. 


(15.2) Q — (100) The simple aggregate quantity index. This formula can be used only 

for an aggregate of physical quantities that are expressed in the same units. 


^ ( 100 ) 

(15.3) P = --- The price index computed as the arithmetic average of price 

relatives. This formula has the advantage over formula 15.1 in that it is not influenced by abso¬ 
lute prices. However, it has a defect equally undesirable since it assigns equal importance to 
each relative. 


^ (^j ( 100 ) 

(15.4) Q =--- The simple average of relatives quantity index can be used for 

an aggregate of items quoted in different units. It is still a very unsatisfactory method, how¬ 
ever, because it has the same undesirable concealed weights as has equation (15.3). 

(15.5) P b = ^^(100) The Laspeyres formula: an aggregative price index weighted by 

base-period quantities. It measures the change in the aggregate value of the base period's 
assortment of goods when valued at given-period prices. 


(15.6) P„ - (100) 

spo q n 


The Paasche formula: an aggregative price index weighted by 


given-period quantities. It measures changes in value of the given period's list of goods when 
valued at base-period prices. Although this formula yields satisfactory results, because of 
several limitations, it is not so frequently used as formula (15.5). Its drawbacks, compared with 
those of (15.5), are these: (1) Current quantities are often difficult to obtain promptly. (2) Compu¬ 
tation labor is nearly doubled. (3) With changing weights, even though comparison between a 
given period and the base period is clear and meaningful, the comparisons between different 
periods are not entirely valid. 


(15.7) Q b =5^ ( ioo) and (15.8) Q n = (100) 

Vpnqo 

These are analogous Laspeyres and Paasche formulas for aggregative quantity indices. Note 
that prices are weights in these formulas. Generally, a weighted aggregative quantity index seeks 
to answer the question: If we buy (or sell) varying quantities of the same items in each of the 
two periods, but at the same prices, how much would be spent (or received) in the given period 
relative to the base period? 


(15.9) P b = 


and (15.10) Q b = 


2(po7o) 


The Laspeyres price or quantity indices can be computed as the weighted arithmetic average 
of price or quantity relatives, the weights being base-year values. 


2(po?») — (100) 2 (p„g „)-- (100) 

(15.11) p„ =-—- and (15.12) Q n = -^- 

2p n qo 

The Paasche price or quantity index can also be computed as weighted arithmetic average of 
price or quantity relatives, the weights being theoretical values—base-year price multiplied by 
given-year quantity for the price index, and the given-year price multiplied by the base-year 
quantity for the quantity index. 
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(15.13) V = "■ (100) The value index measures the change in actual values of an aggre- 

^PoQo 

gate of goods and services. For this index, the weights are inherent in the value figures. 

(15.14) E b = Sr ” g ° (100) A productivity index computed with labor inputs and weighted 

with base-period quantity. Here r may be considered either as units of output per man-hour 
or as man-hours per unit of output. Care must be taken to observe the definition of r in inter¬ 
preting the index value. 

(15.15) In;o = (/n:n-i)(fn-i:o) The chain index number for any period is computed by com¬ 
puting the link index number for that period first and then multiply the result by the chain index 
for the period immediately preceding it. 

(Formulas (15.16) to (15.20) are omitted here because they are self-evident.) 

(15.21) JW„, = J^° X ^ = VLXP The Fisher ideal index. It is an “ideal” in 

\ 2jpoQo ^PoQn 

the sense that it meets both the time reversal and the factor reversal tests. However, its prac¬ 
tical utility is limited by laborious computation and its vague meaning. 


Problems 


15.1 Give a critical evaluation of each of the 
following statements: 

a. Neither the simple aggregative nor the 
simple average of relatives indices is weighted. 

b. When quantities in an aggregate are 
expressed in uniform units, both the simple 
aggregative and the simple relatives methods 
furnish satisfactory indices. 

c. The Laspeyres and the Paasche formulas 
not only provide meaningful results but also 
measure the same thing. 

d. Since the value of the base is always 100, 
it does not make any difference which period 
is selected as the base on which to construct 
an index. 

e. The fact that none of the commonly used 
index formulas meets all the essential mathe¬ 
matical tests does not mean that no logically 
desirable results can be obtained. 

f. The Wholesale Price Index is a better 
measure than the Consumer Price Index if 
we wish to determine the general purchasing 
power of the American dollar. 

g. Since the 1940s, the average salary of 
college professors has nearly tripled. Clearly 
the professors’ standard of living must have 
increased by about 200 percent. 

h. A productivity index computed with man¬ 
hours per unit of output is actually a measure 
of labor efficiency alone. 


15.2 What does each of the following indices 
measure? 

a. the Laspeyres price index 

b. the Paasche price index 

c. the Laspeyres quantity index 

d. the Paasche quantity index 

e. the Wholesale Price Index 

f. the Consumer Price Index 

g. the FRB Index of Industrial Production 

15.3 If you wish to construct a price index 
by using a fixed quantity, q a , for each price 
as weight, how would you state the formula? 
What would such a price index mean? 

15.4 If you are employed to construct a price 
index for a department store that sells thou¬ 
sands of items, (a) how would you decide on 
which items to include? (b) how would you 
define the prices? (c) what weights would you 
use? (d) which formula would you select? 

15.5 If a productivity index is computed with 
r to mean output per man-hour and the aver¬ 
age of two years’ quantities as weights, what 
would be the corresponding index value with r 
to mean man-hours per unit of output? Give 
a verbal interpretation of each index value. 

15.6 A value index measures changes in 
actual values between two points of time. 
Can it be transformed into an index that meas- 
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ures the changes in physical volumes? If so, 
how? If not, why not? 

15.7 What purposes can be served by study¬ 
ing the components of an index? 

15.8 Why is it necessary to shift the base 
period of an index from time to time? 

15.9 in your studies of economics or manage¬ 
ment, where do you think index numbers may 
be useful? Be specific. 

15.10 A manufacturer purchases more than 
a thousand different types of raw materials 
for production. He is interested in measuring 
changes in costs and physical volumes of 
purchases. Assume that it has been decided 
that five types of raw materials, A, B, C, D, E, 
are the important ones and that prices paid 
and quantities bought are as follows: 


Item 

Unit 

Unit Price 

Quantity 

1965 

1968 

1965 

1968 

A 

pound 

$ 0.50 

$ 0.65 

4,500 

4,000 

B 

ton 

50.00 

52.00 

50 

65 

C 

gallon 

1.50 

2.00 

1,250 

1,500 

D 

yard 

4.00 

5.50 

400 

350 

E 

ounce 

0.25 

0.15 

80,000 

120,000 


a. Construct, with 1965 as the base, 

1) a simple aggregative price index; 

2) a simple average of relatives price index; 

3) a simple average of relatives quantity index; 

4) a weighted aggregative price index with 
base-year quantities as weights; 

5) a weighted aggregative price index with 
given-year quantities as weights; 

6) a weighted aggregative quantity index with 
base-year prices as weights; 


7) a weighted aggregative quantity index with 
given-year prices as weights; 

8) a weighted average of relatives price index 
with base-year values as weights; and 

9) a weighted average of relatives quantity 
index with base-year values as weights. 

b. Construct, with 1968 as the base, 

1) an aggregative price index weighted by 
base-year quantities; and 

2) a weighted average of relatives quantity 
index with the Paasche formula. 

c. Give an appropriate interpretation of each 
of the results you have obtained above. 

d. Which index or indices constructed above 
would you actually recommend for the prob¬ 
lem in hand? 

15.11 Construct for the following data a 
spliced index continuous with Index A, and a 
spliced index continuous with Index B. 


Year 

Index A 

Index B 

1 

100 


2 

95 


3 

110 


4 

125 

100 

7 


105 

6 


98 


15.12 Construct a chain index from the fol¬ 
lowing link relatives: 


Year Link Index 


1 100 

2 105 

3 95 

4 115 

5 102 


16 


INTRODUCTION 

TO 

TIME 

SERIES 

ANALYSIS 


16.1 

Reasons for Time 
Series Analysis 


Nations must plan for the future in order 
to survive and grow. Even installment purchases of a household involve plans for 
the future. Plans for sales, production, investment, marketing, and so on, are 
made daily by business firms in order to meet current competition and to maintain 
steady growth. The federal government must plan for future revenues and ex¬ 
penditures, not only for the sake of performing its routine functions efficiently 
but also for the purpose of influencing the aggregate business activity so that the 
economic progress of the nation may not be slowed by inflation or Reflation. 

A business or an economic action taken today is based on yesterday s plan 
and tomorrow’s expectations. Plans for the future cannot be made without fore¬ 
casting events and the relationships they will have. Not only can forecasting be 
made for a given line of activity independently; the forecast of one type of event 
can also be made on the basis of other forecasts. Thus, the projection of popula¬ 
tion growth for the next decade is an element in the forecast of the fpture demand 
for steel which, in turn, is the basis for plans for expanding plant capacities. 
Similarly, forecasts of national income have been used by the government to 
estimate its future tax revenue, and by various industries to predict their relative 
shares of the national market. Needless to say, an individual firm can base its 
forecast of sales on the forecast of sales for the whole industry. 
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Business executives and government officials seem to have recognized the 
importance of forecasting as the basis of rational decisions and actions concerning 
the future. Hardly a single day goes by without reading some news in the financial 
columns about this kind of forward planning. Yet forecasting remains more an 
art than a science. Those who remember the presidential prediction that pros¬ 
perity was just around the corner in 1930 or the government economists' forecast 
of mass unemployment for the spring of 1946 may frown at every mention of the 
term. Whatever misgivings there may be, the need for the forecast, be it implicit 
or explicit, is there. The question is not: “Forecast or no forecast?" Instead it is: 

What kind of forecast?" It may also be mentioned here that the value of a 
forecast is not merely its accuracy but the fact that making it requires a balanced 
consideration of factors influencing future developments, right or wrong. 

Forecasting techniques vary from simple expert guesses to complex analyses of 
mass data. In any case, a forecast must be based upon what has happened in the 
past. The most promising method of knowing about the past so that inferences 
can be made for the future is the analysis of a time series. A time series may be 
defined as a collection of readings, belonging to different time periods, of some 
economic variable or composite of variables, such as production of steel, per capita 
income, gross national product, price of tobacco, or index of industrial production. 
A time series, then, portrays the variations of the variable quantity or price 
through time. Like all kinds of economic behavior, the movements of time series 
are generated by the systematic and stochastic (the opposite of systematic) logic 
of the economy. As such, if we find that a certain underlying and persistent trend 
of a series has continued for decades, we would be unwise to ignore the probability 
that it will continue. The belief that past behavior of a series may continue into 
the future forms a rational basis for statistical forecasting. Forecasting is also the 
main purpose of analyzing time series. 

In this chapter we shall comment on the general nature of time series and their 
analyses. Techniques of measuring various types of economic change as embodied 
m time series will be presented in the next two chapters. 


16.2 

Types of 

Economic Change 


The actual movements of a time series 
are caused by a variety of factors, some economic, some natural, and some insti¬ 
tutional. Furthermore, some of the factors tend to affect only the long-run move¬ 
ment of a series, whereas others tend to produce its short-run fluctuations. Thus 
contained in a time series are different types of change. Looking now at the 
diagram m Figure 16.1, first of all we observe that even though the movements of 
the original series seem quite irregular, on the average they tend to move con¬ 
tinuously upv ard through time. This general movement, persisting over a long 
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Figure 16.1 Employment in the United States, Bureau of Census estimates, 1941- 
1953, by month. (Source: Federal Reserve Charts on Bank Credits, Money 
Rates and Business, November 1953.) 


period of time, is called a secular trend. It is represented by the diagonal line drawn 
through the irregular curve. 

Next, if we study the irregular curve year by year, we see that in each the 
curve starts with a low and reaches a high about the middle of the year and then 
decreases again. This type of fluctuation, which completes the whole sequence of 
change within the span of a year and has about the same pattern year after year, 

is called a seasonal variation. ■ 

Furthermore, looking at the broken curve superimposed on the original ir¬ 
regular curve, we find pronounced fluctuations moving up and down every few 
years throughout the length of the chart. These are knowm as business cycles or 
cyclical fluctuations. They are so called because they comprise a series of repeated 
sequences, just as a wheel goes round and round. 

Finally, the little saw-tooth irregularities on the original curve represent what 
are referred to as irregular movements. 

We shall now comment on the nature of each of these four types of economic 
change. 


16.3 

Nature of 
Secular Trend 


Secular trend, as a general and persistent 
movement, disregards the ups and downs of cyclical fluctuations. Short-lived 
phases of the business cycles pass, leaving a path that, when averaged, reflects the 
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general drift of events over a long period of time. Like other representative meas¬ 
ures, the seculai trend summarizes the essentials of the life story of economic 
variables. It measures the average change or growth of time series per unit of 
time. As such, the secular trend is a sound index of vitality of the organism rep¬ 
resented b> the time series. Thus, the economic history of an industrialized 
nation can be told largely in terms of trends established for its major industries. 
Trends in the major industries are not only of importance to the owners, managers, 
and workers in these particular fields; they are also of significance as an indication 
of the economic life of the whole nation, which is mainly made up of these basic 
economic organs. lor this reason, the trend measurements today are used pri¬ 
marily to study growth itself in contrast to their principal use for the study of 
business cycles before the Great Depression. 

To establish a trend line that is significant for a time series the period must be 
sufficiently long. But the exact length of the period is undefined. It could be as 
shoit as 20 days, as in the growth of a population of yeast cells, or it could be as 
long as a few centuries, as in the growth of the human population of a nation. For 
most economic time series, the consensus is that the period must cover two or 
three complete cycles in order to produce any significant trend line. 

The trend line for a given time series may be positive, such as the growth of 
gross national income of the United States, or negative, such as the ratio of 
agricultural employment to total labor force in any industrialized nation. It 
could also be linear or curvilinear. In any case, however, the trend is irreversible 
and smooth. As an irreversible movement, the trend line does not change direction 
so frequently as the cyclical fluctuation, although through its gradual and smooth 
course, the rate of change may vary, or even the direction may eventually change, 
as the time series passes from its expansion phase into long-term saturation or 
decline. 

In selecting a method of trend fitting we must avoid the common fallacy of 
thinking that the facts will speak for themselves. They never do. Every method 
of observing them, every technique for analyzing them is an implicit economic 
theory. Thus, instead of merely looking at the chart of a time series and concluding 
that a certain type of line would fit the data well, we must start, a priori, with 
some hypothesis that seems to describe the behavior of the series adequately. 
Usually, we have different trend hypotheses for the grow'th of an industry, the 
growth of the economy, and the growth of the individual firm. 

First, what theory can we formulate for the growth of new industries? Empiri¬ 
cal observations and theoretical considerations have produced some typical 
models for the growth of new industries. At the initial stage of a new industry 
there are only a few' pioneering firms that are mainly concerned with exploring 
the market potential, perfecting its production techniques, and so on; thus its 
grow'th is slow'. Then the new' industry goes through a period of accelerating 
grow'th, when it provides the greatest stimulus to net new T investment. As it 
approaches maturity, there is less need to expand capacity, and investment is 
mainly for replacement and modernization. Consequently, its grow'th rate con¬ 
tinues to decline until the industry reaches a stage of saturation. 

This typical behavior pf single industries can be described by a number of 
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Figure 16.2 Gompertz curves drawn to (a) semilogarithmie and (b) arithmetic 
scales. 

mathematical curves, all of which trace out an S-shaped pattern of movement. 
Of these, the best-known and most frequently used is the Gompertz curve, the 
equation of which is given in section 17.8. 

The Gompertz curve, as shown by Figure 16.2, describes a trend in which the 
growth of increments of the logarithms declines at a constant rate. Therefore, the 
natural values of the trend would show a declining ratio of increase, even though 
by neither a constant amount nor a constant percentage. This curve has an upper 
and a lower asymptote. The lower asymptote of an upward trend is z'ero at nega¬ 
tively infinite time. The ordinate of the inflection point of the curve is about 37 
percent of the upper asymptote. This curve is not symmetrical about its inflection 
point. Its first differences are skewed to the right. 

The Gompertz curve fitted to per capita consumption of rayon and acetate 
fibers in the United States for the years 1922-1960, drawn on semilogarithmie 
paper, is shown in Figure 16.3. This figure shows that consumption increased at 
a rate decreased gradually. It may also be seen from this figure that the Gompertz 
trend is a monotonic function of time; it moves either up or down but not in both 
directions for the same function. When it moves down, its curvature is convex to 
the origin, and when graphed on semilog paper, it has a lower asymptote, usually 
not zero. 

Another frequently used mathematical curve that may be fitted to a series to 
}field a declining percentage rate of growth is the “logistic” growth curve. A 
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logistic curve fitted to the Index of Industrial Production of the Standard Statis¬ 
tics Company is shown in Figure 16.4. We shall comment on this chart a little 
later. Meanwhile, it may be noted that the Gompertz and logistic curves, ac¬ 
cording to detailed studies by Ivuznets and others, give a very close approximation 
to the growth pattern of individual industries. These curves are often used to 
describe the “law of growth” of population and of production in certain industries, 
and are also used extensively in the field of biology. Two points must be kept in 
mind when we use and interpret the growth curves of individual industries. First, 
it may be necessary to give these curves, such as those in Figures 16.3 and 16.4, 
an upward tilt in order to reflect the fact that a steady rising national income 
could lead to some corresponding rise in the saturation level for a particular 
industry. Second, because of many factors, such as changes in technology, dis¬ 
coveries of new sources of supply or exhaustion of old sources of raw materials, 
or the sudden emergence of new and strong competition, the growth trend of a 
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Figure 16.3 Gompertz trend fitted to per capital consumption of rayon and acetate 
fibers in the United States, 1922-1960. (Source: Textile Organon , March 
1961.) 
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Figure 16.4 Logistic curve fitted to index of industrial production. (Source: H. T. 

Davis, The Analysis of Economic Time Series. Copyright, 1914, by the 
Cowles Commission for Research in Economics.) 

particular industry may be subjected to shifts that are quite abrupt. Herein lies 
the potential danger of projecting the trend of an industry. 

The economic growth of a whole nation is the result of the growth of all 
individual industries. For the economy as a whole, then, the trend should be 
measured most logically by the series of the Gross National Product. Other types 
of data, though less comprehensive, are also frequently used to reflect the nation's 
general economic activity. One method is to select one phenomenon so pervasive 
that it reveals the amount of activity in many different kinds of transactions. 
For instance, freight car loadings or the production of cardboard containers 
follows a pattern of change similar to the output of material products. Bank 
credit outside New York City is also a fairly accurate measure of the total volume 
of business of all kinds. A second method is to use a composite index of activities 
of the basic and vital industries. One of the most widely used indices for this 
purpose is the FRB Index of Industrial Production described in the last chapter. 

On theoretical grounds, the growth of the aggregate economy is quite different 
from the typical pattern of individual industries. For instance, fitting a “growth 
curve" to total production leaves much to be desired. For exanfple, looking at 
Figure 16.4, we find that it gives a very poor fit for the period before World War I. 
More serious is the objection that it flattens out too rapidly and at a level too 
low for the latter period. 

The inevitable and eventual retardation of the growth of an individual in¬ 
dustry is influenced by many factors. The more important of these are discoveries 
of new processes, new products, new materials, changes in consumer tastes, and 
shifts in population distribution. The very factors that tend to retard old and 
mature industries, however, also stimulate the establishment of new ones. The 
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stagnation of the coal industry has been more than compensated for by the 
emergence of the oil and power industries. The decline of textile industries that 
use cotton and silk as raw materials was primarily caused by discoveries of the 
synthetic fabrics and the growing production of rayon, nylon, and other chemically 
produced materials. 

Thus, in a dynamic economy characterized by unceasing experimentation and 
innovation, the general drift of total production may be expected to continue 
upward. It is possible, furthermore, that this general upward drift could progress 
along a straight line, either indicating a constant amount of increase per year or 
reflecting a constant rate of increase annually as revealed by Figure 16.5 and 
16.7. Our theoretical considerations, however, do not rule out the possibility that 
the rate of change of the whole economy may vary from period to period. For 
instance, Siberling has developed a curve of American business experience over 
the period 1700—1940 that shows a growth rate of less than 3 percent prior to the 
middle of the last century, the increase then rising to about 3.8 percent in the last 
decade of the century, and a slightly lower rate of approximately 3.5 percent 
characterizing the growth of the first forty years of the present century. 

It may also be noted that, among the factors counted as critical for the long- 
run grow th of the aggregate economy, the most significant is the rate of popula¬ 
tion growth. Not only does population growth generate continuous increase in 
the demand for consumer goods and investment expenditures; it also enlarges the 
labor force of a nation. Other principal aggregate growth factors include natural 
resources, capital formation, technological development, type of economic system, 
the sociopolitical fabric of the society, and the religious and psychological attri¬ 
butes of the population. 

Billions of dollars* 

(ratio scale) 



Figure 16.5 Gross National Product in 1958 prices, 1957-1967. (Source: Adapted 
from The Economic Report of the President, February 1968, p. 61.) 
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The growth of an individual enterprise may be reflected in its sales, its pro¬ 
duction, or its employment. Other things being equal, obviously the most im¬ 
portant influence on the growth of individual concerns is the quality of manage¬ 
ment, which dictates the firm’s long-term flexible adaptation to a changing 
economy. Keeping differences in the quality of management in mind, three 
possible generalizations can be made about the growth patterns of individual 
firms. In the first place, the most efficient firms may continue to grow when the 
industry is subject to retardation. Their continuous growth may be maintained 
by absorbing weak competitors or by controlling a progressively larger share of 
the market through shrewd marketing or other effective policies. This process may 
go on for such a long period as to give the individual concern a trend of indefinite 
constant growth, as described either by the arithmetic lines or by geometric 
straight lines. 

At the other extreme are the least efficient firms. Such firms may grow when 
the industry is advancing rapidly, but they face decline when the industry reaches 
maturity. Trend for this type of behavior, among others, can be described by a 
second-degree parabola curve. This curve, together with other types of straight- 
line tends, will be discussed in the following chapter. 

Then there is the middle possibility. Firms of average efficiency may experi¬ 
ence a growth pattern similar to that of the industry of which they are a part. 


1S.4 

Nature of 

Seasonal Variations 


Seasonal variations follow a pattern of 
regular recurrence over time. The word “seasonal” has a broad meaning. A sea¬ 
sonal pattern may be a daily one (average temperatures for 24 hours), or a weekly 
one (store sales), or an annual one (employment). Nevertheless, seasonal patterns 
for many types of economic time series are related to the changing seasons of the 
year. Also, like the seasons, they tend to repeat themselves, even though the 
precise pattern may change through the passage of time. Figure 10.6 contains 
some illustrations of seasonal patterns of consumer goods output and industrial 
production. 

Weather and social customs are the most important factors of seasonal varia¬ 
tions. Variations in weather are clearly an important cause of seasonal patterns in 
agricultural production, construction work, logging and lumbering activities, and 
their related series. The relatively large seasonal variation experienced by the 
retail trade is the joint effect of customary buying seasons and weather-induced 
changes in consumer demand. 

Seasonal variations generate problems for the individual firms as well as for 
the economy as a whole. They are expensive and wasteful because they neces¬ 
sitate surplus plant capacity and idle labor during seasonal slack periods. For the 
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Figure 16.6 Seasonal patterns in industrial production, 1959. (Source: Board of 
Governors of the Federal Reserve System, Industrial Production: 1959 
Revision. Washington, D.C., July 1960.) 

individual firm there is perhaps no other phase of time series analyses so vital to 
the day-to-day planning of business operations as seasonal analysis. Management 
must allow for seasonal variations in its purchases of raw materials and its employ¬ 
ment of workers in order to offset these variations or to take advantage of them. 
Excess capacity in individual industries adds up to an enormous waste of resources 
for the entire economy. Severe seasonal fluctuations in industrial production, as 
shown in Figure 16.6, indicate that for a great part of the year a considerable 
amount of plant capacity is not utilized. Whether or not a comprehensive solution 
for seasonal variation is possible, an understanding of its nature and an accurate 
method of measuring it are certainly a necessary first step toward a possible 
solution. 

Our interest in seasonal analysis is not confined to its own significance only. 
If we are to succeed in studying business cycles, ability to analyze seasonal 
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influences and to remove their effects on the raw data is essential. Unless sea¬ 
sonally adjusted data are used, the location of the turning points of cycles can 
never be precisely determined. 

A technical problem exists for the students of business cycles because seasonal 
patterns tend to change through time. The change may be gradual because of 
technological advancements or because of changes in weather, custom, consumer 
tastes, government policy, or business practices. The change may be abrupt 
because of some powerful and rather prolonged irregular forces, such as World 
War II. With this changing characteristic, we may fail to measure the exact 
pattern of seasonal variations. Although methods are available to measure chang¬ 
ing seasonals, these techniques are based on the rather unrealistic assumption that 
the seasonals are changing in some regular and systematic pattern. Fortunately, 
cyclical movements are usually so pronounced that they show up clearly when 
conventional methods, as presented in Chapter 18, are used to eliminat e seasonal 
variations. Difficulties do arise from time to time, however, when we attempt to 
trace the movement of cycles that are brief in duration and mild in intensity. 


IS.5 

Nature of 
Business Cycles 


The term business cycles refers to cyclical 
fluctuations in the aggregate economic activity of a nation. As such, it should be 
represented by series in the GNP or in other indices that reflect general business 
activity. Cyclical fluctuations in production or sales of an individual industry or 
firm are usually referred to as “specific cycles.” Methods used to measure business 
and specific cycles are, of course, the same. 

Arthur F. Bums and Wesley C. Mitchell of the National Bureau of Economic 
Research have written one of the most frequently quoted definitions of business 
cycles: 

Business cycles are a type of fluctuation found in the aggregate economic activity of 
nations that organize their work mainly in business enterprises: a cycle consists of expan¬ 
sions occurring at about the same time in many economic activities, followed by 
similarly general recessions, contractions, and revivals which merge into the expansion 
phase of the next cycle; this sequence of changes is recurrent but not periodic; in duration 
business cycles vary from more than one year to ten or twelve years; they are not divisible 
into shorter cycles of similar character with amplitudes approximating their own.— 
Arthur F. Burns and Wesley C. Mitchell, Measuring Business Cycles. 


Figure 16.7 furnishes an example of conventional trend elimination. The upper 
chart shows the American Telephone and Telegraph Index of Industrial Activity 
without eliminating the trend. The lower chart presents the index as percentage 
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Figure 16.7 Index of industrial activity in the United States, 1899-1960, before and 
after correction of trend. (Source: American Telephone and Telegraph Company.) 


deviations from the computed trend. These percentage deviations portray the 
general cyclical movements of the index uncorrected for seasonal and irregular 
fluctuations. 

From the definition quoted above and with the aid of Figure 16.7, we may 
appreciate the complex nature of business cycles and the difficulty of studying 
them. There is in each cycle, following a period of decline, an upturn that gradu¬ 
ally quickens its pace until it develops into a period of prosperity; then this reaches 
a limit; whereupon a downturn ensues that culminates in a depression. These 
four phases of a cycle are often termed recovery , prosperity, recession, and depres¬ 
sion. The first two phases constitute a cumulative upswing, and the last two phases 
are the cumulative downswing of a cycle. The peak and trough of a cycle are often 
referred to as the downturn and upturn, respectively. A cycle is measured either 
from trough to trough or from peak to peak. 

The most striking characteristic of cycles, general as well as specific, is that 
each cycle is a unique historical phenomenon. Each cycle differs from all the rest 
in duration, amplitude, and causes. This may account for the existence of almost 
as many business cycle theories as the number of recorded cycles. (There are 
probably more theories than recorded cycles.) Thus we shall not even attempt to 
mention here the main forces that lead to this type of fluctuation. The interested 
student may find the information in any standard textbook on business cycles. 
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ie.6 

Nature of 

Irregular Movements 


Irregular movements arc a type of flue- 
tuation that is caused by random forces or specific and sporadic causes. A random 
movement, as its name implies, is completely unpredictable, though it does contri¬ 
bute to period-to-period variations. Random movements, fortunately, are rela¬ 
tively unimportant, so that, in practice we may simply consider them merely as 
part of the total cyclical swing or as seasonal variations. Although it is impossible 
to identify or explain the random forces, their effects can be clearly seen. They 
appear as slight saw-tooth irregularities on cyclical movements in most monthly 

series. . . 

Irregular movements caused by sporadic changes are more serious and their 
causes can usually be traced. For instance, strikes, earthquakes, floods, wars, and 
the like, produce sharp breaks in the underlying cyclical sweeps in most economic 
time series. Therefore, in measuring seasonals and cycles, these specific and 
sporadic causes must be recognized and due allowance made for them if possible. 


16.7 

Time Series 
Models 


Analysis of time series, either to study 
one component in its own right or to eliminate one or more components from the 
original series, calls for the decomposition of a series. To decompose a series, we 
must assume that some type of relationship exists among the four components 
contained in it. Usually we proceed on the assumption that an economic time 
series is made up of several additive or multiplicative components. Trends, cycles, 
and seasonals are in some sense considered as rather stable functions of lime, the 
irregular movements are not. 

The additive model assumes that the value of original data is the sum of the 
four components. Thus, let 

Y = value of the original time series 
T = value of trend 
C = value of cycle 
I = value of irregular 
S = value of seasonal 

then the additive model can be expressed as 




f^t-fs-fc-f/ 


(16.1) 
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The multiplicative model assumes that the value of original data is the product 
of the values of the four components. That is, 


What are the differences between these two models? 

First, in the additive model, all the components are treated as residuals and 
are expressed in the original units. In the multiplicative model, only one compo¬ 
nent, usually trend, is in units of original data; but seasonal and cyclical compo¬ 
nents are treated as relatives or percentages whose average value is 100. 

Second, the word “additive” signifies lack of interaction effects among the 
components. It is assumed in the additive model, therefore, that the value of one 
component does not affect, and is not affected by, the values of other components. 
In contrast, the multiplicative model implies mutual dependence among the 
components in an algebraic sense; that is, it is assumed here that both seasonal 
and cyclical fluctuations are functions of trend. 

Third, we can often distinguish the additive model from the multiplicative 
model by observing the effects of trend values upon seasonal fluctuations and 
cyclical variations. In the additive model, seasonal swing remains constant as 
trend increases. In the multiplicative model, the ratio of seasonal to trend remains 
constant; that is, seasonal swings increase in magnitude as trend increases. Also, 
generally speaking, the cyclical residuals tend to become larger numerically as 
the trend values become larger, while the cyclical relatives remain more or less 
constant. 

Although the additive assumption is undoubtedly true in some cases, the 
multiplicative assumption characterizes the majority of economic time series. 
Consequently, the multiplicative model is not only considered the standard, or 
traditional, assumption for time series analysis; it is more often employed in 
practice than all other possible models combined, including the additive model. 
For this reason, we shall use only the multiplicative model in our subsequent 
discussion. 


16.8 

Methods of Analyzing 
Time Series 


There are available two common ap¬ 
proaches to analysis of time series. One is offered by Warren M. Persons; the 
other by the National Bureau of Economic Research. The Persons method’is in 
common use and is also the method we shall employ in the next two chapters. 
Pei sons, in 1919, generalized and described a method of distinguishing trends 
from cycles that had long before been extensively used. The idea is a very simple 
one. 

First of all, a simple type of linear function, frequently though not always, is 
selected to represent the average long-run underlying movement of a time series. 
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The main technique used to fit the trend line is that of least squares. Next, an 
effort is made to discover if the data contain seasonal variations. If so, they are 
eliminated by dividing the original data by a seasonal index constructed for the 
purpose. Of course, if annual data are used, seasonals do not show up and there¬ 
fore this step is unnecessary. Finally, the deseasonalized data are expressed as 
deviations, usually in percentage form, from the trend line. These relative devia¬ 
tions represent the cyclical fluctuations in the series. From these, the turning 
points and the amplitude of cycles in the series may then be examined. 

Even though the Persons method is related to specific time series, it can be 
applied equally well to indices that represent general business activities. That is, 
although this method is not directly applicable to the problem of dating business 
cycles, we could still use it to study changes in general business conditions by 
applying it to composite index numbers or to several composites, each representing 
a major field of business activity. 

; The National Bureau of Economic Research has engaged in the 'study of time 
series for about half a century under the leadership of Wesley C. Mitchell and 
Arthur F. Burns. It has developed a method of its own for analyzing time series 
in order to study the behavior of cyclical fluctuations only. This method, for 
various reasons, has been used by few investigators outside the Bureau. Neverthe¬ 
less, the Bureau has made invaluable contributions to our understanding of the 
behavior of business cycles. Its findings are frequently quoted in writings on 
economic fluctuations and forecasting. They are also often used by firms in their 
planning and are a basis of many government policies. We recommend to the 
interested student that he consult Measuring Business Cycles , by Burns and 
Mitchell, from which we quoted in Section 16.5. 


16.9 

Editing 

Time Series Data 


Before computing a trend equation or a 
seasonal index, we often find it necessary to make certain adjustments in raw 
data. The usual adjustments to be made are for price changes, population changes, 
comparability, and calendar variations. 

Raw data must be edited for price changes if we have a value series and if we 
are interested only in the quantity changes. The sales of a firm or of an industry 
may appear to have increased continuously for a number of years and thus show a 
positive trend. Yet this growth in sales may be due not to an increase in the 
physical volume of goods sold but to rising prices. If we are to have a more reliable 
picture of the growth of sales through time, the effects of price changes must be 
eliminated. Since value is the product of price and quantity, the effect of price 
changes can be eliminated by dividing each item in the value series by an ap¬ 
propriate price index. This, of course, is the familiar deflation process discussed 
in the preceding chapter. 
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The comparisons of production, income, consumption, and other series among 
nations or among regions in the same country require that raw data be adjusted 
for population changes. For example, we may find that the national income of a 
country is rising but the per capita income of that nation is actually falling because 
of a faster growth in population. To avoid distortions in the figures and confusion 
in our comparative analysis, we should express the series on a per capita basis. 
This is done by dividing each value in the series by the appropriate total popula¬ 
tion figures. 

Sometimes a series that covers a few decades may not be comparable with 
another, for a variety of reasons. First, figures for different periods of the series 
may be collected and reported by different agencies. Second, the definition of an 
item or the quality of a product may have changed through time. Changes in 
definitions have the same impact as changes in the limits of a population. The 
effects of changing quality are to produce noncomparable price quotations. Fi¬ 
nally, a series may be reported in different manners at different time intervals. 
For instance, production figures may be reported as annual monthly averages for 
some years and, for others, as annual totals. Clearly, to edit data for comparability 
is a complicated task. It differs from series to series. What we must note here is 
that it is often difficult and sometimes impossible to get strictly comparable data 
and, therefore, comparability should not be taken for granted. Also, it must be 
remembered that comparability of data throughout the period under examination 
is necessary if meaningful results are to be obtained from analysis. 

The use of the Gregorian calendar introduces an irregular yet consistent pat¬ 
tern of variations in monthly time series. Monthly data are skewed because of 
the fact that the months have varying numbers of days. For example, the month 
of February can be expected to be a special one in the statistical arrays. Again, 
national holidays and five-Sunday months produce the same sort of distortion. A 
series subjected to this kind of illogical and spurious fluctuation should be edited 
for calendar variations. Such an adjustment is made by a change that makes all 
months the same length. This is done in two simple steps. First, each monthly 
figure is divided by the number of days in that month (or by the number of work¬ 
ing days in that month if desired) in order to obtain a daily average for each 
month. Next, each of the daily averages is multiplied by the average number of 
days in a month in order to obtain comparable monthly values. The average 
number of days in a month is the adjusting factor, which is 30.4167 for ordinary 
years and 30.5 for leap years. 


16.10 

Serial Correlation 
In Time Series 


Before moving on to the traditional tech¬ 
niques of decomposing a time series, we must comment briefly on a difficult prob¬ 
lem concerning the analysis of time series. The difficulty with which we are 
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concerned is mainly the fact that a time series is not a random sample drawn from 
a population. It is, instead, a series of ordered observations over time. 

As we shall see, in the case of estimation by association, if the population 
satisfies the regression population model, we know that the method of least 
squares gives us the best unbiased linear estimate of the dependent variable if the 
deviations of observations from the regression—the population mean—are 
independently distributed. Furthermore, if the deviations are both normally and 
independently distributed, confidence limits for the estimates of parameters can 
be constructed and significance tests can be conducted. 

An observation on production, price, stocks, savings, inventory, or other 
economic variables in a given time unit is not independent of, but correlated with, 
the value of that same variable in a previous time unit. When the values of the 
adjacent observations in the same time series are correlated, we refer to this type 
of correlation as serial correlation. Sometimes, the term autocorrelation is used for 
the same concept. However, some statisticians use the two terms in two distinct 
ways. When this distinction is made, serial correlation is taken to mean the lag 
correlation in a sample and autocorrelation to mean the lag correlation in a 
population. 

Serial correlation enters into economic time series in a number of ways. First, 
when time units are too short, random terms are automatically correlated. For 
instance, if a series is reported in time units of months or weeks, then the random 
terms have to absorb the effects of the months’ being different in length, weather, 
and holidays—effects that are not random in the short period but that follow 
with the recurrence of a year. Second, the existence of the trend element in a 
series also produces serial correlation. The trend values appear in ordered se¬ 
quence, and each value is, in a sense, determined by the value that precedes it. 
Finally, cyclical variations impose a regularity among successive observations of 
the variable over time and thus introduce the same effects into the series as does 
the trend. 

In serially correlated series, successive observations do not give independent 
determinations of their respective population means. It must be realized, how¬ 
ever, that autocorrelation does not refer to the fact that the population mean of 
the series is changing. It refers, instead, to the phenomenon that the deviations of 
the successive observations from the population mean are correlated. 

With the existence of serial correlation, it is still possible to provide reasonably 
good point estimates of the parameters of the trend line. However, the phenome¬ 
non of mutual dependence of successive observations reduces greatly the number 
of degrees of freedom that are related to the number of independent observations. 
As a consequence, serial correlation invalidates the usual estimates of standard 
errors and thus prevents interval estimates and tests of significance. 

The fact that residuals are correlated when the time intervals arc too short may 
produce illusive appearances of cycles. Thus, an irregular force may raise the 
series above the mean for a number of months before the series is moved back to 
its former position. We can imagine a situation, therefore, where a time series may 
not contain any cyclical elements at all; but if it covers a long enough period, it 
would eventually form a cyclical pattern because of serial correlation in residuals. 
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The presence of serial correlation also creates difficulty in comparing two time 
series. Conformity or nonconformity of a number of points between the series may 
only be a single instance seen repeatedly. Such illusions created by serial correla¬ 
tion may lead us to unwarranted conclusions. 

Methods do exist for estimating the degree of serial correlation in time series. 
If the degree of correlation is known, it is also possible to estimate the standard 
errors for serially correlated series. Some possible tests of the randomness of time 
series samples were introduced in Chapter 14. 

In conclusion, we may say that the existence of serial correlation makes it 
impossible to use the methods previously described in this book to forecast future 
behavior of time series on the basis of its past and present behavior. Traditional 
methods can offer only descriptive measures for time series analysis. Such a con¬ 
clusion may make us feel exasperated but not completely hopeless. In spite of the 
absence of a complete body of statistical theory for forecasting in time series, the 
venture can still be made. All that we have to remember is that the application 
of forecasting methods to be discussed in the subsequent chapters will depend 
mainly upon careful formulation of problems and the judgment of experts in the 
subject matter to which the series is related. 


Glossary of Formulas 


(16.1) Y T S C I and (16.2) Y = TSCI These two formulas represent the 
most frequently used time series models. Formula (16.1), the additive model, states that the 
magnitude of the four components in a series are additive. That is, the magnitude of one ele¬ 
ment would not be affected by the magnitude of any other. Formula (16.2) is the multiplicative 
model. It states that the actual value of a variable at any time is the product of the four com¬ 
ponents. It assumes that the four components are interrelated. 


Problems 


16.1 Why is forecasting important? 

16.2 Define the following terms: (a) time 
series, (b) trend, (c) seasonal variations, and 
(d) irregular movements. 

16.3 What hypothesis or hypotheses can we 
formulate for the secular trend of an industry? 
of the whole economy? of the individual firm? 
Give reasons for each. 

16.4 Why do we wish to measure seasonal 
variations? 

16.5 Distinguish the following pairs of con¬ 
cepts: (a) business cycles and specific cycles; 
(b) duration and amplitude of cycles. 

16.6 What are the two types of irregular 
movements? How do they affect the move¬ 
ments of cycles? 


16.7 Which measure of the time series com¬ 
ponents—trend, cycle, or seasonal—do we 
need in order to make a decision in each of the 
following problem situations? 

a. An estimate of the demand for automobiles 
for 1975 is needed as a basis for planning for 
plant capacity. 

b. A manufacturer must schedule his monthly 
production for the forthcoming year. 

c. The federal government desires to estimate 
the corporate profits taxes for the next year 
in order to prepare its budget. 

d. A speculator wishes to decide, on the basis 
of past prices and earnings, whether or not 
to buy a certain common stock for possible 
short-run capital gains. 

e. An investor wishes to decide, on the basis 
of past prices and earnings, whether or not 
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to purchase a certain common stock for con¬ 
tinuous returns in the long run. 

16.8 How do the additive and multiplicative 
models of time series differ from each other? 
Why is the multiplicative model the most 
commonly used assumption in time series 
analysis? 

16.9 Since the Persons method is related to 
specific time series, it is completely incapable 
of measuring fluctuations in general business 
activity. True? 


16.10 Why is it sometimes necessary to edit 
time series data for prices changes, popula¬ 
tion changes, comparability, or calendar varia¬ 
tions? How is each of these adjustments made? 

16.11 What is meant by autocorrelation? 
What are the sources of autocorrelation? 
What difficulties does autocorrelation create 
in the analysis of time series? 

16.12 At the present state of knowledge, 
forecasting with time se'ries depends almost 
exclusively on personal judgment. Discuss. 



17 


MEASURES 

OF 

LONG-RUN 

GROWTH 


17.1 

Introduction 


This chapter will be devoted to the meas¬ 
urement of secular trend, the long-run growth, and the decline of time series. 

Among the various possible patterns of secular trends in time series, the most 
important and basic is perhaps the straight line because the growth or decline of 
many series can be assumed to proceed gradually without abrupt changes in 
direction. A straight line on an arithmetic chart represents a constant amount of 
change per time unit. A straight line on a semilogarithmic chart indicates that the 
rate of change is the same for each time period. 

When neither the arithmetic nor the geometric straight-line trend can describe 
the underlying drift of the series, a smooth curve on either an arithmetic or a 
semilogarithmic chart may have to be used. Nevertheless, it is interesting to note 
here that, very often, even if the trend of a series has curvilinearity, linear trend 
may still be used to advantage. This is done by fitting several straight lines, each 
covering a portion of the whole range of the series. The justification for this 
practice is the fact that changes in amounts or in rates of growth or decline are 
usually very slow; thus a straight line can describe adequately the average 
behavior within a short range. 

The use of several straight lines to approximate a curvilinear trend is not 
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merely for the sake of simplicity as well as ease in computation. This practice 
actually offers two real advantages in trend analysis. In the first place, for many 
purposes, it is desirable to have a measure of average (amount or rate) growth for 
a shorter period so that comparisons among the changes in different periods can 
be made. Second, a smooth curve of higher degrees is often of little value for extrap¬ 
olation, since such a curve tends to be explosive at large values of the time units. 
For the purpose of forecasting, in other words, it may be much more desirable to 
project from a straight line that covers the most recent period of the series. 

For these reasons, therefore, in the discussion that follows we shall deal pri¬ 
marily with linear trends even though methods of fitting trends by the second- 
degree parabola and moving averages will also be introduced. 

A time series treats a variable quantity, Y, as a function of time, X. The time 
unit in economic time series is usually 1 year, 1 quarter, or 1 month. Nov, if ve 
use y t to represent the trend values, the linear trend is given by the expression 

\jt = a + bx (17.D 

where, a is the trend value when x — 0, and b is the slope of the trend line, or the 
change in the value of y t per unit of time. 

In a time series chart, the origin of the X axis is at the poinl where X = 0, 
since a time series is plotted by using time as the X variable. In time series analysis, 
any unit of time can be chosen as the origin. If, for instance, v e designate 1960 
as the origin, it would have a value of a 0 n ; 1959 would be 1 \ 1961 would be 
“ + 1”; and so on. 

Obviously, to fit a straight line trend to a series, all we have to do is derive the 
values for the Y intercept and the slope. These values can be obtained by any of 
the following methods: 

(1) Freehand method 

(2) Selected points method 

(3) Semiaverage method 

(4) Least squares method 

In the following sections we shall discuss these methods in turn. 


17.2 

Freehand 

Method 


The freehand method is also called the 
graphic method in the sense that the trend line is determined by inspecting the 
graph of the series. According to this method, the trend values arc determined by 
drawing freehand a straight line through the time series data that is judged by 
the investigator to represent adequately the underlying long-term movement in 
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the scries. As an aid in establishing the line, a transparent ruler or a piece of string 
may be laid on the surface of the chart and adjusted until the properties of the 
line are determined. 

Once the freehand trend line is drawn, a trend equation for the line may be 
approximated. This is done by first reading off the trend values of the first and 
last period from the chart with reference to the freehand line. For this method, 
the first period is usually considered the origin. Thus, the trend value for the first 
period is the value of a for the equation. Then the difference between the trend 
values of the first and last period is obtained. This difference represents the total 
change in variable Y throughout the whole duration of the series. Therefore, when 
this difference is divided by the number of periods in the series, a result that rep¬ 
resents the average change in Y per time unit—the value of 6—is obtained. 

In an expert’s hand, the trend line for many series may be satisfactorily drawn, 
especially when the fluctuations around the general drift are so mild that the path 
of the trend E clearly defined. The trouble with this method is that it is too sub¬ 
jective. Even in the hands of researchers of long experience, different lines may 
be drawn for the same series. There is no formal statistical criterion, either, 
whereby the adequacy of such a line can be judged. Furthermore, although this 
method appears simple and direct, in actuality, as experienced statisticians can 
verify, it is very time-consuming to construct a freehand trend if a careful and 
conscientious job is done. For these reasons, the freehand method is not recom¬ 
mended for beginners. 


17.3 

Selected Points 
Method 


To construct a trend line by the selected 
points method, we select two actual points in the series, Vl and p 2 , usually taken, 
respectively, from the beginning and the end of the series, which are deemed 
characteristic of the original data; a straight line is then drawn through these two 
points. In this method, p 1 may be conveniently considered as the origin of the X 
axis. The original value for p h then, is the Y intercept. To get the value of the 
slope of the straight line we divide the difference between the two selected points 
by the number of time units separating them, t; that is, 


As an illustration of this method, we shall use the data in Table 17.1 that has 
been plotted in Figure 17.1. From this figure, it can be observed that a straight 
line that goes through the two points of 1957 and 1965 seems to describe the 
general drift of the series quite well. Thus, we may decide to select 1957 as Pl and 
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Millions of 
dollars 



Figure 17.1 Trend line by selected points for new plant and equipment expenditures, 
1956-1968. (Source: Table 17.1.) 


1965 as p 2 and from Table 17.1, we find 


= a = $20.6 million 
p 2 - $28.7 million 


Consequently, 

= 28.7 - 2(16 = | lt oi25 million 
1965 - 1957 


TABLE 17 1 NEW PLANT AND EQUIPMENT EXPENDITURES OF 
ALPHA CORPORATION, 1956-1968 
(MILLIONS OF DOLLARS) 

COMPUTATION OF STRAIGHT-LINE TREND BY SELECTED 
POINTS METHOD 


Year 

Expenditure 

(y) 

X 

1956 

14.8 

- 1 

1957* 

20.6 

0 

1958 

22.1 

1 

1959 

19.3 

2 

1960 

20.6 

3 

1961 

25.6 

4 

1962 

26.5 

5 

1963 

28.3 

6 

1964 

26.8 

7 

1965* 

28.7 

8 

1966 

35.1 

9 

1967 

37.0 

10 

1968 

30.5 

11 

* Selected points. 


T “T” |! 

Trend Value 

iyt) 


19.6 

20.6 

21.6 

22.6 

23.6 

24.6 

25.7 

26.7 

27.7 

28.7 

29.6 

30.7 

31.7 
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With this information, we can write the trend equation for the series as 

2 h = 20.6 + 1.0125.r 

(Origin, 1957; time unit, 1 year; Y, annual total new plant and equipment 
expenditures of Alpha Corporation, 1956-1968.) 

, th ®, trend equation 80 determined, the trend values for all periods can now 

be obtained by simply substituting values of X into the equation. It should be re¬ 
membered here that this method provides only approximations of trend values 
This method is a refinement of the freehand method. It is a useful device with 
vhich to get a quick approximation of the trend. However, it also suffers from 
subjectivity because the selection of representative points is left to the judgment 
of the investigator. 


17.4 

Semiaverage 

Method 


a • A1 , , 10 determine the trend values by the 

emiaverage method, first the series in question is divided into two equal seg¬ 
ments, then the arithmetic mean for each part is computed. Finally, a straight 
line passing through these two averages is drawn to provide the trend for the 
senes. Each average furnishes the trend value for the middle time period of the 
corresponding segment. When the series includes an odd number of periods, there 
are three ways of separating the series: 


L f 1° f t ! le va ue ° f the middle P eriod t0 the total value of each part. 
( ) Add the total value of the middle period to the total value of each part. 

( ) rop the value of the middle period from the computations of the 

averages. 


With the semiaverage method, the middle time unit is considered as the origin, 
and the values of the Y intercept and slope of the straight line are derived by 
applying the following equations : 


Si + Sj 

ti + c 


(17.3) 


b = 


(17.4) 


where h and f, refer, respectively, to the number of time units for the first and 
second segment m the series, and n is the total number of period in the series. 

s an illustration of this method, we use the data in Table 17.2. This series 
contains lo years and is divided into two parts with 7 years in each, the middle 
>ear being dropped. The arithmetic mean for the first half is 12.6 and that for 
the second, 18.0. The straight-line trend drawn through these two points is shown 
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in Figure 17.2. Furthermore with these two average values, we have 


a 


88.2 + 125.8 
7 + 7 


$15.3 million 


125.8 - 88.2 
7(15-7) 


$0.67 million 


Thus, the trend equation becomes 


y t = 15.3 + 0.67a; 

(Origin, 1961; time unit, 1 year; F, volume of department store sales in the 
South in the United States, 1954-1968.) 

As before, the trend value for each year can now be determined by substituting 
the x value for that period in the trend equation. Trend values for all the years 
for the entire series are entered in the last column of Table 17.2. 

Obviously, the semiaverage method is not a subjective one. The slope of the 
trend line now depends upon the difference between the averages that are com¬ 
puted from the original values, with each average’as typical of the level of that 
segment of the data. This method, however, is not entirely free from drawbacks. 
The most serious defect here is inherent in the nature of the arithmetic mean, 
which can be unduly affected by extreme values in either half of the series. If it 
so happens that one part contains more depressions or fewer prosperities than the 
other, then the trend line is not a true representation of the secular movements of 
the series. This danger is more severe the shorter the time period represented by 
the average. Consequently, trend values obtained are not precise enough for the 
purpose either of forecasting the future trend or of eliminating trend from original 

TABLE 17.2 VOLUME OF DEPARTMENT STORE SALES IN THE 
SOUTH IN THE UNITED STATES, 1954-1968 
(MILLIONS OF DOLLARS) 

COMPUTATION OF TREND BY SEMIAVERAGE METHOD 


Year 

X 

Export 

Semiaverage 

Trend Value 

1954 

-7 

9.5 


10.6 

1955 

-6 

14.3 


11.3 

1956 

-5 

12.5 


11.9 

1957 

-4 

11.9 

12.6 

12.6 

1958 

-3 

10.1 


13.3 

1959 

-2 

14.9 


13.9 

1960 

-1 

15.0 


14.6 

1961 

0 

15.1 


15.3 

1962 

1 

15.0 


16.0 

1963 

2 

15.4 


16.6 

1964 

3 

18.9 


17.3 

1965 

4 

20.7 

18.0 

18.0 

1966 

5 

17.7 


18.6 

1967 

6 

17.6 


19.3 

1968 

7 

20.5 


20.0 
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Millions of 
dollars 



Figure 17.2 Trend line by semiaverage method for volume of department store 
sales in the South in the United States, 1954-1968. (Source: Table 
17.2.) 


data. We shall now turn to the fourth method of computing trend, one that 
promises to yield more satisfactory results. 


17.5 

Least Squares Method: 
General Comments 


Although the three methods so far dis¬ 
cussed have certain defects, each is capable, under certain circumstances, of pro¬ 
viding a satisfactory trend for practical purposes. Their application is nevertheless 
rather limited. The main objection to all subjective methods is that the investi¬ 
gator determines what answer he seeks and then proceeds to determine it. 

A convenient device for obtaining an objective fit of a straight line to a series 
of data is the method of least squares. An important theorem in mathematical 
statistics, known as the Markoff theorem, states that for a given condition the 
line fitted by the method of least squares is the line of the “best” fit in a well- 
defined sense./‘Best” is employed here to mean that the estimates of the constants 
A and B are the best linear unbiased estimates of those constants. 

The method of least squares accomplishes two objectives simultaneously. The 
first is that the sum of the vertical deviations of the observed values from the 
fitted straight line equals zero. This objective can, of course, be met by any 
straight line that passes through x and y. Second, the sum of the squares of all 
these deviations is less than the sum of the squared vertical deviations from any 
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other straight line. This property, however, is not shared by other straight lines. 
Furthermore, when a line is fitted to meet the second requirement, the first is 
automatically fulfilled. It is because of this second property that the name “least 
squares” is derived. 

The method of least squares has the desirable characteristic of being simple 
to apply. The simplicity of application is due to the fact that the best-fitted line 
is automatically obtained when derived formulas for the least squares method are 
applied to observed data. 

When the trend component can be expressed properly by a straight line of the 
form 

y t = a + bx + e 

where a and b are constants, X is the time variable, and e is an independent random 
variable with 0 mean and constant variance, then the method of least squares 
will yield the best linear unbiased estimates of A and B. Thus, the most satis¬ 
factory measurement of trend is obtained by the least squares method when the 
deviations from the trend values are distributed normally. In practice, however, 
the cs do not meet the criteria of being independent and random variables with 
constant variance. This is mainly because the raw data, to which we fit the trend 
line, have a cyclical component. Thus, e contains both cyclical and random 
movements. 

Because of failure of time series data to meet the necessary assumptions, we 
cannot say that the least squares trend line is better than any other trend line. 
Moreover, in the absence of these conditions, very nearly the same result may be 
obtained by careful application of any of the previous methods introduced. Never¬ 
theless, statisticians have become accustomed to using least squares; because the 
method does have the advantage of objectivity, it is frequently employed. 

The method of least squares can be used not only to fit a straight line but also 
to fit nonlinear trends. We shall use it in the next two sections to calculate arith¬ 
metic and geometric straight line trends and, later, to compute a second-degree 
parabola line. 

To derive the values of constants a and b in a linear equation by the least 
squares method we are required to solve the following two normal equations 
simultaneously: 

= na + b'Lx 
\'Exy = aZx + b2x 2 

The solution of a and b from these equations in the case of time series analysis is 
greatly simplified by using the middle of the series as the origin. Since the time 
units in a series are usually of uniform duration and are consecutive numbers, 
when the middle period is taken as the origin, not only the mean of the time 
variable, x, but also the sum of time units, 2x, will be zero. As a result, the two 
normal equations become 

= na 

Exy — bXx 2 
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from which we can then derive 


a = 


2 y 

n 


and 


b 


'Zxy 

Sz 1 2 3 4 5 


(17.5) 


(17.6) 


It will be recognized that (17.5) is the equation for the arithmetic mean of Y. 
Thus, a, the value of Y at the origin, is the arithmetic mean of the Y variable. 
The value of b, of course, is the average amount of change in the trend values per 
unit of time. 

The student is again reminded that in computing trend it is convenient to use 
the middle of the series as the origin. Now, we may note that if the series contains 
an odd number of periods, the origin is the middle of the middle period. Thus, if 
the series extends from 1956 to 1968, in years, the origin is taken at the end of 
June, 1962. If an even number of periods is involved, the origin is set between the 
two middle periods. Thus if the series covers a period from 1956 to 1967, again 
in years, the origin then falls between 1961 and 1962; that is, midnight, December 
31, 1961. In the next section we shall present the general procedure for computing 
the arithmetic straight-line trend by the least squares method. 


17. S 

Least Squares 
Arithmetic 
Straight-Line Trend 


According to our theoretical knowledge 
of an economic time series, if we think it appropriate to compute a straight-line 
trend, we first plot the data as a further check on the justification of using a 
straight line to describe the average long-run behavior of the series. If we are sat¬ 
isfied with our conclusion, we may proceed to compute the trend by the least 
squares method. This method is illustrated by the data in Table 17.3, which con¬ 
tains an odd number of years. The general procedure is as follows: 

(1) Locate the middle of the time period (in our example it is 1962) and assign 
to it an X value of zero. Thus, the X value for 1961 becomes — 1; for 1960, —2; 
and so on. Conversely, to every year more recent than the year of origin, consecu¬ 
tive positive values of X are assigned. (See column 2.) 

(2) Square the zs and sum up the products to obtain 2x 2 . (See column 3.) 

(3) Sum up the original values of the Y variable to obtain Zy. (See column 4.) 

(4) Multiply x by y for each year and sum up these products to obtain 'Zxy. 
(See column 5.) 

(5) Now we have all the quantities to compute the values of a and 6. For our 
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example, 


zy 

1,201.3 

- = 92.4 millions 

n 

13 

'Zxy _ 

331 3 

’ = 1.82 millions 

Sz 2 “ 

182 


(6) Write the equation of the trend line by substituting the results in step 
(5). The origin, time unit, and information about the Y variable must be attached 
to the trend equation. For our example, we have 

y t = 92.4 + 1.82s 

(Origin, 1962; time unit, 1 year; F, annual total coffee production, 1956-1968, 
in millions of pounds.) 

(7) Compute the trend values by substituting the X values for each year in 
the trend equation. For instance, in our example, the trend value for 1956 is 

2/1956 = 92.4 + 1.82( —6) = 81.5 millions 

(8) Plot two trend values on the chart for the original data and draw,a straight 
line through the two trend values and the original data as shown in Figure 17.3. 

The result of our example seems to justify the application of the least squares 
method to construct a straight-line trend for coffee production data. Not only is 
the general drift of the data clearly linear in nature; there are no extreme devia¬ 
tions from the trend. 

If we wish to compute a least squares arithmetic straight-line trend for a series 
that contains an even number of periods we follow the same general procedure 
described above except for the method of assigning values to the time units. 

Millions of 
pounds 



Figure 17.3 Least squares arithmetic straight-line trend for coffee production in 
South America, 1956-1968. (Source: Table 17.3.) 
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TABLE 17.3 COFFEE PRODUCTION IN SOUTH AMERICA, 1956-1968 
(IN MILLIONS OF POUNDS) 

COMPUTATION OF LEAST SQUARES ARITHMETIC STRAIGHT-LINE TREND 


Year 

(1) 

X 

(2) 

z 2 

(3) 

Production 

y 

(4) 

xy 

(5) 

Trend Value 

yt 

(6) 

1956 

-6 

36 

82.3 

-493.8 

81.5 

1957 

-5 

25 

95.6 

-478.0 

83.3 

1958 

-4 

16 

81.3 

-325.2 

85.1 

1959 

-3 

9 

76.4 

-229.2 

87.0 

1960 

-2 

4 

92.8 

-185.6 

88.9 

1961 

-1 

1 

83,4 

- 83.4 

90.6 

1962 

0 

0 

88.2 

00.0 

92.4 

1963 

1 

1 

96.1 

96.1 

94.2 

1964 

2 

4 

89.1 

178.2 

96.0 

1965 

3 

9 

112.2 

336.6 

97.9 

1966 

4 

16 

100.4 

401.6 

99:7 

1967 

5 

25 

106.9 

534.5 

101.5 

1968 

6 

36 

96.6 

579.6 

103.3 

Total 

0 

182 

1201.3 

331.3 



Consider the series in Table 17.4, which has 12 years. Now, if we decide that the 
origin falls at the middle of the series, it would be between 1951 and 1952. Thus, 
the middle of 1951 is six months less than the origin and the middle of 1952 is six 
months more than the origin. Furthermore, if we wish to keep the time unit at 1 
year, then clearly the x value for 1951 is -0.5, that is, a half unit before the origin. 
The middle of 1950 is one unit and a half before the origin and thus has a value of 
-1.5, and so on. Similarly, consecutive positive values of 0.5, 1.5, 2.5, and so on 
should be assigned to every year more recent than the origin. An alternative 
method is to consider the time unit as six months. Then each year has two time 
units and for each year prior to the origin, consecutive negative values of — 1, 
— 3, —5, and so on, should be assigned. Likewise, for more recent years, the X 
values are 1, 3, 5, and so forth. 

Table 17.4 and Figure 17.4 illustrate the computation of a least squares arith¬ 
metic straight-line trend for data that have an even number of years. For the 
data in this table we have the values of the Y intercept and the slope of the trend 
line as 


a = 

b = 


38,737 

12 

-28,703 

143 


= 3228 and 


= -200.7 


both of which are in thousands of square feet of radiation. Thus, the trend equa¬ 
tion becomes 


y t = 3,228 - 200.7# 
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(Origin, 1951-1952; time unit, 1 year; Y, monthly average shipment of radia¬ 
tors and convectors, 1940-1957, in thousands of square feet of radiation.) 

TABLE 17.4 SHIPMENTS OF RADIATORS AND CONVECTORS, 1946-1957 
(MONTHLY AVERAGE IN THOUSANDS OF SQUARE FEET OF RADIATION) 
COMPUTATION OF LEAST SQUARES ARITHMETIC STRAIGHT-LINE TREND 


Year x 

(1) (2) 


X 2 

(3) 


Shipment 

y 


(4) 


xy 

(5) 


Trend Value 
Vt 
(6) 


1946 

-5.5 

1947 

-4.5 

1948 

-3.5 

1949 

-2.5 

1950 

-1.5 

1951 

-0.5 

1952 

0.5 

1953 

1.5 

1954 

2.5 

1955 

3.5 

1956 

4.5 

1957 

5.5 

Total 

0.0 


30.25 

3,179 

20.25 

4,727 

12.25 

5,028 

6.25 

2,991 

2.25 

4,015 

0.25 

3,543 

0.25 

3,075 

2.25 

2,639 

6.25 

2,412 

12.25 

2,572 

20.25 

2,464 

30.25 

2,074 

143.00 

38,737 


-17.584 

4,332 

-21,272 

4,131 

-17,598 

3,930 

- 7,478 

3,730 

- 6,022 

3,529 

- 1.772 

3,328 

1,538 

3,128 

3,958 

2,927 

6,030 

2,726 

9,002 

2,526 

11,088 

2,325 

11,407 

2,124 

-28,703 



Source: Business Statistics, 1958. 


As has been previously pointed out, our interest in trend analysis is not con¬ 
fined to determining the growth pattern of a series in the past. We are also con¬ 
cerned with forecasting trend values. To forecast trend values, we use the same 
technique that we use to compute the trend values for periods covered by the 
series. For instance, if we are interested in forecasting the trend value of shipments 


Thousands of 
square feet 
of radiation 



Figure 17.4 Least squares arithmetic straight-line trend for shipments of radiators 
and convectors in the United States, 1946—195/. (Source: T^ble 17.4.) 
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of radiators and convectors for 1960, we simply observe that 1960 is 8.5 years 
ahead of the origin for the trend equation we have just established, and thus 


y i960 - 3,228 - 200.7(8.5) = 1522 


We may then state that, under the assumption that the same trend factors that 
produced the trend equation for 1946 and 1958 will remain operative, the average 
monthly shipments of radiators and convectors will have a trend value of 1522 
thousands of square feet of radiation in 1960. 


17.7 

Least Squares 
Geometric 
Straight-Line Trend 


The arithmetic straight-line trend is 
appropriate when there is reason to believe that the time series is changing, on the 
average, by equal absolute amounts each time period. Sometimes, however, we 
may believe the growth influence to Be such that it causes the absolute amounts of 
the Y variable to increase more rapidly in later time units than in earlier ones. 
When this is the case, if a trend is to be fitted to the original data plotted on the 
natural number-scale, a curvilinear instead of the simple linear description would 
be necessary. The same data when plotted on a semilogarithmic scale, however, 
may very often reveal linear average relationship. (A straight line on a semiloga¬ 
rithmic scale, as may be recalled, is referred to as a geometric straight line, indicat¬ 
ing that the change in Y per unit of X is at a constant rate.) In other words, a 
straight line would seem to describe the trend of the series plotted on a semiloga¬ 
rithmic chart. If theoretical considerations permit, we may then express the 
growth pattern of the series by a geometric straight line. 

To fit a geometric straight line, trend values are computed from the logarithms 
of the data instead of the original data. Thus the trend values obtained by 
this method will be logarithms of trend values and could be related to logarithms 
of the data. It is, however, more useful in practice to find the antilogs that will 
give trend values in natural numbers and that can be compared with the actual 
values of the data. 

In fitting a straight line to the logarithms of the data by the least squares 
method, the procedure employed is identical with that for an arithmetic straight 
line presented in the previous section. The only difference is that logarithms of 
the original data instead of the natural numbers are used throughout. The normal 
equations are now written as follows: 


1. Slog y = n (log a) + log b(2x) 

2. Sz (log y) = log a(2x) + log b(2x 1 2 ) 


(17.7) 
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Again, as before, if we set the origin at the middle of the series, the formulas for 
the Y intercept and slope become 


log a = 


S logy 
n 


(17.8) 


log b = 


Xx (log y) 
2x 2 


(17.9) 


With the values of a and b, the logarithmic straight line equation can now be 
written 

log y t = log a + x (log b) (17.10) 

As an example of fitting a geometric straight-line trend, we use'the data of 
monthly average production of crude petroleum in the United States from 1945 
to 1958. The original data and the various computations for the trend are pre¬ 
sented in Table 17.5. The general procedure for calculating this trend is outlined 
below: 

(1) Plot the natural values of both xs and ys on semilogarithmic paper, with 
the logarithmic scale extending along the Y axis. 

(2) Examine the data analytically on the basis of economic theory and observe 
them graphically to determine if a geometric straight line can reasonably describe 
the general drift of the series. If the answer is affirmative: 

(3) Set the origin at the middle of the series and assign the X values to each 
year. 

(4) Square the X values and obtain 2(x 2 ). 

(5) Find the logarithms of all Y values and obtain 2 log y. 

(6) Multiply the logarithms of each Y value by the X value of that year and 
sum up these products to get 2(z log y). 

(7) Compute the Y intercept and the slope with the quantities obtained in the 
previous steps. For our illustrative series, they are 


log a = 


log b = 


S_logj/ = 3L5667 = ^ 
n 14 

frg.yl - 3 :? t 2 gg _ 0.014694 

2x 2 227.5 


(It may be noted that a is the logarithmic value of trend at the origin and that b 
is the logarithm of the rate of change per unit of time stated as a ratio.) 

(8) Write out the trend equation in logarithmic terms. For our example, it is 


log y t = 2.25477 + 0.014694x 

(Origin, 1951-1952; time unit, 1 year; 7, monthly average crude petroleum 
production, 1945-1958, in millions of barrels.) 



550 MEASURES OF LONG-RUN GROWTH 


TABLE 17.5 CRUDE PETROLEUM PRODUCTION IN THE UNITED STATES, 1945-1958 
(MONTHLY AVERAGES IN MILLIONS OF BARRELS) 
COMPUTATION OF GEOMETRIC STRAIGHT-LINE TREND 


Year 

0) 

X 

(2) 

z 2 

G) 

y 

(4) 

log y 

(5) 

x (log y) 

m 

log y t 

(7) 

Vt 

(8) 

1945 

-6,5 

42.25 

142.8 

2.15473 

-14.005745 

2.15926 

144.3 

1946 

-5,5 

30.25 

144.5 

2.15987 

-11.879285 

2.17395 

149.3 

1947 

-4,5 

20.25 

154.7 

2.18949 

- 9.852706 

2.18865 

154.4 

1948 

-3.5 

12.25 

168.3 

2.22608 

- 7.791280 

2.20334 

159.7 

1949 

-2.5 

6.25 

153.5 

2.18611 

- 5.465275 

2.21804 

165.2 

1950 

-1.5 

2.25 

164.5 

2.21617 

- 3.324255 

2.23273 

170.9 

1951 

-0.5 

0.25 

187.3 

2.27254 

- 1.136270 

2.24742 

176.8 

1952 

0.5 

0.25 

190.8 

2.28058 

1.140290 

2.26211 

182.9 

1953 

1.5 

2.25 

196.4 

2.29314 

3.439710 

2.27681 

189.2 

1954 

2.5 

6.25 

192.9 

2.28533 

5.713325 

2.29150 

195.7 

1955 

3.5 

12.25 

207.0 

2.31597 

8.105895 

2.30620 

202.4 

1956 

4.5 

20.25 

218.1 

2.33846 

10.523070 

2.32089 

209.4 

1957 

5.5 

30.25 

218.1 

2.33846 

12.861530 

2.33559 

216.6 

1958 

6.5 

42.25 

204.1 

2.30984 

15.013960 

2.35028 

224.0 

Total 

0.0 

227.50 

2543.0 

31.56677 

+ 3.342965 




Source: Business Statistics, 1959. 


(9) Get the trend values in logarithmic terms. This is done simply by sub¬ 
stituting the X values in the trend equation. (See column 7 in Table 17.5.) 

(10) Look up the antilogs of the logarithmic trend values. The results are, of 
course, trend values in natural numbers. 

(11) Plot two or more natural number trend values to locate the trend line 
on the semilogarithmic chart. 


Millions of 
barrels 



Figure 17.5 Geometric straight-line trend for United States crude petroleum pro¬ 
duction, 1945-1958. (Source: Table 17.5.) 
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In fitting the trend with this procedure, we satisfy the condition that the sum 
of the squares of the logarithmic deviations is a minimum. That is, the deviations 
to which this condition relates are the differences between logarithms of the 
original values and the logarithms of the trend values. The geometric straight 
line, therefore, should not be thought of as the same as the least squares arithmetic 
straight line for which the sum of the squares of natural number deviations is a 
minimum. 

When we use this method, it should also be remembered that both the Y 
intercept and the slope are logarithmic values. It can be seen, from equation 
(17.8), that log a is the logarithm of the geometric mean of the series) The antilog 
of this value is the trend value in natural numbers at the origin. In our illustra¬ 
tive problem, the antilog of 2.25477 is 179.8, which is, therefore, the trend value 
between 1951 and 1952. 

Log b is the logarithm of the ratio of each time unit to the preceding time unit. 
In our example the value of log b is 0.014694, which is the logarithm of 1.035. This 
value of 1.035 is the ratio of the trend value of each year to the preceding year. 
To facilitate the interpretation of this value, we usually express it as a percentage 
and then deduct 100 from it. The result is the constant rate of change in Y per 
unit of X. For the series under consideration, we have 103.5 — 100 =* 3.5 percent. 
Thus we state: The average monthly crude petroleum production increases, on 
the average, at a constant rate of 3.5 percent per year. 

The property of b for a geometric straight line is of considerable significance. 
When it has been transformed into a pure percentage it defines the ayerage annual 
rate of growth or decline of the series. Being an abstract measure, it permits 
comparison of trends, all described by straight lines on ratio paper, of series with 
different original units. Series, such as production of all kinds, population, or 
national income, become immediately comparable, and conclusions about the 
direction and magnitude of economic activities can be readily drawn. This meas¬ 
ure, consequently, provides an effective device for the study of the socioeconomic 
changes in a nation. 

It may also be noted that the original trend equation for the geometric straight 
line is of the exponential form 

Vt = ab x 

which, by using logarithms, becomes 

log y t = log a + x (log b) 


Thus, the illustrative result 

log y t = 2.25477 + 0.014694a; 
can also be written in the form 

y t = 179.8(1.035)* 

For further discussion of the properties of the exponential equation, see Chapter 

20 . 






Figure 17.6. Illustration of some typical forms of trend equations. 
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ever a curve instead of a straight line is necessary to describe the general drift of 
a series, we must be careful not to fit a high-degree parabola to the (lata because, 
if we do, we are almost certain to mix trend with cycle. Moreover, observation of 
Figure 17.6 will show that none of polynomials of second or higher degrees can 
be projected very far without going off the page. We shall therefore give only an 
illustration of fitting a second-degree parabolic trend, and comment briefly on the 
nature of the third-degree polynomial. No more will be said about higher-degree 
polynomial trends, since they are not very useful in practice. 

The general equation of the second-degree parabolic trend is 

y t = a + bx + cx 2 (17.12) 

where a is still the Y intercept, b is the slope of the curve at the origin, and c is the 
rate of change in the slope. It should be noted that, just as b is a constant in the 
first-degree curve, c is a constant in the second-degree curve. Here the c value 
determines whether the curve is concave or convex and the extent to which the 
curve departs from linearity. The second-degree curve, as shown in Figure 17.6, 
has curvilinearity without change of inflection and c determines the existence or 
nonexistence of curvilinearity under these conditions. 

Since there are three constants in the second-degree power curve, if it is to be 
fitted by the method of least squares to a series, three normal equations, as given 
below, are required: 

1. Xy = na + bXx -f- cXx 2 

2. Xxy = aXx -f- bXx 2 -f- cXx 3 ( 17 . 13 ) 

3. Xx 2 y = aXx 2 -f bXx 3 -f cXx 4 

When the middle of the time series is taken as the origin, then all the sums of the 
odd powers of x become zero, and the three normal equations are reduced to 

1. Xy = na -f- cXx 2 

2. Xxy = bXx 2 

3. Xx 2 y = aXx 2 -f c2:c 4 


A little algebraic manipulation with these equations will show that 

nXx 2 y — Xx 2 Xy 
C ~ nXx 4 - (Xx 2 ) 2 

Xy — cXx 2 

a =-—-■ 

n 


(17.14) 

(17.15) 


Xxy 

Xx 2 


(17.16) 


To obtain the constant values for a second-degree parabolic trend, therefore, 
we need five sums, which are Xx 2 , Xx 4 , Xy, Xxy, and Xx 2 y. Table 17.6 illustrates 
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TABLE 17.6 SYNTHETIC RUBBER PRODUCTION IN THE UNITED STATES, 1944-1958 
(MONTHLY AVERAGES IN THOUSANDS OF LONG TONS) 
COMPUTATION OF SECOND-DEGREE PARABOLIC TREND 


Year 

(1) 

X 

(2) 

X 2 

(3) 

X* 

(4) 

(y) 

(5) 

xy 

(6) 

xhy 

(7) 

(yt) 

(8) 

1944 

-7 

49 

2,401 

63.6 

-445.2 

3,116.4 

63.1 

1945 

-6 

36 

1,296 

68.4 

-410,4 

2,462.4 

58.2 

1946 

-5 

25 

625 

61.7 

-308.5 

1,542.5 

- 54.4 

1947 

-4 

16 

256 

42.4 

-169.6 

678.4 

51.8 

1948 

-3 

9 

81 

40.7 

-122.1 

366.3 

50.3 

1949 

-2 

4 

16 

32.8 

- 65.6 

131.2 

50.0 

1950 

-1 

1 

1 

39.7 

- 39.7 

39.7 

51.0 

1951 

0 

0 

0 

70.4 

0.0 

0.0 

53.1 

1952 

1 

1 

1 

66.5 

66.5 

66.5 

56.3 

1953 

2 

4 

16 

70.7 

141.4 

282.8 

60.8 

1954 

3 

9 

81 

51.9 

155.7 

467.1 

66.4 

1955 

4 

16 

256 

80.9 

323.6 

1,294.4 

73.2 

1956 

5 

25 

625 

90.0 

450.0 

2,250.0 

81.2 

1957 

6 

36 

1,296 

93.2 

559.2 

3,355.2 

90.3 

1958 

7 

49 

2,401 

87.9 

615.3 

4,307.1 

100.6 

Total 

_ 0 

280 

9352 

960~8 

750.6 

20,360.0 



Source: Business Statistics, 1959. 


the procedure of obtaining these totals. For that series, we have 


c 


a 


(15) (20,360) - (280) (960.8) 
(15) (9352) - (280) 2 


0.58785 


960.8 - (0.58785) (280) 
— 


53.08 


750.6 

280 


2.6807 


With these values, the trend equation becomes 

y t = 53.08 + 2.6807# -f 0.58785# 2 

(Origin, 1951; time unit, 1 year; Y, average monthly synthetic rubber pro¬ 
duction, 1944-1958, in thousands of long tons.) 

The trend values are obtained by substituting the xs and # 2 s into the trend 
equation. To draw curvilinear trends, it is advisable to plot all the trend values 
on the chart. The trend drawn through the original data for our example is shown 
in Figure 17.7. 

It may be pointed out that the value of b in a second-degree power curve is 
identical with that in the straight-line trend for the same series if the second- 
degree curve is fitted from the middle of the series. In our present situation, 
furthermore, the positive value for b is responsible for the general upward drift, 
and the positive value of c makes the curve convex to the X axis. Conversely, 
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negative values of b and c will make the curve have a downward driff concave to 
the base. It is the characteristic of a second-degree curve that it changes its 
direction only once. 

It is also important to note that when the values of x 2 become larger at the 
extremes of the series, the influence of c upon the trend increases and thereby 
the departure from linearity becomes quite marked. This limits somewhat the 
usefulness of this type of trend for the purpose of forecasting trend values. 

Now, a few words on the third-degree parabolic trend. This trend curve has 
this general equation 

y t — a + bx + cx 2 + dx 3 (17.17) 

which has four constants, and therefore to fit it four normal equations are required. 
The addition of the constant d reflects the fact that the concavity of the cubic 
curve changes from one point on the curve to another. Thus, it is quite possible 
for a curve of this type, by changing its concavity, to reverse the direction of the 
bend. It may actually assume an S shape. It is therefore a very flexible curve and 
provides a reasonably good description of some economic time series, especially 
if the period covered is relatively long. However, as has already been mentioned, 
the flexibility of higher-degree polynomials, such as this, is actually its weakness 
as well. This is so because when such a curve follows the data too closely it may 
fail to reveal the persisting and irreversible general drift of the series under the 
strong influences of cyclical fluctuations. 

Thousands of 
long tons 



Figure 17.7 Second-degree parabolic trend for United States synthetic rubber pro¬ 
duction, 1944-1958. (Source: Table 17.6.) 
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17.9 

Method of 
Moving Averages 


A moving average may be considered as 
an artificially constructed time series in which each periodic figure is replaced by 
the mean of the value of that period and those of a number of the preceding 
and succeeding periods. Although the computation of moving averages is simple 
and straightforward, this measure is not without theoretical and technical inter¬ 
est. The properties and utility of moving averages can perhaps be brought out 
more vividly by a hypothetical illustration. Hypothetical data in Table 17.7 are 
assumed to have a uniform cyclical duration of 5 years and equal amplitude of 2 
units. Three-year and five-year moving averages are fitted to the data. The proce¬ 
dure for calculating three-year moving averages is as follows: 

(1) Compute the three-year moving totals. This is done by adding up the 
values of the first three years and centering at the second year. This is the first 
three-year moving total. Then the value of the first year is dropped and the value 
of the fourth year is added to form the second three-year moving total, which is 
centered at the third year. And so the computation moves through the end of the 
series. The three-year moving totals are entered in column 3 of Table 17.7. 


TABLE 17.7 COMPUTATION OF THREE-YEAR AND FIVE-YEAR MOVING AVERAGES FOR 
HYPOTHETICAL DATA OF A FIVE-YEAR CYCLE WITH UNIFORM DURATION 
AND AMPLITUDE 


Year 

(1) 

Original 

Value 

(2) 

Three-Year 

m.t. 

(3) 

Three-Year 

m.a. 

(4) 

Five-Year 

m.t. 

(5) 

Five-Year 

m.a. 

(6) 

1 

1 





2 

2 

6 

2.0 



3 

3 

7 

2.3 

9 

1.8 

4 

2 

6 

2.0 

10 

2.0 

5 

1 

5 

1.7 

11 

2.2 

6 

2 

6 

2.0 

12 

2.4 

7 

3 

9 

3.0 

13 

2.6 

8 

4 

10 

3.3 

14 

2.8 

9 

3 

9 

3.0 

15 

3.0 

10 

2 

8 

2.7 

16 

3.2 

11 

3 

9 

3.0 

17 

3.4 

12 

4 

12 

4.0 

18 

3.6 

13 

5 

13 

4.3 

19 

3.8 

14 

4 

12 

4.0 

20 

4.0 

15 

3 

11 

3.7 

21 

4.2 

16 

4 

12 

4.0 

22 

4.4 

17 

5 

15 

5.0 

23 

4.6 

18 

6 

16 

5.3 

24 

4.8 

19 

5 

15 

5.0 



20 

4 
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(2) The three-year moving averages are obtained simply by dividing each of 
the three-year moving totals by 3. These values for our example are entered in 
column 4 of Table 17.7. 

A similar procedure is used to compute the five-year moving averages. In a 
five-year moving average, the value of each year is replaced by the mean of the 
values of the five successive years of which two precede and two succeed the given 
year. Both five-year moving totals and moving averages are, of course, centered 
in the middle of the respective five-year periods, with the first five-year moving 
total and the moving average entered in the third year. Columns 5 and 6 in Table 
17.7 illustrate the computation of five-year moving averages. It may also be 
pointed out in passing that in computing moving averages for an even number 
of periods, the procedure becomes more complicated. Such a procedure will be 
discussed in the next chapter. 

The results of our calculations are plotted with original data in Figure 17.8. 
Both sets of moving averages may be considered as the statistical expression of 
secular movement of our hypothetical series. 

By studying Table 17.7 and Figure 17.8, we can reach several conclusions 
about the characteristics of moving averages: 

(1) If the data show a periodic fluctuation, moving average of equal length 
period will completely eliminate the periodic variations. 

(2) If the series changes on the average by a constant amount'per time unit 
and its fluctuations are periodic, a moving average of equal length will be linear. 

(3) Even if the data show a periodic fluctuation, a moving average of unequal 
length period, no matter how small the difference is between the duration of 
periodicity of original series and the duration of the moving average, the moving 
average cannot obliterate completely the periodic variations in the original series. 



i _ l i _L I 1 _!_L _.i_1 L _J_L_ _L—J_L -1-i- . J—J-1 

0 1 3 5 7 9 11 1315 17 19 


Figure 17.8 Three-year and five-year moving average trends fitted to hypothetical 
data of a five-year cycle with uniform duration and amplitude. 
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The averaging process then only tends to smooth out somewhat the short-run 
highs and lows. 

(4) From the preceding paragraph it may be deduced that if the data fluctu¬ 
ates without periodicity, a moving average would only have the effect of eliminat¬ 
ing the lesser variations to some extent and therefore smooth the general ap¬ 
pearance of the time series. 

With these properties in mind, we can see that the moving average may con¬ 
stitute a satisfactory trend for a series that is basically linear and that is regular 
in duration and amplitude. But these conditions are seldom met by any economic 
time series. In connection with the use of the moving average as a trend measure, 
there are two disadvantages. The first is that in computing moving averages we 
lose some years at each end of the series. For instance, we lose two years at each 
end with the five-year moving average. Had we computed a seven-year moving 
average, we would have lost three years at each end. 

The second drawback, which is still more serious, is that the moving average 
is not represented by some mathematical function and, therefore, is not capable 
of objective projection into the future. Since one of the main objectives of trend 
analysis is that of forecasting, the moving average, lacking this desirable property, 
is no longer in wide use as a trend measure. 

Nevertheless, the method of moving averages is a very useful technique in 
analyzing time series. First of all, in problems in which the trend of the time series 
is clearly not linear and in which we are concerned only with the general move¬ 
ments of the time series, be it a trend, or a cycle, or possibly both, it is customary 
to study the smoothing behavior of the series by applying a moving average. 
Second, as will be shown in the next chapter, the characteristic of a moving aver¬ 
age is the basis of seasonal analysis. In that context, a twelve-month moving 
average is calculated to eliminate seasonal variations which have a periodicity of 
one year. 


17.10 

Shifting 

the Trend Origin 


In computing trends, the middle of the 
time series is always used as the origin in order to short-cut the computation. But 
very often we need to change the origin of the trend equation to some other point 
in the series. This is either to facilitate comparisons of trend values among neigh¬ 
boring years or to convert a trend equation from an annual to a monthly basis. 
Shifting the origin is a very simple matter. Consider the trend equation for data 
in Table 17.3: 

y% = 92.4 + 1.82a: 

(Origin, 1962; time unit, I year; Y, coffee production in South America in 
millions of pounds, 1956-1968.) 
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The origin of 1962 is taken to mean that the precise origin is the center of that 
year: July 1. Now, if we wish to shift the trend equation to 1956, we note that this 
year precedes the stated origin of 1962 by 6 time units. Consequently, we must 
deduct 6 times the annual increment, that is, h (-6), from the trend value of 
1962 as below: 

y t = 92.4 + 1.82( —6) = 81.5 

The value of 81.5 becomes the trend value at the new origin, 1956, and the trend 
equation may now be written as 

y t = 81.5 + 1.82® 

(Origin, 1956; time unit, 1 year; F, coffee production in South America in 
millions of pounds.) 

Again, as another example, consider the trend equation for shipments of 
radiators and convectors in Table 17.4, 

y t = 3,228 - 200.7* 

(Origin, 1951-1952; time unit, 1 year; F, monthly average shipment in thou¬ 
sands of square feet of radiation.) 

The origin of 1951-1952 means that the precise origin is the center of this period: 
January 1, 1952. Suppose we wish to express the trend equation with an origin 
at 19o2; that is, at July 1, 1952. Since X unit is a whole year, the new origin desired 
is 0.5 unit succeeding the old origin. To achieve this we must then add one half 
of the annual increase, or 6(H), to the trend value at the old origin. Then we have 

Vt = 3228 - 200.7(H) = 3128 
The trend equation reads: 

yt = 3128 - 200.7* 

(Origin, 1952; time unit, 1 year; F, monthly average shipment in thousands 
of square feet of radiation.) 

It may be noted that the shifting of trend origin amounts to finding the new 
F intercept, that is, the new value of a. The value of b remains unchanged, since 
the slope of the trend line is the same, irrespective of the origin. 

From the preceding discussion, the procedure of shifting the origin may be 
generalized by the expression 

yt = a + b(x ± k) ( 17 . 18 ) 

where k is the number of time units shifted. If the origin is shifted forward in 
time, k is positive; if the converse, k is negative. Thus, to change the origin of the 
trend equation for coffee production in South America, y t = 92.4 + 1.82*, from 
1962 to 1956, we have 

Vt = 92.4 + 1.82(* - 6) 

= 92.4 + 1.82* - 10.92 
= 81.5 + 1.82* 

(Origin, 1956.) 
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Formula 17.18 can also be expanded to cover parabolic trend equations. As 
an example, we may consider the following second-degree trend equation for the 
average monthly synthetic rubber production: 

y t = 53.08 + 2.6807* + 0.58785* 2 
(Origin, 1951.) 

If we wish to shift the origin for this equation to 1944, we may follow a procedure 
suggested by formula 17.18: 

y t - 53.08 + 2.6807(* - 7) + 0.58785(* - 7) 2 

- 53.08 + 2.6807(* - 7) + 0.58785(* 2 - 14* + 49) 

= 63.11957 - 5.5492* + 0.58785* 2 
(Origin, 1944.) 


17.11 

Reducing Annual 
Trend Values 
to Monthly Values 


For simplicity and ease of computation, 
trends are usually fitted to annual rather than quarterly or monthly data. For 
the purpose of eliminating trend from a time series so that seasonal or cyclical 
patterns may be studied, monthly trend values are needed. Fortunately, monthly 
trend equations can be derived from annual trend equations without any loss of 
accuracy. The conversion of annual trend equations to monthly values depends 
upon the units in which the original data are expressed. There are two possible 
situations. One is that Y units are annual totals, such as the GNP, annual total 
production of steel, or total population. The other is that the Y units are monthly 
averages, such as the monthly average petroleum production presented in Table 
17.5. The monthly averages of petroleum production, like other monthly average 
data, are annual productions for each year divided by 12. We shall discuss these 
two situations in turn. 

The case where the time unit is one year and the annual value is a total of 
monthly values is illustrated by our previous example of pneumatic casing pro¬ 
duction. Since in such a situation, the a value is expressed as the sum of the pro¬ 
duction of each of the 12 months of the year, it must be divided by 12 in order to 
reduce the a value to terms of monthly Y values. The a value so computed is 
clearly the arithmetic mean of the monthly totals. The origin of the monthly 
series is 2 of the a value computed from annual totals. 

The value of b in an annual trend equation for annual totals measures the 
annual total change in F. When b is divided by 12, it has been reduced to annual 
change in monthly magnitudes. When it is divided by 12 again the annual change 
in monthly magnitudes is further reduced to monthly change in monthly magni¬ 
tudes. The necessity of dividing b twice by 12, that is, by 144 altogether, must 
be clearly understood. The division of annual change by 12 gives us only the 
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change from some month in a given year to the corresponding month in the follow¬ 
ing year, or the annual change in monthly magnitudes. However, we are here 
seeking for an expression of the change in each and every month, that is, monthly 
change in monthly magnitudes. Thus, b must be divided again by 12. 

In conclusion, to reduce an annual trend equation to a monthly trend equation 
when the original data are given as annual totals, a is divided by 12 and b is 
divided by 144. Once again, the annual trend equation for coffee production in 
South America may be cited as an illustration. Recall that it is ■ 

y t = 92.4 + 1.82a; 

(Origin, 1962; time unit, 1 year; F, coffee production in millions.) 
which can be converted to a monthly basis as 

92.4 1.82 

yt — —z b zrz~ x — 7.7 + 0.013* 

12 144 

(Origin, July 1, 1962; time unit, 1 month; Y, monthly production in millions.) 

Note that the origin for this monthly trend equation is the beginning of July. 
Usually, we would have the origin at the center of a period in trend analysis. 
Thus, we may rewrite the equation in the following form: 

yt = 7.7 + 0.013(3 + M) 

= 7.7065 + 0.013* 

(Origin July, 1962.) 

Where data are given as monthly averages per year, the a value in the annual 
trend equation is already the arithmetic mean of the twelve-month total. In 
other words, it is already at the monthly level. The b value now represents the 
annual change in monthly magnitudes. As a result, to convert an annual trend 
equation when annual data are expressed as monthly averages, a would remain 
unchanged and b is divided by 12 only once. Consider the annual trend equation 
for production data of crude petroleum, 

log y t = 2.25477 + 0.014694* 

(Origin, 1951-1952; time unit, 1 year; Y, monthly average production in 
millions of barrels.) 

To convert this equation into monthly terms, we have 

1 O . 0-014694 . 

log y t = 2.25477 + ——— (*) 

= 2.25477 + 0.0012245* 

(Origin, January 1, 1952; time unit, 1 month; F, monthly production in millions 
of barrels.) 
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We may, on occasion, need to convert an annual trend equation into quarterly 
values. The procedure involved is similar to what has just been discussed. This 
is left as an exercise for the student. 


17.12 

Choice of Period 
and Mathematical 
Expression 
for Trend 


Before concluding this chapter, we must 
mention two more analytical considerations in measuring trend: the period to be 
studied must be carefully chosen, and the mathematical expression employed to 
describe the secular movement must be decided upon. 

Generally speaking, the longer the period covered the more significant the 
trend. Secular movements cannot be expected to reveal themselves clearly within 
a short span of time. When the period is too short, the general drift of the series 
may be unduly influenced by the cyclical fluctuations. This would make it difficult 
to separate the various sources of variations in time series. As a minimum safety 
guard, it may be said that to compute trend the period must cover at least two 
or three complete cycles. 

Furthermore, in order to produce accurate values of the Y intercept and the 
slope of the trend equation, the period must be so selected that the number of 
prosperous years must be about the same as the number of depressed years, and 
that the first and last years of the series must be on the opposite sides of the cycle, 
that is, if the series starts with an upswing it should end with a downswing. If 
the number of prosperous years is greater than the number of depressed years, 
the Y intercept and, therefore, the level of the trend would be too high. If the 
situation is reversed, then the level of trend would be too low. If the series starts 
and ends with a cyclical upswing, the value of slope would be too large. If both 
the first and last years of the series coincide with a cyclical downswing, then the 
value of the slope would be too small. Correct value of the slope, therefore, can 
be derived only for a series that starts with an upswing and ends with a down¬ 
swing, or vice versa. It may also be noted that usually bias in the slope is more 
damaging than bias in the level, since a trend becomes progressively worse as X 
increases if b is inaccurate. 

The selection of the mathematical expression for a trend is always a difficult 
matter, because there is really no positive, objective test that can be applied. In 
any case, as was suggested in the preceding chapter, in the selection of the mathe¬ 
matical expression to be employed in trend fitting for a given series, the very first 
thing to do is to establish a hypothesis or theory about the long-run average 
behavior of the series. Next, we should plot the data and subject them to economic 
analysis in accordance with the hypothesis we have formulated. If observation 
of the graph seems to support our hypothesis about the data, then a mathematical 
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expression and the method of fitting it may be finally determined in conjunction 
with the following criteria: 

(1) The mathematical expression, subjected to modification in view of the 
other criteria, must provide the best fit. 

(2) The mathematical expression must be able to provide reasonable extra¬ 
polated values. 

(3) The mathematical expression must be able to provide a trend that is free 
from cyclical and irregular influences. 

The selection of a mathematical expression, therefore, cannot be defended by 
mathematical tests of goodness of fit alone. It is for this reason that more complex 
curves are avoided in applied work. Such curves may on occasion provide excel¬ 
lent fits, but they are neither free from cyclical influences nor capable of yielding 
reasonable extrapolated values. 

The truth of the matter is that trend values are affected by a myriad of 
economic and social forces, legal framework, and natural phenomena; hence any 
attempt to express the aggregate impact of these by a simple formula is often 
fruitless and frustrating. 

We may conclude our discussion by saying that trend fitting is at best an 
elusive process. It can contribute only an approximate concept of long-run forces. 
For this reason, it appears, more time should be spent in studying the underlying 
socioeconomic, technological, and legal factors that contribute to the general drift 
than in attempting to improve the fit of a curve. For this purpose, Ihe freehand 
curve that seems to average out the cyclical-irregular movements in an approxi¬ 
mate fashion may often prove sufficient. Although the freehand method is not 
recommended for beginners, it has considerable merit in the hands of experienced 
statisticians and is widely used in applied situations. 


Glossary of Formulas 


(17.1) yt = a + bx This formula represents the general linear trend equation. When a and b 
are assigned specific numerical values, the formula then characterizes a specific trend line. In 
it, y t refers to computed trend values. 


(17.2) b 


V 2 ~ Vi 
t 


The slope of a linear trend line is determined by this formula when the 


line is constructed by selected points of the actual series. In this method, the first point, p h is 
conveniently set as the origin. The value for p h then, is the Y intercept. In this equation, t refers 
to the number of years separating the two selected points. 


(17.3) a - 


2i + 2 2 

h + t 2 


and 


(17.4) b 


S 2 - Si 
ti(n — t 2 ) 


When a linear trend is constructed by the 


semiaverage method, the values of the Y intercept and slope of the trend equation are estimated 
by these two formulas. In these, h stands for the number of years from which the first average 
is computed, t 2 is the number of years from which the second average is computed, and n is 
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the total number of years contained in the time series. It should also be remembered that by 
the semiaverage method the middle of the series is chosen as the origin. 

( 17 . 5 ) a = — and (17.6) b = — To fit an arithmetic straight-line trend by the least 
n 2x 2 

squares method and by taking the middle period as the origin, not only x but also 2x in the 
normal equations becomes zero. As a result the computations of the Y intercept and the slope, 
as indicated by these two formulas, are simplified. 

(17.7) 1. 2 log y = n (log a) + log fc(2x) 2. 2x (log y) = log a(Sx) + log £>(2x 2 ) 

These are the pair of normal equations that must be solved simultaneously when the least 
squares method is used to fit a geometric or semilogarithmic straight-line trend. 

(17.8) log a = S l0g V and (17.9) log b = ^ These equations are used to com- 

n 

pute the values of the y intercept and the slope for a geometric straight-line trend by the least 
squares method. They are derived from the pair of normal equations in (17.7) after the terms 
containing 2x are eliminated by setting the middle of the series as the origin. 

(17.10) log y t = log a -f x (log b) This is the geometric straight-line trend equation. It is 
interesting to note that this formula is the logarithmic expression of an exponential equation 
of the form y t = ab x , which is the general expression of a geometric progression. Thus, a 
geometric straight line represents a constant rate of change in Y per unit of X. 

(17.11) y t = a + bx + cx 2 + dx 3 + ex 4 + • • • This is the general expression of poly¬ 
nomials, or power curves. When all the constants, except a and b, are zero, we have the equa¬ 
tion of the straight line. When c assumes a value other than zero, it becomes a second-degree 
parabola. When a nonzero d is added, a third-degree parabola emerges. And so on. 

(17.12) y t = a + bx + cx 2 As indicated just above, this represents a second-degree power 
curve. This trend equation is useful as a general method if all that can be determined is that 
the trend has curvilinearity without change in concavity. Furthermore, c determines the existence 
or absence of curvilinearity under these conditions. 


(17.13) 1. 2y = na + bUx + cSx 2 

2. Hxy = aSx + 6Sx 2 -f cSx 3 

3. Xx 2 y = aSx 2 + 6Sx 3 -f cSx 4 

These three normal equations are derived for the purpose of fitting a second-degree parabolic 
trend. It is interesting to note that the first two of these would become the normal equations 
for the straight line when the last term is eliminated. 


(17.14) c 


nhx 2 y — Sx 2 Sy 


(17.15) 


Hy - cSx 2 


(17.16) b = 


'Lxy 


nSx 4 - (2x 2 ) 2 n 

In fitting a second-degree parabolic trend by the least squares method, the sums of the odd 
powers of x in the preceding three normal equations will vanish. As a consequence, the formulas 
for these three constants can be derived from simplified normal equations into the present 
forms. It should be remembered that a equals the trend value at the origin; b equals the slope 
of the curve at the origin when the origin is located at the middle of the series; and c equals the 
rate of change in the slope. As was mentioned in connection with (17.12), c determines the exist¬ 
ence or nonexistence of curvilinearity. In other words, if c = 0, curvilinearity does not exist. 


(17.17) y t = a + bx -f cx 2 + dx 3 This is, as the reader can readily recognize now, the trend 
equation of the third degree. It differs from the second-degree equation in that another constant, 
d, is added. The constant d reflects the fact that the concavity of the cubic curve changes 
once. Thus, d measures the rate of change in the degree to which the curve is bent at the origin. 
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(17.18) y t — a + b(x ± k) This equation is used to shift the origin of trend equation. Here k 
is the number of time units shifted. It may be positive or negative, depending on whether the 
origin is shifted forward or backward in time. This expression can be extended to cover para¬ 
bolic equations by substituting (x ± k ) for x, expanding the results, and recombining the terms. 


Problems 


17.1 What does the trend of a series measure? 

17.2 What objections do we have for each of 
the following methods of measuring trend: (a) 
the freehand method, (b) the selected points 
method, and (c) the semiaverage method? 

17.3 The freehand method can be used only 
to approximate a straight-line trend. True? 

17.4 What are the mathematical properties 
of a trend line fitted by the least squares 
method? 

17.5 How does the semilogarithmic straight- 
line trend differ from the arithmetic straight- 
line trend? 

17.6 What are the properties of moving 
averages? Under what conditions would a 
moving average provide a satisfactory trend? 

17.7 What are the limitations of moving 
averages as a measure of trends? 

17.8 In each of the following series, what 
mathematical expression would you choose 
to fit a trend? Give reasons. 

a. the population growth of the United States 
since 1800 

b. the growth of sales of television sets since 
World War II 

c. the growth of production of General Motors 
since its founding 

d. the GNP series of Canada since 1900 

e. purchases of ordinary life insurance in the 
United States since 1940 

f. consumption of cigarettes since the 1920s. 

17.9 Give a critical evaluation of each of the 
following statements: 

a. The only standard of judging the appro¬ 
priateness of a given fitted trend is the mathe¬ 
matical test of "goodness-of-fit.” 

b. "Extrapolation” means inferring values on 
a curve beyond the available data. 

c. The only consideration we must have in 


selecting the period for trend analysis is that 
the period must cover at least ten years. 

d. In the last analysis, the freehand method 
has considerable merit. 

e. If a higher-degree polynomial gives a good 
fit to data, it must always be used in order to 
yield reasonable extrapolated values. 

17.10 Give a verbal statement for each of the 
following trend equations: 

a. y t = 36,000 + 1200a: 

(Origin, 1950; time unit, 1 year; Y, annual 
total production in hundreds of tons.) 

b. y t = 1,200 - 125a; 

(Origin, 1945-1946; time unit, 1 year; Y, 
monthly average production in thousands 
of pounds.) 

c. log y t = 1.73 + 0.02200a; 

(Origin, 1942; time unit, 1 ydar; Y, monthly 
average consumption in millions of barrels.) 

d. y t = 1500 + 36a; 

(Origin, 1950; time unit, 1 quarter; Y, total 
quarterly sales in thousands of dollars.) 

17.11 Use the trend equations in problem 
17.10 and perform the following: Convert each 
trend equation into monthly values and change 
the origins of monthly trend equations so 
derived to June 15, 1950. 

17.12 Use data in Table 17.1 to perform the 
following: 

a. Plot the data on arithmetic paper. 

b. Compute an arithmetic straight-line trend 
by the least squares method. 

c. Draw the trend line on the chart of the 
original data. 

d. Compare your result with the trend for the 
same data constructed by the selected 
method. 

17.13 Drop 1954 from the data in Table 17.2 
and then do the same as for the preceding 
problem, except that the results should be 
compared with those of the semiaverage 
method for the same data. 
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17.14 Construct a geometric straight-line 17.15 Bring data in the preceding problem up 
trend and plot the result from the data below: to date and compute a new geometric straight- 



AVERAGE 

MONTHLY DOMESTIC DEMAND FOR GASOLINE, 
(MILLIONS OF BARRELS) 

1940-1958 


Year 

Demand 

Year 

Demand 

Year 

Demand 

1940 

49.1 

1946 

61.3 

1952 

96.4 

1941 

55.6 

1947 

66.3 

1953 

100.5 

1942 

49.1 

1948 

72.6 

1954 

102.6 

1943 

47.4 * 

1949 

76.1 

1955 

111.2 

1944 

52.7 

1950 

82.9 

1956 

114.4 

1945 

58.3 

1951 

90.8 

1957 

116.1 





1958 

118.2 


Source: Business Statistics, 1959. 


a. What annual rate of growth is implied in 
your trend equation? 

b. What is the extrapolated value of 1960 for 
this series? Examine a recent issue of Business 
Statistics and explain why the extrapolated 
value is so different from the actual value. 


line trend. Compare the result with that 
previously obtained. 

17.16 Find a time series of your own from an 
appropriate source to which a second degree 
parabolic trend can be fitted. 
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MEASURES 

OF 

SHORT-RUN 

FLUCTUATIONS 


18.1 


Introduction 


The measurement of long-run growth is 
but one of the problems connected with time series analysis. Such series are also 
subject to short-run fluctuations, seasonal and cyclical in nature, that are of great 
interest and importance to economic research and business policy formulation. 
We shall deal with the measurements of both types of variations in this chapter. 

Seasonal variations in economic time series are true periodicities^ and are all- 
pervasive. An understanding of seasonal patterns, as will be indicated later, aids 
the making of managerial decisions in a variety of fields and the formulation of 
economic policies that attempt to reduce waste in employing a nation's resources, 
furthermore, accurate measurements of seasonal changes are necessary if we wish 
to adjust statistically for them, thereby leaving only trends, cycles, and irregular 
movements m the series. Deseasonalized data are often easier to interpret, since, 
lor example, one is less likely to confuse a seasonal downswing with deterioration 
ol general business activity; 

The measurement of cyclical fluctuations is regarded by many as the central 
task in analyzing time series. Interest in cycles may either be in a given series— 
with cyclical movements of steel production, of retail prices, of volumes of sales— 
or m the complex patterns of cycles in general business activity. Our subsequent 
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cycle analysis will be exclusively concerned with individual time series. We must 
realize, however, that cyclical changes in individual series are closely related to 
business cycles. Various studies have shown that the majority of economic time 
series that reflect such movements do conform, with varying degrees of leads and 
lags, to cycles in the economy at large. Thus, although our effort will be directed 
at identifying the unique individual cyclical patterns, the results thus obtained 
may also contribute to an understanding of such variations in aggregate business 
activity. 


18.2 

The Problem of 
Editing Monthly Data 


Seasonal variations are computed from 
quarterly and, more frequently and appropriately, monthly data. These varia¬ 
tions, which recur every year, do not show up if data are lumped together by 
years or by longer time periods. The use of monthly data often requires the editing 
of data for calendar variations and for number of working days. Of these, the 
correction for calendar variation is of greater importance, for if uncorrected it 
may produce a type of quasi seasonal that tends to blur the true nature of sea¬ 
sonal variations. The method of correcting data for calendar variation was dis¬ 
cussed in Chapter 16. However, this correction is not always necessary. 

The most important factor determining whether or not monthly data should 
be edited for calendar variation is the purpose for which the seasonal index is 
constructed and employed. Our interest in a seasonal index may be either for the 
purpose of analyzing the total monthly values or for studying the daily rate of 
activity. If we merely wish to estimate monthly total production, employment, 
or sales, or to approximate total values for a quarter or half year, the correction 
is not necessary. On the other hand, if the seasonal index is to be used as a basis 
for scheduling incoming raw materials, outgoing shipments, employment for rush 
seasons, or production, we are then concerned with the rate of activity per day 
and the correction must be made. 

In the following sections on computing seasonal indices, correction for calen¬ 
dar variation is not necessary and is therefore not made. However, it should be 
noted that the method of constructing seasonal indices is the same for edited and 
unedited data. That is, no additional modifications of the method are required 
when applied to edited data. 


18.3 

Types 

of Seasonals 


Seasonal variations in economic series are 
of two types: those whose pattern remains stable over a number of years, and 
those whose pattern changes gradually over a period of time. The measurement 
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of constant seasonals is a simple matter, but the analysis of changing seasonals 
involves rather complicated theoretical as well as practical considerations. 

A seasonal index consists of twelve numbers, one for each month of a year, or 
for each of the months of a number of years, showing the relative amount of 
activity for a year, or a number of years, that has taken place typically in each 
month. Thus, a seasonal index may be specific or typical. A specific seasonal index 
refers to the seasonal changes during a particular year. A typical seasonal index is 
obtained by averaging a number of specific seasonals. It is thus a generalized 
expression of seasonal variations for a series. ; 

By observing specific seasonals one can determine if the seasonal pattern of a 
series is stable or is changing gradually or abruptly. The representativeness of a 
typical index demands that the specific seasonals must be stable. With changing 
specific seasonals, the construction of a typical seasonal index is highly question¬ 
able and of little practical utility. 

18.4 

Calculation of the 
Typical Seasonal Index 

There are available several methods of 
isolating seasonal variations from a series, each having merits and defects. Among 
these, the method of ratio to moving average is by far superior from a theoretical 
point of view as well as for practical considerations. We shall therefore first give 
a detailed treatment of this method before turning to evaluate alternative 
techniques. 

The method of ratio to moving average starts with the multiplicative assump¬ 
tion of time series. That is, Y — TSCI. It first attempts to estimate TC by em¬ 
ploying a twelve-month average. After this, TC is to be eliminated in order to 
estimate SI. This is done by dividing TC into the original data. That is, 


SI 


TSCI 

TC 


Finally, irregular movements are eliminated from SI by an averaging process. 

We shall use the series of frozen vegetables (stocks, cold storage, end of 
month), 1952-1958, to illustrate the application of the method of ratio to moving 
average for computing seasonals. These data are entered in column 1 of Table 
18,1. The details of this method are given in the next few sections. 


18.S 

Estimate of 
Trends and Cycles 


The first step of the ratio to moving aver¬ 
age method is to estimate TC. To do this we may note again that seasonal varia¬ 
tions have a rigid periodicity of twelve months. Also, random and sporadic factors 
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usually produce changes in data that last less than a year. Furthermore, as was 
shown in the previous chapter, a moving average will smooth out fluctuations 
that are uniform in duration and amplitude if the term of the moving average is 
equal to, or is an integral multiple of, the period of the fluctuation. There is then 
reason to believe that a 12-month moving average will eliminate nearly all the 
seasonal and most of the irregular influences in the series. It cannot, however, 
remove all the seasonal and irregular forces. This is so because seasonal changes 
are periodicities, but their amplitudes may vary somewhat from year to year. 
For instance, during a warm winter in Miami Beach the hotel business there 
should be expected to be better than during a rather cold winter. Furthermore, 
the periodicity of irregular movements is always unknown but it is very unlikely 
that it would be an integral multiple of 12 months. Remembering this limitation 
we may say that a 12-month moving average, which attempts to eliminate 
seasonal and irregular variations, represents the remaining components—trend 
and cycle in the series. Thus the 12-month moving average may be called the 
approximate TC curve. 

Despite limitation mentioned above, it is interesting to note that the 12-month 
moving average for the frozen-vegetable data seems to have ironed out almost 
completely the seasonal and irregular movements in the series. It can be seen in 
Figure 18.1 that not only does the 12-month moving average form a smooth curve; 
it also seems no longer to follow the seasonal peaks and troughs in the original 
data. Indeed, this smooth curve seems to reflect the trends and cycles of the 
series quite well. 

Millions of 
pounds 



Figure 18.1 Stock of frozen vegetables in the United States, 1952-1958, and twelve- 
month moving average. (Source: Table 18.1.) 
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The calculation of a 12-month moving average starts, as does the calculation 
of any moving average, with adding up the first 12 monthly values in the series 
to form a 12-month moving total. The second moving total is obtained by drop¬ 
ping the value of the first month from, and adding the value of the thirteenth 
month to, the first moving total, and so on until all the moving totals have been 
obtained from the series. Then each moving total is divided by 12 to get the 12- 
month moving averages. The moving totals and averages so obtained fall in 
between two months. For instance, in our example, the first moving total and 
average fall between June and July of 1952, the second pair between July and 
August of the same year, and so on. However, data that are typical of a month 
should be centered at the middle of the month. Thus, to compute moving aver¬ 
ages when an even number of time units is used, an additional step is required to 
center the average at the middle of each time unit. For a 12-month period, cen¬ 
tered averages are obtained by adding the averages two at a time and dividing 
each sum by 2. The first centered 12-month moving average would fall on the 
seventh month of the series, the second on the eighth month, and so on. The 
procedure of computing a 12-month moving average is illustrated m columns 2 
through 4 in Table 18.1. 

This method of computing a 12-month moving average is rather tedious. It 
has been introduced merely for the purpose of revealing more clearly the com¬ 
plete process. A simpler procedure is to derive one average that is itself centered. 
This is done by calculating the sum of the values of 13 consecutive months, count¬ 
ing each of the 11 central months twice at intervals of approximately 12 months. 
The centered 12-month averages are then obtained by dividing these sums by 
24. Thus let M 1 and m? denote the 24-month moving total and the centered 12- 
month moving aveiage centered opposite the seventh month of the series, respec¬ 
tively; and let il/ 8 and m 8 denote the 24-month moving total and centered 12- 
month moving average centered opposite the eighth month of the series, respec¬ 
tively; and so on; then we have 


m 7 


Vi + 2z/ 2 + 2z/ 3 + 2y 4 + 2 t/ 5 + 22/6 -f- 2 y 7 + 2// 8 -j- 2 y 9 -j- 2//i 0 
Mi _ __ + 2 |/n + 2 t/i2 + Kyn 


24 


24 


Also, it may be noted that 


m 8 


m 9 


Wio 


M 8 _ Mi — yi — 3/2 + 2 /i 3 + 2/14 
24 ~ 24 

Mg ^ Ms ~ y 2 — y 3 4- yu + yn 
24 24 

MlQ Mg - 2/3 - yi + 1/15 + 1/16 


24 


24 


(18.D 


(18.2) 


(18.3) 


(18.4) 


and so forth. These computations can be easily performed on a calculating ma¬ 
chine or an adding machine with a subtotal device. 
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TABLE 18.1 FROZEN VEGETABLES, STOCKS, COLD STORAGE, END OF THE MONTH, 1952-1958 

(MILLIONS OF POUNDS) 

COMPUTATION OF RATIOS TO CENTERED 12-MONTH MOVING AVERAGES 


Year 

and 

Month 

Stock 

(1) 

12-Month 

Moving 

Total 

(2) 

12-Month 

Moving 

Average 

(3) 

Centered 

12-Month 

Moving 

Average 

(4) 

Ratio to 
Moving 
Average 

(5) 

1952 

Jan. 

444 

— 

— 

— 

— 

Feb. 

399 

— 

— 

— 

— 

Mar. 

348 

— 

— 

— 

— 

Apr. 

314 

— 

— 

— 

— 

May 

302 

— 

— 

— 

— 

June 

337 

5204 

434 

— 

— 

July 

385 

5255 , 

438 

436.0 

88.3 

Aug. 

463 

5306 

442 

440.0 

105.2 

Sept. 

530 

5378 

448 

445.0 

119.1 

Oct. 

577 

5448 

454 

451.0 

127.9 

Nov. 

570 

5507 

459 

456.5 

124.9 

Dec. 

1953 

535 *"' 

5554 

463 

461.0 

116.1 

Jan. 

495 

5637 

470 

466.5 

106.1 

Feb. 

450 '■ 

5748 

479 

474.5 

94.8 

Mar. 

420 

5906 

492 

485.5 

86.6 

Apr. 

384 

6066 

506 

499.0 

77.0 

May 

361 

6218 

518 

512.0 

70.5 

June 

384 

6388 

532 

525.0 

73.1 

July 

468 

6524 

544 

538.0 

87.0 

Aug. 

574 

6638 

553 

548.5 

104.6 

Sept. 

688 

6731 

561 

577.0 

123.5 

Oct. 

737 

6817 

568 

564.5 

130.6 

Nov. 

722 

6902 

575 

571.5 

126.3 

Dec. 

705 

6962 

580 

577.5 

122.1 

1954 

Jan. 

631 

6987 

582 

581.0 

108.6 

Feb. 

564 

7015 

585 

583.5 

96.7 

Mar. 

513 

7025 

585 

585.0 

87.7 

Apr. 

470 

6998 

583 

584.0 

80.5 

May 

446 

6965 

580 

581.5 

76.7 

June 

444 

6909 

576 

578.0 

76.8 

July 

493 

6855 

571 

573.5 

86.0 

Aug. 

602 

6795 

566 

568.5 

105.9 

Sept. 

698 

6740 

562 

564.0 

123.8 

Oct. 

710 

6697 

558 

560.0 

126.8 

Nov. 

689 

6647 

554 

556.0 

123.9 

Dec. 

649 

6622 

552 

553.0 

117.4 

1955 

Jan. 

577 

6612 

551 

551.5 

104.6 

Feb. 

505 

6615 

551 

551.0 

91.7 

Mar. 

457 

6590 

544 

547.5 

83.5 

Apr. 

427 

6573 

548 

546.0 

78.2 

May 

396 

6547 

546 

547.0 

72.4 

June 

419 

6522 

544 

545,0 

76.9 

July 

483 

6503 

542 

543.0 

89.0 

Aug. 

605 

6494 

541 

541.5 

111.7 

Sept. 

673 

6487 

541 

541.0 

124.4 

Oct. 

693 

6484 

540 

540.5 

128.2 
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TABLE 18.1 FROZEN VEGETABLES, STOCKS, COLD STORAGE, END OF THE MONTH, 

1952-1958 (Continued) 






Centered 


Year 


12-Month 

12-Mo nth 

12-Month 

Ratio to 

and 


Moving 

Moving 

Moving 

Moving 

Month 

Stock 

Total 

Average 

Average 

Average 


(1) 

(2) 

(3) 

(4) 

(5) 

1955 






Nov. 

663 

6503 

542 

541.0 

117.0 

Dec. 

624 

6565 

547 

544.5 

114.6 

1956 






Jan. 

558 

6670 

556 

551.5 

101.2 

Feb. 

496 

6816 

568 

562.0 

88.3 

Mar. 

450 

7012 

584 

576.0 

78.1 

Apr. 

424 

7234 

610 

597.0 

71.0 

May 

415 

7476 

623 

616.5 

67.3 

June 

481 

7710 

643 

633.0 

76.0 

July 

588 

7939 

662 

652.5 

90.1 

Aug. 

751 

8165 

680 

671.0 

111.9 

Sept. 

869 

8380 

689 

689.0 

126.1 

Oct. 

915 

8612 

718 

708.0 

129.2 

Nov. 

905 

8822 

735 

726.5 

124.6 

Dec. 

858 

8998 

750 

742.5 

115.6 

1957 






Jan. 

787 

9137 

761 

755.5 

104.2 

Feb. 

722 

9260 

772 

766.5 

94.2 

Mar. 

665 

9376 

781 

776.5 

85.6 

Apr. 

656 

9454 

788 

784.5 

83.6 

May 

625 

9506 

792 

790.0 

79.1 

June 

657 

9530 

794 

793.0 

82.8 

July 

727 

9524 

794 

794.0 

91.6 

Aug. 

874 

9500 

792 

793.0 

110.2 

Sept. 

985 

9457 

788 

790.0 

124.7 

Oct. 

993 

9378 

781 

784.5 

126.6 

Nov. 

957 

9289 

774 

777.5 

123.1 

Dec. 

882 

9182 

765 

769.5 

114.6 

1958 






Jan. 

781 

9106 

759 

762.0 

102.5 

Feb. 

698 

9025 

752 

755.5 

92.4 

Mar. 

622 

8901 

742 

747.0 

83.3 

Apr. 

577 

8812 

734 

734.5 

78.6 

May 

536 

8754 

730 

732.0 

73.2 

June 

550 

8719 

727 

728.5 

75.5 

July 

651 

— 

— 

— 

— 

Aug. 

793 

— 

— 

— 

— 

Sept. 

861 

— 

— 

— 

— 

Oct. 

904 

— 

— 

— 

— 

Nov. 

899 

— 

— 

— 

— 

Dec. 

847 

— 

— 

— 



Source: Various issues of Business Statistics. 


It should be observed that in the short method the desired average is obtained 
from the sum of two 12-month moving totals, the first covering the months 1 to 
12 and the second the months 2 to 13. It is here that one operation of division is 
saved. The short and the long methods, of course, yield identical results. Further¬ 
more, both methods clearly indicate that a centered 12-month moving average 
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is actually a weighted 13-month moving average, the weights being 1 for the first 
and last months and 2 for each of the central months. It is also important to note 
that the centering process does not in any way influence the degree of freedom 
from seasonal influence in the moving average because, in this average, each of 
the twelve months is equally represented. 


18.6 

Estimate of Seasonal 
and Irregular 
movements 


With the estimate of TC, the next step 
involves their elimination from original data so that SI can be isolated. The 
estimate of SI, as has already been mentioned, is made by dividing the original 
data by the centered 12-month moving averages, that is, SI = TSCI/TC. The 
resulting ratios are usually expressed in percentage form, as shown in column 5 
of Table 18.1. From this step the name “method of ratio to moving average” is 
derived. 

In computing the centered 12-month moving average, 6 months are lost at 
each end of the series. For each remaining month there is a ratio of original data 
to moving average. The twelve monthly ratios of each year are the specific 
seasonal indices for that year, which are theoretically free from trend and cyclical 
effects. They are therefore estimates of SI. These estimates, however, are slightly 
biased, mainly because the moving averages may have smoothed out some of the 
cyclical changes at peaks and troughs. Also, as was mentioned previously, the 
movement of the moving averages may still contain some irregular influences. 


TABLE 18.2 SPECIFIC SEASONALS FOR END-OF-MONTH STOCK OF FROZEN VEGETABLES, 

1952-1958 


IVTrvnth — 




Year 





1952 

1953 

1954 

1955 

1956 

1957 

1958 

Jan. 


106.1 

108.6 

104.6 

101.2 

104.2 

102.5 

Feb. 


94.8 

96.7 

91.7 

88.3 

94.2 

92.4 

Mar. 


86.6 

87.7 

83.5 

78.1 

85.6 

83.3 

Apr. 


77.0 

80.5 

78.2 

71.0 

83.6 

78.6 

May 


70.5 

76.7 

72.4 

67.3 

79.1 

73.2 

June 


73.1 

76.8 

79.9 

76.0 

82.8 

75.5 

July 

88.3 

87.0 

86.0 

89.0 

90.1 

91.6 


Aug. 

105.2 

104.6 

105.9 

111.7 

111.9 

110.2 


Sept. 

119.1 

123.5 

123.8 

124.4 

126.1 

124.7 


Oct. 

127.9 

130.6 

126.8 

128.2 

129.2 

126.6 


Nov. 

124.9 

126.3 

123.9 

117.0 

124.6 

123.1 


Dec. 

116.1 

122,1 

117.4 

114.6 

115.6 

114.6 



Source: Table 18.1. 
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Consequently, just as we consider the centered 12-month moving average as an 
approximate estimate of TC, so we consider the ratios to moving averages as an 
approximation of SI. 

Before we attempt to isolate S from SI, or to construct a typical seasonal 
index, we must examine the specific seasonals to see whether such an attempt is 
justified, since the justification for such an attempt depends upon their stability. 
If the seasonals change through time, it would be of little practical value to have 
a generalized expression for them. 

To examine the stability of specific seasonals, we first put them in a tabular 
form and then observe them together with their graphs. The specific seasonals 
for our illustrative problem are recorded in Table 18.2. 

As graphic aid to the study of the data in Table 18.2, the ratios may be either 
drawn as a continuous series or represented by a tier graph as shown by Figure 
18.2. In a tier graph, the specific seasonal indices are piled up one after the other. 
In the tier diagram, the horizontal scale is identical for all years. The vertical 
scale is a movable one. That is, while the vertical scales for all the years are the 
same size, the scales for adjacent years are separated by a constant vertical dis¬ 
tance. The actual vertical scales need not be shown, since we are interested in 
studying only the general movements and timing of the specific seasonal patterns. 

From Figure 18.2 it can be seen that all the specific seasonal indices have 
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Figure 18.2 Tier chart showing specific seasonal patterns for end-of-month stock of 
frozen vegetables. (Source: Table 18.2.) 
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identical turning points: the month of May is their seasonal low and October is 
their seasonal high. Besides, although the amplitude of each seems to differ slightly 
from the others, they do give the general impression of a high degree of uniformity. 
These mild differences in amplitude should actually be expected since the specific 
seasonals contain irregular movements as well. Finally, if we read Table 18.2 
horizontally month by month, we find that even though values of the same month 
for various years vary from each other, these variations seem to follow a random 
pattern without any noticeable trend. That is, all the January values, all the 
February values, and so on, do not seem to increase or decrease on the average 
through time. From these observations we may conclude that the seasonal pattern 
of frozen vegetable stock may be considered a stable one. As a result we decide 
that the construction of a typical seasonal index for the data is justified. 

18.7 

Eliminating the 
Irregular Movements 


Under the assumption that the irregular 
component of SI is a normally distributed random variable with mean zero, then 
the irregular movements will be averaged out by monthly means of the SI values, 
leaving only the seasonal component. This assumption would be true if the irregu¬ 
lar variations were caused by random forces alone, but we know otherwise. Irregu¬ 
lar fluctuations may also be influenced by sporadic forces that often produce 
extreme values. The conventional arithmetic mean, being affected by the extreme 
observations all the time, cannot then be expected to eliminate from SI all the 
influences unrelated to seasonal fluctuation. One way out of this difficulty is to 
use the median of the monthly values as estimates of S. A still better alternative 
is the employment of a modified arithmetic mean that combines the advantages 
of the mean and the median. 

To compute the modified monthly means we first array the monthly SI values 
as shown in Table 18.3. Next we disregard the largest and the smallest values of 
each array and include only the central values in the calculation of the monthly 
means. The number of values to be excluded from both ends depends upon the 
data on hand. In our illustration we note that some months the SI values t are 
quite close to each other; other months have one extreme high and/or one low 
entry. Therefore, it is sufficient to disregard only one value from each end of the 
arrays. In other words, the modified means for our present illustration may be 
computed from the central four percentages for each month. These averages are 
the remaining effects in SI and thus they are estimates of S —the typical seasonal 
index, or simply the seasonal index. The sum of the twelve values in a seasonal 
index should add up to 1200, or an average 100.0. This total in our illustration is 
1199.5, which is close enough for most practical and theoretical analyses of sea¬ 
sonal variations. Nevertheless, many people are trained to believe that everything 
should attain the highest accuracy. To accommodate this, we adjust the 12 modi¬ 
fied means by multiplying each by a ratio of 1200 to the sum of the modified 
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means. This adjusting factor for our illustration is 

1200 

TmTs “ 1 ' 00041884 

The adjusted seasonal index for our example appears in the last row of Table 18.3. 

A graph of the seasonal index appears in Figure 18.3, which shows that the 
seasonal pattern of our illustrative series is quite pronounced, with a seasonal low 
associated with May that is slightly less than 27 percent below, and a seasonal 
high in October that is more than 28 percent above an average of 100. A moment’s 
reflection will show that the seasonal pattern of frozen vegetable stock is closely 
associated with the rate of fresh vegetable production and the rate of vegetable 
consumption. The production of fresh vegetables normally reaches its seasonal 
peak m early summer and its seasonal trough in late fall. On the other hand, the 
rate of consumption of vegetables remains relatively constant throughout' the 
year. Consequently, during the months of winter and spring, when harvests of 
fresh vegetables continue to decline but the level of vegetable consumption re¬ 
mains stable, frozen vegetable stocks are bound to shrink progressively. Through¬ 
out the summer and fall, when the production of vegetables is increasing without 
a corresponding rise in vegetable consumption, the stock of frozen vegetable 
would evidently increase. 


18.8 

Uses of the 
Season al Index 

...... , . A seasonal index may be used either ana¬ 

lytically or synthetically. Analytically, a seasonal index is employed to adjust 
original data in order to yield deseasonalized data that permit the study of Short- 

Seasonal 

index 



Figure 18.3 Seasonal index of frozen vegetable stock in the United States, 1952- 
1958. 
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run fluctuations of <, series not associated with seasonal variations. Many economic 
time series, such as the Index of Industrial Production of the Federal Reserve 
Board, are reported in the deseasonalized form. The procedure of adjusting data 
for seasonal variations is a simple one. It involves merely the division of each of 
the original observations by the appropriate seasonal index for that month. That 
is, TCI = TSCI/S. 

Synthetically, a seasonal index may be used for economic forecasting and 
managerial control. Let us now comment on the use of a seasonal index for syn¬ 
thesis in control and policy. 

Management usually benefits from examining the seasonal patterns of its own 
business, patterns that directly influence its employment, production, purchase, 
sales, and inventory policies. As a simple example of the controlling function of a 
seasonal index, consider a manufacturer of a certain product, the sales of which 
follow violent seasonal variations with a peak in the middle of the fall and two 
troughs in the late winter and early spring. With such a seasonal variability in 
sales, there are many possible ways of scheduling production, two of which will 
be discussed. 

The firm may maintain a constant monthly rate of production regardless of 
the month-to-month changes in sales. In other words, in each month it would 
produce one twelfth of the estimated total annual sales. Under this production 
schedule, plant capacity could be kept to a minimum compared with other plans 
of operating, since it would be fully utilized throughout the year. In addition, this 
plan would avoid layoffs of the labor force during slack seasons. This may be a 
great advantage if the kind of labor required is highly skilled and relatively scarce. 
This plan, however, will evidently raise the monthly inventory levels and intensify 
seasonal swings in the inventory. If costs of keeping inventories are high, this 
may be a serious drawback. 

Another alternative is to schedule production so that it roughly corresponds to 
changes in sales. That is, during months of high sales, production would be speeded 
up, and vice versa. Such a schedule would reduce considerably both the inventory 
levels and their seasonal variations. The disadvantage of this plan is that a much 
greater plant capacity would be required in order to accommodate the peak 
monthly production; a consequence would be partial plant utilization in other 
months. Also, this schedule would necessitate some loss of personnel through 
layoffs during low production months. 

The decision as to which of these plans should be adopted depends upon the 
cost estimates of the accountants. The schedule to be chosen is naturally the one 
that costs the least or saves the most. 

Basically, the problem posed by seasonal variations is economic waste. One 
important source of waste attributable to seasonality is represented by idle ca¬ 
pacities necessary to meet seasonal peak demands but not fully utilized through¬ 
out the year. According to Kuznets’ Seasonal Variations in Industry and Trade , 
the true size of excess capacity caused by seasonality is estimated at about 8 to 
9 percent in manufacturing and 10 to 12 percent in mineral production. The 
economic resources and effort devoted to the erection of extra capacity because of 
seasonal fluctuations might otherwise have been employed in efforts that would 
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have enhanced the general welfare of the nation. Seasonal variations in produc¬ 
tion and employment also put heavy burdens and costs upon workers whose jobs 
vary with the intensity of business activity in the season. From the standpoint of 
practical utility, therefore, the most important synthetic use of seasonal indices 
is to study them with an eye to reducing or eliminating economic waste produced 
by seasonal fluctuations. 

The attempts that have been made to reduce or eliminate the costs of sea¬ 
sonality are mainly initiated by individual firms. Solutions for seasonal variations 
in individual firms, however, usually involve the transfer of the cost to some other 
sector or group in the economy wdthout real reduction of waste for the society as 
a whole. Although it may be difficult, even impossible in many situations, a real 
solution is one that can actually reduce seasonally induced costs to society. 

Possible solutions for seasonality available to individual firms are numerous. 
By special price and advertising policies a producer confronted with a strong 
seasonal demand for his product may try to stabilize sales by encouraging off¬ 
season consumption. Off-season sales, such as air conditioners in the spring, heaters 
and furnaces in the summer, and furs in August, may be introduced. Preseason 
discounts on coal and oil and off-season rates at resort hotels are other examples 
of such efforts. Manufacturers may also offer special prices to retailers who will 
order and accept delivery before the start of the rush season for the outputs. 
Special quotations are frequently made by builders to those who will accommodate 
their plans to offset the construction seasonal. 

Seasonal demand can also be smoothed to a great extent by managerial in¬ 
novations. For instance, department store sales may be increased on weekdays 
and reduced on Saturdays by closing later during weekdays. The automobile 
companies have been able to modify the seasonal demand for cars by introducing 
new models in the fall instead of in the spring. The results have been two seasonal 
peaks for automobile sales instead of one and an increase in the stability of pro¬ 
duction and employment. 

The most promising solution for seasonality is diversification. It benefits not 
only the firm but also society at large. Whenever diversification is possible, real 
costs of seasonal variations can be reduced or even eliminated. Diversification 
involves the development of production lines having complementary seasonal 
movements: while some expand seasonally, others contract. Consequently, labor 
and facilities can be transferred from one line to another as seasonal changes take 
place. However, diversification is possible only in those lines of production that 
have approximately the same labor and equipment requirements. The classical 
example of diversification is the ice and coal company, which uses the same man¬ 
power, equipment, and supervision the year round for the major portion of its 
operations. More recent instances are the combination of refrigerators and air 
conditioners with furnaces and stoves, the use of the same drivers for ice-cream 
wagons in the summer and for fuel-oil trucks in the winter, the featuring of the 
winter attraction of skiing by summer resorts, and vice versa—the promotion of 
air-conditioned “package” summer tours by winter resorts. 

On occasion governments have initiated public policies aimed at reducing or 
eliminating seasonality or altering its incidence. For example, one of the main 
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reasons for the establishment of the Federal Reserve System was to ease the strain 
of seasonal movements of funds between rural and urban areas in conformance 
with harvest seasons. Many states limit unemployment insurance to a fraction of 
a year, evidently in the expectation of assisting seasonally rather than cyclically 
unemployed workers. Because seasonal variations are highly wasteful and their 
solutions by individual firms can usually only shift the burden instead of elimi¬ 
nating it, the government may recognize the need to find real economic solutions 
to cope with seasonality. Meanwhile it is clear that accurate measurement of 
seasonal variations is necessary not only for the study of other types of fluctua¬ 
tions in time series, but also for the solution of the problem they present. We must 
recognize, in other words, the importance and magnitude of seasonality as a 
problem in its own right. 


18.9 

Alternative Methods 
of Measuring 
the Seasonal Index 


Two other methods of computing the 
seasonal index merit some mention, especially because one of them brings out 
indirectly the advantages of the ratio to moving average method. 

The simplest possible method of computing a seasonal index is to calculate 
the average value for each month (for January, for February, and so on) and 
express the averages as percentages so that the percentages of the average for all 
12 months can add up to 1200, or average 100. 

This is indeed a very simple but a very crude method. It assumes there is no 
trend component in the series; that is, Y = CSI. This, however, is an unjustified 
assumption. Most economic series have trends, and, therefore, the seasonal index 
computed by this method is actually an index of trends and seasonals. Further¬ 
more, the effects of cycles on the original values may or may not be eliminated by 
the averaging process. This depends on the duration of the cycle and the term of 
the average, that is, on the number of months included in the average. Thus, this 
method is seldom of any value. 

The second alternative is the method of ratios to trend. This method assumes 
that seasonal variation for a given month is a constant fraction of trend. Starting 
with the model Y — TSCI, some argue that trend can be eliminated by dividing 
each observation by its corresponding trend value. The ratios resulting from this 
operation compose SCI. Each of these ratios to trend is a one-based relative, that 
is, a pure number with a unity base. Next, an average is computed for the ratios 
for each month. This averaging process eliminates cycle and random influences 
from the ratios to trend. Thus, the 12 averages of ratios to trend contain only the 
seasonal component. These averages, therefore, constitute the seasonal index. As 
is true of the method of ratio to moving average, some slight corrections are nec¬ 
essary in order to adjust these ratios to average unity. 
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The ratio to trend method is certainly a more logical procedure than the crude 
measurement of seasonals mentioned above. It has an advantage over the moving 
average procedure too, for it has a ratio to trend value for each month for which 
data are available. Thus there is no loss of data as occurs in the case of moving 
averages. This is a distinct advantage, especially when the period covered by the 
time series is very short. 

The main defect of the ratio to trend method is that if there are pronounced 
cyclical swings in the series, the trend—wdiether a straight line or a curve—can 
never follow r the actual data as closely as a 12-month moving average does. As a 
result, the ratios to trend will tend to be more variable than the ratios to a 12- 
month moving average. Under these circumstances, it is likely that the averaging 
process will have a greater capacity to remove irregular movements from the 
ratios to moving averages than it has to isolate seasonals from the ratios to trend. 
This is another w T ay of saying that a seasonal index computed by the ratio to 
moving average method may be less biased than one calculated by the ratio to 
trend method. 

In conclusion, it may be said that because of its theoretical and practical 
advantages, the ratio to moving average method is probably the most widely used 
procedure. Its application is not confined to periodic fluctuations of 12-month 
duration. It can be used equally well for any periodic fluctuation, such as hourly 
variations of temperature within the day or daily variations in sales within the 
w T eek. 


18.10 

Changing 

Seasonals 


As mentioned before, the use of the con¬ 
ventional methods to measure the typical variations is appropriate and significant 
only if the variations are stable from year to year. But, unfortunately, seasonal 
patterns have an undesirable trait of changing through time. Changes in seasonals 
may show up either in the amplitude or—and this is more serious—in timing. 
These changes are sometimes quite abrupt and sometimes quite gradual. We are 
concerned here wfith the appropriate measurements of such changing seasonals. 

Abrupt changes in seasonal patterns occur in a situation in which the seasonal 
variations of a series may remain stable for a number of years and then change 
suddenly into new patterns that are quite different from the old and that may 
remain stable for years before they change again. This type of change is due either 
to the impact of some powerful sporadic factors or to deliberate managerial poli¬ 
cies. During World War II, which necessitated an all-out effort in many produc¬ 
tion lines, seasonals in these lines disappeared but re-established themselves after¬ 
ward. Changes in the seasonal variations of automobile sales were observed when 
the automobile industry altered the design of cars to make them less dependent 
on weather and when it changed to the fall instead of early spring the dates of 
introducing new r models. 
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A simple but satisfactory method of dealing with this kind of seasonal variation 
is to analyze the variations independently for the two periods separated by the 
abrupt change. The seasonal index for each separated period may be computed 
either by the ratio to moving average method or by the ratio to trend device. 
Evidently, when we use such indices in analysis, each index should be used for 
that period for which the index is constructed. In synthesis, we would ignore the 
index computed before the abrupt change and employ only the one established 
after the change. 

Gradual changes in seasonals are fairly common. They are brought about by 
modifications of custom, development of technology, changes in business practices, 
and other forces that change slowly but steadily. New designs of automobiles have 
greatly reduced the amplitude of gasoline consumption. The emergence of air 
conditioning has increased the summer use of electricity. Changes in consumers’ 
tastes, aided by intensive advertising, have gradually eliminated the pronounced 
seasonal fluctuations in ice-cream production. The policy of an elastic credit 
supply and the central banking reserves of the federal reserve bartks have pro¬ 
gressively reduced the seasonal swings in short-term interest rates almost to the 
vanishing point. 

Gradual changes in seasonal patterns are usually secular in nature. As such, 
no average can be a typical representation of the seasonal pattern, since errors 
that run in one direction cannot be removed by averaging. When the change in a 
seasonal is gradual, instead of deriving a typical seasonal index illogically, we 
study the steady and progressive change in the specific seasonal indices month by 
month and obtain a measure of change in the index for each month. When the spe¬ 
cific seasonal indexes—that is, ratios to moving averages—have been obtained, the 
ratios of each given month are plotted as an independent time series graph. We 
would have 12 such graphs, with the X axis scaled in years, which would charac¬ 
terize the changes in seasonal pattern and therefore enable us to measure such 
changes. We reason that if there is a changing seasonal pattern, then progressive 
change would be reflected in the movements of the ratios for each month in the 
form of a discernible general drift from year to year. That is, the movement in 
the values of each month for the years can be appropriately defined by a trend 
line. The trend line here serves, as usual, the purpose of an average. The trend 
value for each month in each year is the first approximation of the seasonal index 
for that month in that year. We therefore end our analysis of gradually changing 
seasonal patterns with as many specific seasonal indexes as there are years in the 
period under examination. These specific index values are trend values. The pre¬ 
liminary specific seasonal indices for each 3 r ear, as before, must be adjusted to 
average 100. To adjust data for seasonal variations, each monthly original obser¬ 
vation is divided by the adjusted seasonal index for that month in the same year. 
For forecasting, we use the projected trend values by extending the trend line for 
the desired month. 

Whenever the values of the same month for the years tend to change gradually 
by a constant absolute amount, straight-line trends are appropriate. In many 
cases, however, values for each given month may not behave linearly. One fre¬ 
quently used device is to draw a freehand trend line through plotted points for a 
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single month; the trend values are then read from the chart. This is actually used 
by the Federal Reserve System in dealing with changing seasonals for the con¬ 
struction of its industrial production index. Another widely used method is to 
compute a moving average of five or seven terms. This procedure is used by the 
National Bureau of Economic Research. Here, as elsewhere in statistical analysis, 
whatever trend line is to be determined depends upon the nature of the data and 
the judgment and experience of the investigator. 


18.11 

Measuring Cycles 
from Annual Data 


Cyclical fluctuations do not repeat them¬ 
selves periodically as do seasonal variations. Neither do they behave fortuitously 
as do the irregular movements. The cycles of a specific series usually embrace a 
certain broad pattern that shows some similarity but always contains some differ¬ 
ences in duration and intensity. Because of this lack of uniformity in cycles, it is 
possible to isolate them but is is impossible to project them into the future. This, 
as will be seen the the next chapter, constitutes the most difficult part of fore¬ 
casting with time series. 

As to the problem of isolating cycles from annual data, it is a relatively simple 
matter. In annual data there are only two components: the trend and the cycle. 
Seasonal variations, being monthly changes that complete their pattern within a 
year, do not show up in annual data. Irregular movements, which are also short- 
run influences compared to a year, produce negligible influences upon annual data 
and their positive and negative effects tend to offset each other during the course 
of a year. With annual data, the trend value is considered as the statistical nor¬ 
mal —the value which represents the normal annual growth if there had been no 
cyclical influences. Conversely, then, we may consider cyclical fluctuations as 
the deviations from the normal values—the trend. 

Thus the problem of isolating cycles from annual data is the same as the 
elimination of trend. Trend can be eliminated by subtracting the trend value from 
the original data if we assume an additive model, Y — T -f- I. The results are 
cyclical residuals. Or, if we assume a multiplicative model, Y = TC, cycles are 
isolated by dividing original data by the trend values, obtaining cyclical relatives. 
In order to facilitate comparison of cyclical fluctuations among different time 
series, both cyclical residuals and relatives are expressed in terms of percentage 
deviations from the trend. The percentage deviations can be obtained by either 
of the following two formulas: 


Percentage deviations 
of cyclical residuals 

Percentage deviations 
of cyclical relatives 


V ~ Vt 
Vt 


(H 


(100) 

(18.5) 

o 

O 

1 

H 

(18.6) 
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TABLE 18.4 

COFFEE PRODUCTION IN SOUTH AMERICA, 1956-1968 


Year 


Production Trend 

(y) ( y t ) 


Cyclical Cyclical 

Residuals Relatives Percentage 

(y ~ yd [y/yiO 00)] . Deviations 


1956 

82.3 

1957 

95.6 

1958 

81.3 

1959 

76.4 

1960 

92.8 

1961 . 

83.4 

1962 

88.2 

1963 

96.1 

1964 

89.1 

1965 

112.2 

1966 

100.4 

1967 

106.9 

1968 

196.6 


Source; Table 17.3. 


81.5 

+ 0.8 

83.3 

+ 12.3 

85.1 

- 3.8 

87.0 

- 10.6 

88.9 

+ 3.9 

90.6 

- 7.2 

92.4 

- 4.2 

94.2 

+ 1.9 

96.0 

- 6.9 

97.9 

+ 14.3 

99.7 

+ ,7 

101.5 

+ 5.4 

103.3 

- 6.7 


101.0 

+ 1.0 

114.8 

+ 14,8 

95.5 

- 4.5 

87.8 

- 12.2 

104.4 

+ 4.4 

92.1 

- 7.9 

95.5 

- 4.5 

102.0 

+ 2.0 

92.8 

- 7.2 

114.6 

+ 14.6 

100.7 

+ 0.7 

105.3 

+ . 5.3 

93.5 

- 6.5 


Cyclical residuals 
in millions 



c V c!ical Percentage deviation 

relative from trend 
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It may be noted that values of percentage deviations computed by both formulas 

are the same. . , 

As an illustration of computing cycles under the assumption of the additive 

and the multiplicative models, respectively, we shall use the coffee production 
data As it may be recalled, from the previous chapter, the trend equation for 
these data, covering 1956-1968, is y t = 92.4 + 1.82s, with origin at the middle 
of 1962. Computations of cyclical residuals, cyclical relatives, and percentage 
deviations are all shown in Table 18.4. The resulting cyclical residuals, the cyclical 
relatives, and the percentage deviations are portrayed in the lower panel of I igure 
18.4. 


18.12 

Measuring Cycles 
from Monthly Data 


A great deal of work in the analysis of 
cyclical fluctuations makes use of annual data, but this practice leaves much to be 
desired. Annual series obscure two of the most critical aspects of cycles: the loca¬ 
tion of the turning points and the measurement of the amplitude of fluctuations 
between the turning points. In order to bring out the relevant information on 
cycles, therefore, it is much more desirable to use quarterly or monthly data, espe¬ 
cially the latter. However, as soon as data that record variations within the year 
are used, the distortions caused by seasonal and irregular movements enter the 
picture. Thus, to measure cycles from monthly data, we must attempt to remove 
seasonal variations in addition to the correction for trend. Alternatively, to meas¬ 
ure cycles from monthly data, we are mainly concerned with the estimate of 
cyclical and irregular movements. 

To estimate CI under the multiplicative assumption; that is, Y = TSCI, 
three methods are available. In each we proceed by estimating the trend and the 
seasonal pattern first for the purpose of their elimination. The three methods differ 
from each other only in the sequences of eliminating T and S. 

The first method starts with the division of the original data by trend values 
to obtain CSI: CSI = TSCI/T. Then the estimate of Cl is derived by dividing 
the seasonal index into data that have been adjusted for trend: Cl = CSI/S. 

The second method is just the reverse, for original data are first adjusted for 
seasonal and then corrected for trend. Here, (1) TSCI/S = TCI, and (2) 
TCI/T = CI. 

The third method begins with an estimate of TS, which is, of course, the prod¬ 
uct of trend and seasonal. Then TS is eliminated from the original data by dividing 
the latter by the former. That is, CI = TSCI/TS. 

All three methods yield the same results. The first one, however, is seldom 
employed because there is no practical use for CSI values. The second is conveni¬ 
ent when we attempt to estimate CI with data that have already been desea- 
sonalized. The third is often followed in measuring cycles from original data. It 
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has two advantages over the first method, one of which is trifling: it is slightly 
less laborious to perform one multiplication and one division than to divide twice. 
The second advantage is more important: the division of original data by TS 
reveals more clearly that Cl are deviations from statistical normal. 

In general, cyclical relatives remain more or less constant through time, 
whereas cyclical residuals tend to become larger numerically with increases in 
trend values. The reason is that when the activity of a given line expands it is 
also susceptible to larger absolute cyclical swings. But larger absolute cyclical 
deviations from higher trend values may have the same relative magnitude of 
smaller cyclical deviations from lower trend values. This is one of the reasons why 
we often prefer to adjust for trend by division. Careful examination of the two 
charts in Figure 18.4 shows that this difference clearly exists in our illustrative 
data. For instance, the cyclical residual for 1965 is much farther away from the 
trend than that for 1957. Yet the cyclical relatives for the same two years are of 
approximately the same magnitude. 

Another reason for the preference for relatives over residuals in adjustment for 
trend is that percentages are usually more convenient and satisfactory when the 
cycles of one series are compared with those of another. This is especially true 
when the series are expressed in different units. 

Before we move on to the next section, it should be noted that the procedure 
just described is appropriate whether the trend is an arithmetic straight-line or 
a geometric straight-line or any other type of mathematical trend function. In 
each case, when the data have been adjusted for trend, the trend line becomes a 
straight line horizontal to the base, suggesting a zero or a 100 percent normal line. 
The percentage values on the Y axis express the cyclical influences that are the 
percentage of the normal obtained in each year. 

In monthly data, statistical normal is defined as the product of trend and 
seasonal, TS. Table 18.5 illustrates the estimate of Cl, by the third method, for 
factory cheese production in the United States, 1947-1955. It will be observed 
that, for the sake of condensation, only computations for 1947 and 1948 are shown 
in the table. 

The original data of cheese production are entered in column 1. Column 2 
contains the trend values for the series, which are derived by an arithmetic 
straight-line trend equation, y t = 93.29 + 0.165a:, with origin at January, 1947. 
The seasonal pattern of this series is stable, and a typical seasonal index is com¬ 
puted by the ratio to moving average method, the monthly index values being 
modified means of the four central items. These index values are recorded in 
column 3 in ratio form. Column 4 presents the values of statistical normal values 
for the series. These values are obtained by multiplying trend values by seasonal 
index. When we divide the TS values into original observations in column 1 and 
multiply the results by 100, we obtain the estimates of cyclical-irregular fluctua¬ 
tions in percentage form, as shown in column 5. The cyclical-irregular percentages 
are plotted in the lower chart in Figure 18.5. These percentages are often looked 
upon as deviations from normal—the values that could have been had there 
been no cyclical and irregular fluctuations at all. 

Sometimes we may wish to eliminate the major portion of irregular move- 
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TABLE 18.5 CYCLICAL IRREGULAR MOVEMENTS FOR UNITED STATES FACTORY PRODUCTION 

OF CHEESE, 1947-1955 


Year 

and 

Month 

Production 
(millions 
of pounds) 

(: y ) 

(1) 

Trend* 

(yt) 

(T) 

(2) 

Seasonal f 
Index 

(S)' 

(as ratios) 

(3) 

Statistical 
Normal 
(: TS ) 

(4) 

Cyclical- 
Irregular 
Movements 
(y + TS) 
(%) 

(5) 

1947 

Jan. 

74.3 

93.3 

0.780 

72.774 

102.1 

Feb. 

78.3 

93.5 

0.770 

71.995 

108.8 

Mar. 

100.2 

93.6 

0.968 

90.605 

110.6 

Apr. 

114.1 

93.8 

1.099 

103.086 

110.7 

May 

140.6 

94,0 

1.410 

132.540 

110.7 

June 

148.1 

94.1 

1.416 

133.246 

111.1 

July 

133.3 

94.3 

1.233 

116.272 

114.6 

Aug. 

104.0 

94.4 

1.096 

103.462 

100.5 

Sept. 

87.7 

94.6 

0.933 

88.261 

99.4 

Oct. 

80.9 

94.8 

0.839 

79.537 

101.7 

Nov. 

60.9 

94.9 

0.712 

67.569 

90.1 

Dec. 

60.4 

95.1 

0.744 

70.754 

85.4 

1948 

Jan. 

63.7 

95.3 

0.780 

74.334 

85.7 

Feb. 

65.2 

95.4 

0.770 

73.458 

88.8 

Mar. 

80.3 

95.6 

0.968 

92.541 

86.8 

Apr. 

94.0 

95.8 

1.099 

105.284 

89.3 

May 

129.8 

95.9 

1.410 

135.210 

96.0 

June 

131.9 

96.1 

1.416 

136.078 

96.9 

July 

114.7 

96.3 

1.233 

118.738 

96.6 

Aug. 

108.5 

96.4 

1.096 

105.654 

112.7 

Sept. 

89.4 

96.6 

0.933 

90.128 

99.2 

Oct. 

81.5 

96.8 

0.839 

81.215 

100.4 

Nov. 

67.3 

96.9 

0.712 

68.993 

97.5 

Dec. 

72.1 

97.1 

0.744 

72.242 

99.8 


Source: Business Statistics. 

* yt —93.29 + 0.165x (origin, January, 1947). 

t Modified mean of 4 middle ratios of actual values to centered 12-month moving averages for 1947-1955. 


ments from the Cl curve. This is often done by smoothing the curve with freehand 
drawing or by the calculation of a moving average. To estimate C by taking a 
moving average of Cl, the terms used are often 3 months or 5 months. Odd terms 
make computation easier, and short durations avoid the tendency to smooth out 
too much of the cycles. 

The isolation of cyclical fluctuations by a moving average is actually not a 
satisfactory method. A 3-month moving average may smooth out only a negligi¬ 
ble part of the cycle, and the resulting curve may not be very smooth. A 5-month 
moving average may produce a smoother estimate of cycles, but the portion of 
cycles smoothed out may be considerable. 
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The fact that there is no satisfactory method of removing irregular move¬ 
ments, coupled with some theoretical considerations—on which we shall here 
comment briefly—has led to the practice of analyzing cyclical and irregular 
fluctuations as a single entity. Irregular movements caused by random forces, as 
was mentioned in Section 16.6, are relatively unimportant. Furthermore, random 
forces occur quite frequently and are usually from unknown sources. Thus it is 
neither possible nor necessary to identify them: it is best to treat them as part of 
the cyclical swing that we actually observe. It seems reasonable to consider the 
slight sawtooth effect of cyclical movement as a part of the cycles, but can we also 
ignore the short-term sporadic changes that rise and fall with considerable magni¬ 
tude just as the cycles do? Part of the answer to this question is the basic differ- 

Production and 
trend in millions 
of pounds 



Cyclical-irregular 

movements 



Figure 18.5 U.S. factory cheese production, with trend and cyclical-irregular move¬ 
ments, 1947-1955. 
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ence between these two types of variation. It is the main property of cycles that 
they are cumulative and self-generating. Thus, if the fluctuations in the short run 
are such that they rise abruptly and then immediately fall back toward the pre¬ 
vious level, then they are not cumulative and should be considered as irregular 
variations. Sometimes sporadic forces are quite capable of generating fluctuations 
that are cumulative for a number of months. Prolonged strikes, speculative booms, 
and war scares are examples of such irregular forces. Under these circumstances, 
we may insist that, to be qualified as cycles, there must be a minimum number of 
months, say longer than 12 as used by the National Bureau of Economic Research, 
for the cumulative expansions and contractions. Here we come to the realization 
that cyclical causes are diversified, complicated, and dynamic. They can never be 
expected to produce smooth cycles as portrayed by the function of the sines and 
cosines of the time scale. Irregular movements are part of the aggregate of factors 
that create the ragged cyclical course we observe in reality. Our attention to 
irregular movements should warn us that not every rise and fall comprise a cycle. 
When we mark off the turning points of cycles, we must be careful that they 
reveal faithfully the underlying cyclical forces at work. 

In examining the cyclical and irregular movements of our illustrative series 
as plotted in Figure 18.5, it is interesting to observe first the upper chart, which 
shows the original data with trend. It can be seen that the seasonal variations of 
cheese production are so pronounced that the original data hardly reveal any 
cyclical movements at all. But the lower chart for Cl tells quite a different story. 
This indicates the necessity for eliminating seasonals from the original data before 
cycles can be profitably studied. 

From the lower chart in Figure 18.5, it is clear that random influences on the 
Cl curve are evident, but breaks produced by sporadic changes seem to be absent. 
The percentages of cyclical and irregular movements of cheese production define 
the first downturn of the series in July 1947, whose value is about 15 percent 
above normal. Then it follows a sharp downswing that reaches a subnormal 
activity about 14 percent in December 1947. In January of the following year, a 
recovery carries the series above the 100 percent trend line in August of the same 
year until a peak is reached in May 1949, which is only slightly more than 5 per¬ 
cent above the normal. The downswing from this peak was prolonged and gradual. 
The trough is reached in the last month of 1950. There are at least two interesting 
points of the 1948-1950 cycle to be noted: It is the longest cycle of the whole 
series, almost four years. And it gives a flat-top impression, with the top persisting 
for almost two years along the trend line. The next cycle, which starts in December 
1950, and ends in March 1952, is marked by brief duration and subnormal activity. 
The upswing that commences in March 1952 seems quite pronounced, but it 
actually moves up to a peak of only about 9 percent above the trend. Thereafter 
a mild recession sets in. It reaches a low of only more than 2 percent of activity 
under the normal in October 1953. The peak in January 1954 marks the highest 
level of production for the whole series. It is 18 percent above normal activity. 
The downswing that follows is also quite severe. In intensity it is next to the first 
of the series. There does not seem to be any particular feature in the last whole 
cycle for the series. In general we may say that the cyclical pattern of cheese 
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production seems to have an average duration of less than two years, ranging from 
about one to four. The amplitudes of the cycles are quite moderate. The first two 
thirds of the series, except the first eight months in 1947, reveal much lower levels 
of activity than the last one third. 

It is interesting to note here the turning points and the duration ;pf American 
business cycles. In approximately the same period, according to the National 
Bureau’s dates, the general business cycles had peaks in November 1948, July 
1953, and July 1957, and troughs in October 1949, August 1954, and April 1958. 
Thus, the cyclical fluctuations in American factory cheese production do not 
conform to the general cycles of American business at all. What is the explanation 
for this nonconformity? A possible one is that cheese is a dairy product that is 
more affected by weather and its own price than by general business conditions. 
Why would cheese production, then, be incorporated in a two-year cycle? The 
answer to that may be given by the “cobweb theorem” advanced by agricultural 
economists. This theorem claims that low price of a given kind of food (or agri¬ 
cultural production) in a given year would curtail its production and, therefore, 
that the supply of that kind of food will decrease in the following year. Unless the 
demand for it decreases correspondingly, its price will rise, which would encourage 
an increase in the supply in the next production period. High production will 
depress price again, and again the cycle will start all over. 

18.13 

Comments on 
the Estimate of Cl 


The irregular nature of cyclical move¬ 
ments defies any attempt to find an average cycle that could be used as a typical 
representation of their effects on a time series. The best—or the least unsatis¬ 
factory—approach is to measure these fluctuations indirectly by removing effects 
of trend and seasonal forces. The remaining variations are considered as cyclical 
variations, not forgetting that they also reflect irregular influences. This method 
is admittedly imperfect, not only because a cycle estimated by it cannot be pro¬ 
jected into the future but also because the estimate is to some degree biased. 

To estimate Cl, we must first estimate T and S. The actual behavior of the 
cyclical and irregular movements depends on the trend line as well as on the sea¬ 
sonal index. When we determine the trend line we usually have two purposes in 
mind. One is extrapolation. Another is adjustment of the original data by sub¬ 
traction or division. But these two functions of the trend are often contradictory. 
We may often find that a given trend equation may isolate cycles satisfactorily 
but is inadequate for forecasting, or vice versa. Furthermore, the same mathe¬ 
matical trend function usually yields different trend values when the initial and 
terminal years selected differ and when the period covered varies. Consequently, 
the cyclical relatives computed from deviations from trend are affected by the 
choice of trend function and of the period to which it is fitted. 
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The adjustment for seasonals is also a rather arbitrary matter. In the first 
place, the seasonal patterns of many series are subject to change without notice. 
Even if the seasonals remain relatively constant, the values of typical seasonal 
indices always differ with different methods of computation. This means the 
appearance of deseasonalized data is affected by the decision on whether to use 
changing or typical seasonal indices and on the method of computation. 

The resulting Cl is influenced, finally, by our assumption made for decom¬ 
position of the series. Have we used the multiplicative model or the additive 
model? When choosing one, we may often be unable to know if the other is closer 
to the relationship of the components of the series. 

From these considerations, we may say that the estimate of Cl not only 
contains the cyclical and irregular forces, but also includes errors in defining the 
trend, in determining the seasonal pattern, and in decomposing the original series. 
Since these errors can never be precisely determined, there must always be some 
uncertainty and speculation in the interpretation and use of the statistical results 
that we call “cycles.” 

In concluding our analysis of time series, we must recognize that secular trend, 
seasonal variations, and cyclical fluctuations are all real and significant in many 
economic and social time series, even though our measures for them are only 
approximations. Approximations as they may be, they can nevertheless be of 
great use in both economic research and business management. These approximate 
measures can enable us to forecast the future behavior of time series. 


Glossary of Formulas 


y 1 + 2 + 2y s + 2yi + 2y h + 2y & + 2 y 1 + 2 y s + 2y<> + 2y 10 

(18.1) m 7 = — = _____ + 2 y n + 2y n + y n 

24 24 


(18.2) m a 


Ms Mi - yi - y 2 + y n + 


yn 


24 


24 


/id ^ _ M 9 Ms - y 2 - yz + yn + yn 
(18.3) - —-- 


(18.4) mio 


M io Mo — y s — yi + y u + 


y i6 


24 


24 


This series of equations shows the direct computations of centered 12-month moving averages. 
Mi, Ms, • • • , are the sums of 13 consecutive monthly values with each of the central 11 
months counted twice and with Mi as the first 24-month moving total centered opposite the 
seventh month of the series, mi, ms, • • • , are the centered 12-month moving averages, with 
m 7 as the first average, which is centered at Mi. It can be seen that each subsequent moving 
total is obtained by deducing the first two monthly values from the previous moving total and 
adding to it the value of the last month in, and that of the next month immediately following, 
the previous moving total. 
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y — lit 

(18.5) Percentage deviations of cyclical residuals =-(100) 

Vt 


(18.6) Percentage deviations of cyclical relatives = 



In order to facilitate comparisons among the cyclical fluctuations of different series in annual 
units, the cyclical deviations from trend are transformed as percentage deviations from normal. 
Although cyclical residuals usually increase with the increase in trend values and cyclical 
relatives usually remain stable, the percentage deviations of both are the same, since 
(?/ - yt)/vt = (y/yt) - l. 


Problems 


18.1 Monthly data often need editing before 
a seasonal index can be computed. What is the 
most important type of correction? Under 
what conditions must such a correction be 
made? Under what conditions is it unneces¬ 
sary to make the correction? 

18.2 How does a specific seasonal differ 
from a typical seasonal index? 

18.3 What do we mean by “changing sea¬ 
sonal”? What are the causes of changing 
seasonal patterns? 

18.4 When is it appropriate to compute a 
typical seasonal index? 

18.5 What does a 12-month moving average 
measure? Why? 

18.6 What do the ratios of original data to 
12-month moving averages estimate? Are such 
ratios biased estimates? Why or why not? 

18.7 Why do we usually select the modified 
or positional mean in seasonal analysis? 

18.8 How would you identify changes in the 
seasonal pattern of a series? 

18.9 How should you treat seasonals that 
change abruptly? How should you treat those 
that change gradually? 

18.10 Why is seasonality a problem not only 
for the individual firm but also for the whole 
economy? 

18.11 Why is diversification the best solution 
for seasonal fluctuations? Under what condi¬ 
tions is this solution possible? 

18.12 What are the merits and disadvantages 
of the ratio to trend method compared with 
the ratio to moving-average method of com¬ 
puting a seasonal index? 


18.13 What do we mean by the term “desea- 
sonalized data"? What elements do such data 
contain? 

18.14 Many published economic time series 
are in the deseasonalized form, but only a 
small percentage of published series are 
adjusted for trend. Why is the correction for 
seasonal made so much more frequently than 
for secular trend? 

18.15 Why can we assume that annual data 
contain only trend and cyclical forces? 

18.16 Why do we often prefer to estimate 
cycles as relative deviations from the trend 
rather than as amounts of deviations from 
the trend? 

18.17 Why is it more desirable to measure 
cycles from monthly data than from annual 
data? 

18.18 What are the reasons for considering 
the estimate of Cl as the estimate of Cl 

18.19 Why is the estimate of Cl biased? 

18.20 If you are asked to estimate cycles 
from a 12-month moving average, how would 
you go about it? 

18.21 It is sometimes believed that a better 
estimate of cycles can be obtained by adjust¬ 
ing original data by specific seasonal indexes. 
What do you think is the reason behind it? 
Do you agree with the reason? Defend your 
answer. 

18.22 Consult a copy of Business Statistics 
in your library and select a series of your own. 
The series should be about ten years in 
length. Then do the following: 

a. Compute an appropriate trend line for the 
series, with the first month of the series as 
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the origin. Plot the original series and its trend 
in one diagram. 

b. Compute a typical seasonal index for the 
series by the ratio to moving average method. 
Use the short cut to calculate your moving 
averages. Plot the results. 

c. Estimate Cl and plot the results. 

d. Give a verbal description of your Cl curve, 
(Note: If the series you select is one of chang¬ 
ing seasonals, then estimate C by dividing the 


specific seasonal indices into data that have 
been adjusted for trend.) 

18.23 Compute percentage deviations of 
cyclical residuals and percentage deviations 
of cyclical relatives for data in Table 17.1. 

18.24 Do the same as for the preceding prob¬ 
lem for data in Table 17.5. 

18.25 Follow the instructions for Problem 
18.23, using data in Table 17.6. 



19 
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29.2 

Association 
between Variables 


So far we have been concerned with anal¬ 
ysis of univariate data; that is, a single observation is made on each elementary 
unit of the sample, with a sample of values for a single variable. The sample sta¬ 
tistics computed are then used to make inferences about the corresponding pa¬ 
rameters of the parent univariate population. In this chapter and the one that 
follows, we shall study bivariate and multivariate populations. A bivariate population 
is one that contains two measurements on each elementary element. For example, 
we may observe the height and weight of each individual in a population of adult 
men. All the measured heights would form a variable, say, X ; all the weights, 
another variable, say, F. When each element of a population can yield three or 
more measurements, each referring to a specific characteristic, we have what is 
called multivariate data. For instance, lengths, diameters, and breaking strengths 
of steel bars produced by a certain process give us three variables with which to 
work. The main problem in analyzing bivariate or multivariate data is to dis¬ 
cover and measure the association or covariation between the variables and to 
determine how the variables vary together. Thus, we may observe that taller men 
are usually heavier and shorter men are usually lighter. This is, of course, only 
true on the average, since there are exceptions, such as short and heavy men, or 
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tall and light men. If, however, this average relationship can be established in 
some functional form mathematically, we will be in a position to estimate quite 
accurately, on the average, the weight of a man on the basis of his height. Such a 
procedure is called estimation by association. 

The technique of estimation by association is far more sophisticated and useful 
than our homely example of heights and weights. This procedure is actually one 
of prediction, and prediction is the central function of sciences. The main task 
of any scientific study is to discover the general relationships between observed 
variables, and to state the nature of such relationships precisely in mathematical 
terms, so that the value of one variable can be predicted on the basis of that of 
another. Let us give a few examples to show the important place that decision by 
association holds in business and economic statistics. 

A direct test of the quality of many kinds of product is destructive. However, 
if it can be found that a given property of a product is related to another char¬ 
acteristic of the product, the former can then be evaluated in terms of the latter. 
Thus, the breaking strength of metal parts manufactured from compressed metal 
powder can be determined by density as measured in weight; the shearing strength 
of joints on airplane wings can be tested by observing the diameter of welds; and 
so forth. These examples illustrate that decision by association often reduces costs 
in decision making. 

We know that average consumption expenditures are associated with a variety 
of factors: disposable income, interest rate, population size, age composition, 
size and distribution of liquid assets, and so on. However, to relate all these vari¬ 
ables to consumption is extremely cumbersome. Moreover, these variables may 
not be operating on consumption at the same time, or to the same significant 
degree. Under these circumstances, the most fruitful tactic is to relate consump¬ 
tion to the most important single factor. This is determined by studying the 
nature and degree of association of each factor to consumption. If we find, say, 
that disposable income exerts a clear-cut and most powerful influence upon con¬ 
sumption, we may then predict consumption expenditures on the basis of dis¬ 
posable income alone. This example shows that we are sometimes able to find a 
sufficiently good explanatory variable when restricting our investigation to the 
bivariate analysis. 

To estimate the selling expenses of each branch office of a chain retailing 
organization on the basis of mean selling expenses may be quite unsuccessful 
because of an extremely large standard deviation. Since there is reason to believe 
that selling expenses are usually associated with the volume of sales, more accurate 
estimates of the former can often be made on the basis of the latter. Here, we have 
an illustration of the possibility of increasing precision in prediction by employing 
association analysis. 

The employment policy of hiring personnel on probation is usually time- 
consuming and expensive. If it can be established that the performance of workers 
is associated with the results of certain tests, then time and money can be saved 
by adopting the policy of predicting an applicant’s performance on the job on 
the basis of the related variable, test scores. 

There are two related but distinct aspects of the study of association between 
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variables. The first is called regression analysis, which attempts to establish the 
“nature of relationship” between variables; that is, in regression analysis, we 
study the functional relationship between the variables so that we may be able 
to predict the value of one on the basis of another or of others. Conventionally, 
the variable or variables which are the basis of prediction are called the inde¬ 
pendent variable or variables, and the variable that is to be predicted is referred to 
as the dependent variable. 

The second aspect of association analysis is referred to as correlation analysis, 
which is concerned with determining the “degree of relationship” between vari¬ 
ables. In the study of correlation the designation of dependent and independent 
variables is purely a personal choice and is of no practical significance. 

It may also be noted now that association analysis may be distinguished as 
simple and multiple. Simple association analysis refers to a situation in which there 
is only one independent variable; that is, bivariate data. Multiple association 
analysis studies the relationship between three or more variables. Association 
analysis can also be differentiated as linear and nonlinear, according to the types 
of relationships that the variables have. In this chapter, we shall be concerned 
with simple linear association models. Multiple linear, and simple and multiple 
nonlinear, association models will be presented in the following chapter. 

/■ ■ 19.2 " i:! 

j 1 The Linear Bivariate 
j Regression Model 


In regression analysis, as in other types 
of statistical studies, we usually proceed by observing the sample data and using 
the results obtained as estimates of the corresponding population relationship. 
To make valid inferences, we must assume some population model. For a bi¬ 
variate population, there are many possible models that can be constructed to 
describe the mutual variations of the two variables. The particular one in which 
we are interested at this time is called the simple linear regression moclel, w T hich is 
constructed under the following set of assumptions: 

(1) The value of the dependent variable, Y, is dependent in some degree upon 
the value of the independent variable, X. The dependent variable is assumed to 
be a random variable, but the values of X are assumed to be fixed quantities that 
are selected and controlled by the experimenter. The requirement that the inde¬ 
pendent variable assume fixed values, however, is not a critical one. Useful results 
can still be obtained by regression analysis in the case where both X and Y are 
random variables. 

(2) The average relationship between Y and X can be adequately described 
by a linear equation whose geometrical presentation is a straight line, as in Figure 
19.1. The height of the line tells the average value of Y at a fixed value of X. When 
X = 0, the average value of Y is equal to A. The value of A is called the Y inter¬ 
cept, since it is the point at which the straight line crosses the Y axis. The slope 
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Y 



Figure 19.1 Properties of a straight line. 

of the line is measured by B, which gives the average amount of change of F per 
unit change in the value of X. The sign of B also indicates the type of relationship 
between Y and X. 

(3) Associated with each value of X there is a subpopulation of Y. The dis¬ 
tribution of each Y may be assumed to be normal or nonspecified in the sense that 
it is unknown. In any event, the distribution of each subpopulation Y is condi¬ 
tional to the value of X. 

(4) The mean of each subpopulation Y is called the expected value of Y for 
a given X; E{Y |X) = p yx . Furthermore, under the assumption of a linear rela¬ 
tionship between X and F, all values of E(Y |X), or y yx , must fall on a straight 
line. That is, 


E(Y |X) = ii yx — A + Bx (i9.i) 

which is the population regression equation for our bivariate linear model. In this 
equation, A and B are called the population regression coefficients . Assumptions 
(3) and (4) are portrayed by Figure 19.2. 

(5) An individual value in each subpopulation F, as indicated by Figure 18.3, 
may be expressed as 

y = E(Y\X) + e < 19 . 2 ) 

where e is the deviation of a particular value of Y from y yx and is called the error 
term or the stochastic disturbance term. The errors are assumed to be independent 
random variables because Fs are random variables and independent. The expecta¬ 
tion of these errors are zero; E(e) = 0. Moreover, if Fs are normal variables, the 
error term can also be assumed to be normal. 

(6) Finally, we assume that variances of all subpopulations, called variances 
of the regression , are identical. Namely, 

= <T 2 2 = * * • - <7„ 2 - er 2 - cr yx 2 = E(Y - X(F[X)) 2 
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It is interesting to note that the common variance of the regression is also identical 
with the variance of the error term. Namely, 

F(F) = V(e) = a yx 2 

since 

= (y ~ E(Y\X)) 2 = e 2 = E(e - E(e)) 2 = V(e) 

Due the fact that e shows the error of Y with respect to n vx , <r„* 2 is often called the 
residual variance. The definitional equation for this value is 

9 __ 2 ( 2 / — }X yx ) 2 

Vyz — N (19.3) 

The square loot of a yx 2 is called the standard deviation of the regression and is 
denoted as u yx . 

To summarize: The simple linear regression model consists of the following 



Figure 19.3 Deviation of an observation of Y from the regression. 
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Density 



three equations: 

}Xyx = A + Bx 

y = E(Y\X) + e 

2(y ~ Vyx) 2 

= - N 

These equations describe and summarize regression behavior of bivariate popula¬ 
tion data. Furthermore, if the subpopulations are normally distributed, this 
model can be portrayed by Figure 19.4. 


19.3 

Estimating 
the Population 
Regression Equation 


With the linear regression analysis, the 
main task is to estimate the population regression coefficients A and B in equation 
(19.1) on the basis of n pair sample observations: (x h yi), (x 2 ,y 2 ), • * ’ , (z»,2/n)- 
Let us denote the estimates of A and B by a and b respectively; then the sample 
regression equation becomes 

y c = a + bx < 19 * 4 > 

Since n yx = A + Bx , y c , or (a + bx), is in effect an estimator of \i yx . Here (a + bx) 
is called a linear estimator because it represents a linear relationship. 

From our discussion on the properties of estimators in Chapter 9, we can say 
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that (a + bx) is an unbiased estimator of m yx if 

E(a -f- bx) = A - f- Bx 

which implies that 

E(a) = A, and 
E(b) = B 


Furthermore, if there are many procedures available to estimate (A + Bx), 
(a + bx) is said to be the minimum variance, or the best, estimator of n yx if the 
scatter of (a + bx) around (A + Bx) is less than the dispersion of any other 
estimator obtained by any other procedure. If the distributions of subpopulations, 
Fs, are not specified, and if they possess equal variances corresponding to fixed 
X values, then according to the Gauss-Markov theorem, the best linear estimator 
of (A + Bx) can be obtained by the method of least squares. On the other hand, 
if the subpopulation distributions have been known or assumed to be normal, then 
we may apply the maximum likelihood method to obtain an unbiased estimator 
of (A + Bx) because we now know the form of the density functions of Fs. 

Let us proceed to see how the best estimator of \x yx can be obtained by the 
least squares method. First, define the estimator of e as 


e = y - ijc = y ~ a - bx 


Namely, e is the residual of y from y c . Then the procedure of estimating the 
population regression coefficients by the least squares method is to find a and b 
that will minimize the sum of squared deviations of e. That is, a and b must 
be found such that 

Ze 1 = Z(y — a — bx)* = minimum 


This requirement is met, according to the Gauss-Markov theorem, if a and b are 
determined by solving simultaneously the following set of normal equations: 

1. Zy = na + bZx 

2. 2 xy = aZx + bZx 2 


It turns out that the estimation of (A + Bx) by the maximum likelihood 
method also requires the solution for a and b from the foregoing set of normal 
equations. 

All quantities in the above normal equations can be computed from sample 
data. For the sake of simplicity, however, we usually solve for a and b first in 
terms of other quantities in the normal equations. Then values of a and b can be 
computed directly from sample data. To solve for b, we multiply the first equation 
by 'Zx and the second by n, and then subtract the first result from the second so 
that a can be eliminated. As a result, we have 


nZxy — ZxZy 
nZx 2 — (Zx) 2 


(19.5) 


Substituting the right side of the foregoing expression for b in either one of the 
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two normal equations yields 


__ Xx 2 Xy — XxXy Xy Xx 
~ «2x 2 - (Xx) 1 = l[~ h -^ = y~ hx 


(19.6) 


where y and x are the means of Y and X , respectively. 

To illustrate, let us suppose that a manufacturer of spot welds of aluminum 
of high shearing strength wishes to predict shearing strength by the diameters of 
spot welds instead of by destroying the product for that purpose. A sample of 
ten welds, taken to establish the relationship between the two variables, yields 
the following result: 


TABLE 19.1 DIAMETERS AND SHEARING STRENGTH OF SPOT 
WELDS OF ALUMINUM 


Weld Diameter 
(in inches) 

Shearing Strength 
(in thousands of pounds) 

2.4 

7.0 

1.8 

5.3 

1.6 

4.2 

1.0 

3.3 

1.2 

3.8 

1.1 

6.6 

2.8 

8.5 

1.6 

6.6 

1.5 

4.5 

2.3 

8.8 


The first step in regression analysis is to construct a diagram of the sample 
data to see whether or not the dependent variable does depend to some extent 
upon the independent variable, and whether the average relationship between 
them can indeed be explained by a straight line. Such a diagram is called a scatter 
diagram, in which each point corresponds to a pair of values, (xi,y,). The scatter 
diagram for our illustrative data is shown in Figure 19.5. 

Observing carefully the scatter diagram, we can obtain some distinct impres¬ 
sions. First, there is a clear positive relationship between diameters and shearing 
strength of the welds; that is, the former, on the average, seem to increase with 
the increase of the latter. Second, the points seem to scatter from each other to a 
great extent, but they also seem to have a linear relationship among them; that 
is, their average relationship can be adequately described by a straight line. These 
observations strengthen our belief that linear regression analysis can be fruit¬ 
fully applied to the sample data on hand. 

The next step is to fit a straight line through the points in the scatter diagram. 
This is done by computing a and b, the sample regression coefficient, with formulas 
(19.5) and (19.6). To compute these values, we need to accumulate Xx, Xy, Xxy, 
and Xx 2 . For later calculations, we also need Xy 2 . All these sums can be arranged 
in one table; for our example, they are accumulated in Table 19.2. The last two 
columns in this table are for use in checking the accuracy of our calculations as 
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Shearing 

strength 



0 1.0 1.5 2.0 2.5 3.0 

Weld diameter 


Figure 19.5 Scatter diagram for weld diameters and shearing strength. 


carried out below the table. From the sums in Table 19.2, we have 
7 (10) (109.53) — (17.3) (58.6) . 


(10)(33,15) - (17.3) : 


= 2.531 thousand pounds per inch 


a = 5.86 - (2.531)(1 73) = 1.481 pounds 
Our estimate of the population regression equation is therefore 

y c = 1.481 + 2.531# 


TABLE 19.2 SUMS REQUIRED FOR REGRESSION COMPUTATIONS 


(x + y) (x 4- y) ■ 



n — 10 pairs of observations 
2z = 17.3 
22/ = 58.6 
2 xy — 109.53 
33.15 
22/2 = 377.12 


For checks, we note: 

17.3 + 58.6 = 75.9 

33.15 + 2(109.53) + 377.12 = 629.33 


x — 1.73 
y = 5.86 
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The estimate of A, as in this particular instance, has no practical significance. 
In general, the a value has only the mathematical significance that it, together 
with b, locates the position of the regression line. The b value, however, is always 
of importance. As in the present case, it is an estimate of the average amount that 
the shearing strength is increased by each additional inch in the diameter of 
welds. Specifically, the value 2.531 means that the shearing strength is estimated 
to increase by an average amount of 2.531 thousand pounds per inch increase in 
diameter. 


19.4 

Computing a and b 
with Coded Data 


When values of X and F are large, it 
becomes quite time-consuming to compute the Y intercept and the slope of the 
sample regression equation. There are two ways to save time and effort in comput¬ 
ing a and b. The first is referred to as a shift of the origin. This is done by deducting 
a constant, say, c from each value of X, which results in a new variable, X'; and 
by deducting a constant, say, k from each value of Y, which results in a new 
variable, Y'. Then calculations are made with X' and Y f . 

As is shown by Figure 19.6, the shift of the origin from (0,0) to (c,k) does not 
affect the slope but it does affect the F intercept. Thus, while 

^ _ ij nZx'y' - 

b ~ b = n2x'> - &x’y <19 ' 7) 

without further adjustment, a should be computed as 

a — (y f + k) — b(x' + c) = y' — bx f + (k — be) = a' + (k — be) ( 19 . 8 ) 
since X' = X — c, and Y' = F — k. 

The second short-cut is called reducing the scale. According to this procedure, 
both X and F are divided by a constant, say, g, to obtain the new variables, X' 
and Y'. Again, calculations with X' and Y' will have no effect upon b, and again 
a is affected and must be converted back to the original scale by multiplying a' 
by g. That is, 

a = a'g (19.9) 

As an extension of reducing the scale, the scale can also be inflated before 
calculations are made. In this case, both X and F are multiplied by a constant 
to yield X' and Y'. This procedure is especially appropriate when we wish to get 
rid of the decimal points in the original data. For example, in our illustrative data, 
we may multiply both X and F by 10 before a and b are computed. Here again, 
b = b' but a — a'/m, where m is the common multiplier. 




Needless to say, both methods of shifting the origin and reducing the scale can 
be combined in order to simplify computations of the estimators of population 
regression coefficients. For instance, we may let X' = X/g — c and Y' = Y/g — k, 
or we may let X' = mX — c and Y' = mY — k for computational purpose. In 
each of these two possibilities, does b = b' as before? How should a ' be adjusted 
accordingly to get a in each case? 


19.5 

Estimating 
the Variance and the 
Standard Deviation of 
the Regression 


The sample regression equation, y c = 
a + bx, is called the predictive equation because its main function is to predict 
the mean value of F, or the value of an individual observation of F, associated 
with a given value of X. But how good is it as a predictive device? The answer to 
this question evidently rests upon the variability of the individual F values from 
the computed values (averages) of F associated with the X values. One way to 
visualize such dispersion is to draw a regression line through the points in the 
scatter diagram and to connect the former with the latter by vertical lines, as 
depicted in Figure 19.7. To draw r the regression line, it is only necessary to plot 
two y c values with, perhaps, a third as a check. The regression line, of course, 
represents estimated values of u yx . Examining Figure 19.7, w r e find that the line 
seems to fit the points fairly well, but the points still deviate somew'hat from the 
line. The numerical measure of such deviations is the estimate of the population 
variance, or the estimate of the population standard error, of the regression. The 
<r yx 2 is estimated by using the minimum variance, or maximum likelihood, esti- 
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mators of a and b, as follows: 


2(y — a - bx) 2 = 2(y - y c y 
n — 2 n — 2 


(19.10) 


This is an unbiased estimator of a yx 2 . Here, (n — 2) degrees of freedom is used as 
the denominator. The two degrees of freedom lost correspond to the number of 
regression coefficients. The positive square root of the estimator u yx is called the 
estimator of the population standard deviation of the regression, or the sample 
standard deviation of regression . It is also sometimes, rather misleadingly, named 
the standard error of estimate. 

Quantities required to compute & yx 2 are given in Table 19.3. From this table, 
and by (19.10), we have for our illustrative example 


and 


13.1468 

“ 10-2 


1.64 


& yx — \Zl.64 = 1.28 thousand pounds 


Equation (19.10) is the theoretical formula for & yx 2 and it involves a great deal 
of work, especially when samples are large. For practical work, this measure is 
usually obtained by the following expression: 


hy 2 — ahy — b2xy 
n - 2 


(19.11) 


This formula indicates that when a and b have been calculated, the only new 
quantity needed to compute & yx 2 is Xy 2 . Applying it to our example, we have 


Vyx 2 


37*7.12/ — (1.481) (58.6) 


(2.531) (109.53) 


10-2 


= 1.64 


as before. 

A precise interpretation of & yx 2 or & yx will be given later in connection with our 
discussion on the “coefficient of determination.” For the time being, we may 
consider the sample variance, or the sample standard deviation, of the regression 
as a measure of the “closeness” of the relationship between the two variables. 
The smaller either measure is, the closer are the Y values to the regression line, 
and thus the more accurate is the regression equation as a predictive device. We 
should also note here that larger samples will aid in locating the regression more 
accurately but will not reduce the standard deviation of regression very much. 

An interesting in dication of the utility of the re gre ssion analysis that may be 
seen here is in the compaHsoITbetween the standard deviatffi^ 
an(TtHe standard devialion of Y computed witlTyT In our illustration, & y of shearing 
strength does not take diameter into consideration. Let us compare Figures 19.7 
and 19.8, both plotted with the data of our present example. Figure 19.7 shows 
the vertical deviations of ys from the regression line, and Figure 19.8 shows the 
vertical deviations of ys from their mean y. It is clear from these two diagrams 
that 2 ( 2 / — y c ) 2 is much smaller than 2 (y — y) 2 . To put this difference in numerical 
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TABLE 19.3 COMPUTATION OF THE ESTIMATE OF STANDARD DEVIATION OF REGRESSION 



Observed values 

Calculated 

Shearing 

Strength 

Vc 

.(3) 

y - yc 

(4) 

(y - yc) 2 
(5) 

Diameter 

X 

(1) 

Shearing 

Strength 

y 

(2) 

2.4 

7.0 

7.56 

-0.56 

0.3136 

1.8 

5.3 

6.04 

-0.74 

0.5476 

1.6 

4.2 

5.53 

-1.33 

1.7689 

1.0 

3.3 

4.01 

-0.71 

0.5041 

1.2 

3.8 

4.52 

-0.72 

0.5184 

1.1 

6.6 

4.26 

+2.34 

5.4756 

2.8 

8.5 

8.57 

-0.07 

0.0049 

1.6 

6.6 

5.53 

+1.07 

1.1449 

1.5 

4.5 

5.28 

-0.78 

0.6084 

2.3 

8.8 

7.30 

+1.50 

2.2500 

1F3 

58.6 

58.60 

0 

1 

13.1468 


terms, we find, as can be verified from the column for Y in Table 19.2, that 
< _ j^ly - yY /33.724 

(Jy ^ _- = 194 thousand pounds 


which is 0.66 (= 1.94 — 1.28) thousand pounds greater than & yx . This rather large 
reduction in variations suggests that the size of diameter does help considerably 
in estimating shearing strength. In other words, it suggests that the relationship 
between shearing strength and diameter is rather close, and that; the average 
shearing strength may vary to a large extent with diameter. We shall have 
occasion to return to this point later in this chapter. 

Shearing 

strength 



^— - ! ’ -1-L-L-.1-1_L_1_j 

0 1-5 2.0 2.5 3.0 

Weld diameter 

Figure 19.7 Deviations from the regression. 
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Shearing 
strength 
9.0 


7.0 


5.0 


3.0 

0 1.0 1,5 " ‘ 2.0 2.5 3,0 

Weld .diameter 

Figure 19.8 Deviations from the mean. 

19.6 

Inferences about 
Population Regression 
Coefficients 

Haying obtained the sample regression 
equation, which shows the existence of a certain functional relationship, and 
having concluded that the regression equation may be a useful one on the basis 
of the sample standard deviation of the regression, the reader may jump to the 
conclusion that now the sample regression equation can be used to predict Y 
values on the basis of X values. But, at this point, the reader should realize that 
even if the sample regression equation is identical with the true regression equa¬ 
tion, prediction may still contain some error because the relationship between the 
two variables in bivariate population may not be perfect. The size of this error is 
measured by the population standard deviation of regression. This type of error 
is not due to sampling,jmd there is no way to evaluatejtJ^ecause the population 
rhgressionTdefRcmiite standard deviation of the regression are unknown. To 
predict with the sample regression equation, moreover, there is an additional 
error due to variability in sampling. For repeated sampling with the same sample 
size, the estimates of A and B would tend to vary from sample to sample. Sam¬ 
pling errors of a and b, as usual, are evaluated in terms of their repective sampling 
distributions. 

SAMPLING DISTRIBUTION OF a 

The distribution of a has as its expectation E(a) — A and as its variance V(a) = 
a a 2 = (a yx 2 )CZx 2 )/n2(x - x) 2 , where the sum, 2, is taken over the sample. Since 
a is often of no practical importance, we shall not discuss inferences about A on 
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the basis of a, except to note that tests and estimations can be made in a fashion 
similar to that for B, discussed below. 


SAMPLING DISTRIBUTION OF b 


The estimated slope, b, is a crucial value in making predictions. It may be positive 
or negative, suggesting a positive or negative relationship between the two vari¬ 
ables. But, b , being a sample statistic, is subject to sampling variability. That is, 
because of chance variations, b may assume positive or negative values but the 
population slope may actually be zero. If this is true, then the sample regression 
equation is of no value whatsoever as a predictive device. Thus, We must have 
knowledge of the nature of the sampling error in b and its size before we can use 
the sample regression equation with confidence. 

The sampling distribution of b, to state without proof, is normal if Y (or e) is 
normal or if n > 30. When n < 30, b is distributed as Student’s t with n — 2 
degrees of freedom. Furthermore, in both cases, the distribution of b has as its 


expectation, E(b) — B , and as its variance V(b) — <n> 2 — 
estimator of V(b) is 


2 (a; — #) : 


The unbiased 




2 (a; — x) 2 2a; 2 — (Zx) 2 /n 


(19.12) 


The square root of the unbiased estimate of V(b ) is the unbiased estimate of the 
standard error of b and is denoted as fa. 

When the distribution of Y is unspecified, the distribution of b cannot be 
specified either. In this case, therefore, testing and estimation of 6, either with 
the normal or the t distribution, can be considered only very rough measures of 
significance and confidence. 


TEST ABOUT, AND CONFIDENCE INTERVAL FOR, B 

Conventionally, to test the significance of b we formulate the null hypothesis that 
the population slope is zero, that is, B = 0; and the alternative hypothesis that 
the population slope is not zero, that is, B ^ 0. When samples are large, we use 
as the testing statistic 

„ b — B 

Z = - (19.13) 

Vb 


When samples are small, we use 

b-B 

t = -;-- (19.14) 

<?b 

as the testing statistic. Here, for t, 8 — n — 2. 

Suppose that we wish to test B — 0 against B ^ 0 with our illustrative data 
at, say, a == 0.05, with <5 = 10 — 2 = 8; then the critical values would be ±2.306. 
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And 


2.531 - 0 

t = = 3.55 

/ 1.64 

* 33.15 - (17.3) 2 /10 

which is greater than 2.306. Thus we conclude that the difference between the 
estimate slope and the hypothetical population slope cannot be explained by 
chance variation alone, and the null hypothesis is rejected at the 5 percent level 
of significance. This conclusion suggests that Hi is true and that the sample 
regression equation should not be discarded. It can be used for predictive purposes. 
The corresponding 95 percent confidence interval for B is 

b ± 2.306(76 = 2.531 ± 2.306(0.713) = 0.089 to 4.175 
or 

0.089 < B < 4.175 

The positive value of the lower confidence limit here indicates that we have 
established, at the 95 percent level of confidence, that the true slope is positive; 
namely, B ^ 0. 


19.7 

Confidence Limits 
of Prediction 


After we have decided that the sample 
regression equation should be retained, we may then use it to predict the mean of 
Y on X, (/v), or a new observation of Y, (y), given the value of X. For this, we 
must be able to answer the question: How reliable is our prediction? The reply 
here again is made with our understanding of the distribution of y c and y. 


CONFIDENCE INTERVAL FOR fx yx 

The estimator of ^, yz is y c . It can be shown that the sampling distribution of y c is 
a t distribution, with 5 = n — 2. The expectation of y c is 

E(y c ) = E(a + bx) = E(a) + E{b)x = A + Bx = n yx 

Thus, we see that y c is an unbiased estimate of (i yx . In this derivation, we should 
remember that X is not a random variable and, consequently, E(b)x = Bx. The 
variance of y c can be derived from the sample regression equation, 


where 


y c - a + bx 
a — y — bx 


and, therefore, 


y c = y + b(x — x) 
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From this new expression for the sample regression equation, we have as the 
variance of y c , given x, 

2 

V(y c ) = <t„, 2 = V{y + b(x - x)) = V(y) + V(b(x - x)) = ^ + V(b)(x - x)* 

n 


= Zsi. _|_ Zll _ ( T _ xY = a 2 + —_ — 

n + 2(x - xY ’ "* In + 2(x - x) 2 


The square root of V(y c ) is the standard error of y c and is denoted as a Vc . 
The unbiased estimate of V(y c ) is 



(x — x) 2 
2 (a; — x ) 2 . 


(19.15) 


and the positive square root of this quantity is the unbiased estimate of the 
standard error of y c , denoted as & Vc . 

Examination of (19.15) shows that the variance or standard error for y c 
depends upon the given value of X. If x = x, it has its minimum value, since 
then V(y e ) = o- yx 2 /n. The farther x is from x, the greater is the variance or the 
standard error. Consequently, predictions of ii yx are more precise the closer the 
fixed values of X are toward x. We become less and less sure about the relationship 
between the two variables the more extreme the X values become. 

With the standard error of y c estimated, a confidence interval for y VXf given 
the value of X, can be constructed in the usual way. For example, if we wish to 
construct a 95 percent confidence interval for our illustrative data, given that 
x = 1.48, we would have first, 



(1.48 - 1.73) 2 
3.221 


0.442 


Next, we note, for x = 1.48, 


Finally, 

or 


y c = 1.481 + 2.531(1.48) - 5.23 
y c ± tn-2;„i2* ye = 5.23 ± 2.306(0.442) = 4.21 to 6.25 
4.21 < vyx < 6.25 


Confidence intervals constructed for n y * at various fixed values of X are called 
a confidence hand for n yx . A 95 percent confidence band is computed in Table 19.4 
and the results are plotted in Figure 19.9. To speed up calculations, we may note 
that the values of X are selected so that they are symmetrical with respect to x. 
Thus, the calculations of the second half are duplicates of those in the first half. 
Note how the general shape of the confidence ban follows previous comments on 
the standard error of y e . It should be clear that this confidence band is for the 
true population regression line; not for the individual observations of Y, ys. The 
result here should be interpreted as follows: We are 95 percent certain that the 
population regression line will fall within the confidence band, as shown by Figure 
19.9. It is interesting to observe also that our confidence band is rather wide, but 
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TABLE 19.4 COMPUTATION OF 95 PERCENT CONFIDENCE INTERVAL FOR TRUE REGRESSION LINE 


X 

x — X 

(x — x) 2 

*v. 

Vc 

Ve ± 2.306 (& yo ) 

0.98 

-0.75 

0.5625 

0.672 

3.96 

2.41-5.51 

1.23 

-0.50 

0.2500 

0.540 

4.59 

3.45-5.84 

1.48 

-0.25 

0.0625 

0.442 

5.23 

4.21-6.25 

1.73 

0.00 

0.0000 

0.404 

5.86 

4.93-6.79 

1.98 

+0.25 

0.0625 

0.442 

6.49 

5.47-7.51 

2.23 

+0.50 

0.2500 

0.540 

7.13 

5.88-8.38 

2.48 

+0.75 

0.5625 

0.672 

7.76 

6.21-9.31 


it is still not wide enough to contain a regression line of zero slope. This reinforces 
our confidence once again that the true regression is indeed to some extent posi¬ 
tively sloped. 


CONFIDENCE INTERVAL FOR AN INDIVIDUAL OBSERVATION y 

Sometimes w T e are interested in predicting the value of an individual observation 
of Y instead of the average value of all Y values associated with a given value of 
X. For example, given a student whose IQ is 105, what is his predicted perform¬ 
ance at college? Here, we are not asking for the average performance of all 
students whose IQ is 105. The problem of predicting about an individual value is 
dealt with by constructing a confidence interval for y. 

For the construction of a confidence interval for y, we start with an evaluation 
of the distribution of the difference y c — y. Given the value of X, the expected 
value of this difference is 

E(yc ~ y) = E(y c ) - E(y) = n yx - » yx = 0 

Shearing 

strength 



Figure 19.9 Confidence interval for the true regression line. 
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and the variance of this difference is 


V(y c - y) = aVv = V(Vc) + V(y) = V(y) + V(y) + V(b(x - x)) 


— cr h 


+ -^ + 


2 (as — x) 2 


ZTo & ~ *)' 


2 I ! + 1 + S s - 

^ n 2(s - 2) 2 . 


Again, using u y 2 as an estimate of <r yz 2 , we have the estimate oi,V(y c — y) as 
follows: 


12 _ 

y e —v ~ Gy* 




n Z(x — x)' 


(19.16) 


Note that V(y e — y) is greater than V(y c ) by a factor of 1. This implies that the 
prediction of y is less precise than that of y c . Again the positive square root of 
(19.16) is an unbiased estimate of the standard error of (y c — y) and is denoted 
as 6y~y. 

ijc y 

It can be shown that the ratio — a -- is distributed as ^_ 2 . From this fact, we 

Vve-y 

can easily derive a confidence interval for y as follows: 

P (~tn-2;aj2 < “ “ < tn-2-al?\ ~ 1 — a 

\ a y e —y / 

which, by rearranging terms, becomes 

Vc tn—2;al2<Ty e —y ^ "n |/c "f tn—2;a/20’y c — y 

Again as before, given x — 1.48, we have as our point estimate of an indi¬ 
vidual or new observation y 

y c = 1.481 + 2.531(1.48) = 5.23 

for which, the standard error is 


= 1-28 


pE . , 36 


3.221 


With these values, a 95 percent confidence interval for y with x = 1.48 becomes 

5.23 - 2.306(1.36) < y < 5.23 + (2.306)(1.36) 
or 

2.09 <y < 8.37 

A confidence band can also be computed for y at various values of X. The 
interpretation here is the same as that for the regression line, except that, for 
obvious reasons, the confidence band for ys is much wider. 

To conclude this section, we should note that in the prediction of either Hy X 
or y, we should not fix the value of X so that it is outside the range of As employed 
to determine the sample regression equation. This is due the fact that the rela¬ 
tionship between the two variables below or above the range of the X values 
may not be the same as that which has been observed within the range. In general, 
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the narrower the prediction limits, the more useful is the independent variable 
as the basis for predicting the values of the dependent variable. The factors that 
influence the width of prediction limits for both the average value of ys and 
individual new observations are the same and are indicated in equations for their 
respective variances. These factors are summarized below: 

(1) The estimated standard deviation of the regression varies directly with 
the prediction intervals. The size of sample standard deviation of regression, 
however, does not depend upon the sample size very much; it is inherent in the 
particular bivariate population. 

(2) The prediction interval varies inversely with n for two reasons: The larger 
n is, the larger is the quantity 2 (x — x) 2 and, therefore, the smaller is the standard 
error; the larger n is, the smaller is the critical value of t n ~2 and, therefore, the 
narrower is the confidence interval. 

(3) The greater the variability of the independent variable is, the narrower 
will be the interval, since the quantity 2 (x — x) 2 will be large. 

(4) As has already been pointed out, given the first three factors, the predic¬ 
tion limits become wider as the fixed X value departs farther from x. This is so 
because the quantity (x — x) 2 will increase as the difference between x and x 
increases, and therefore increases the standard error. 


19.8 

Population 

Correlation 

Coefficient 



Up to now, we have confined our discus¬ 
sion to the type of relationship between two variables. In some problem situations, 
however, we may be interested in discovering the degree of relationship between 
the two variables. For example, the federal government, in deciding on educa¬ 
tional grants to a state or city government, may consider per capita income as a 
measure of the latter’s ability to finance its own schools. Thus, the federal govern¬ 
ment may decide that per capita income is an appropriate criterion for the deci¬ 
sion because there is a high degree of relationship between per capita income and 
expenditures per student in each locality. Otherwise, another decision criterion 
should be chosen. 

The measure for the degree of relationship between two variables is called the 
correlation coefficient , universally denoted as p, the Greek letter rho. The assump¬ 
tions that constitute a bivariate linear correlation population model are briefly 
noted below: 

(1) Both X and Y are random variables. As such, the two variables do not 
have to be designated as dependent and independent. Any designation will yield 
the same result. 
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(2) The bivariate population is normal. A bivariate normal population is one 
in which both A and F are normally distributed. The expectation and variance 
of X are E(X) — p x and V(X) — a x 2 , respectively, and the expectation and vari¬ 
ance of Y are E(Y) — p y and F(F) — <j v 2 , respectively. 

(3) The relationship between X and Y is linear. This assumption of linearity 
implies that all the means of Fs associated with each and every X value, p vx , fall 
on the regression line of F on X: ti yx = A + Bx. Also, all the means of As asso¬ 
ciated with each and every F value, p xy , fall on the regression line of A on F: 
v xy = A' + B'y. Furthermore, the population regression coefficients in the two 
equations are the same if and only if the relationship between X and F is perfect. 
Otherwise, with F dependent, intercepts and slope will differ from the regression 
equation with A dependent. 

Under the foregoing assumptions, the population correlation coefficient is 
defined in terms of the covariance between A and F as 

cov (X, F) = E(X - p x )(F - y y ) ■ 

VE(X - „,)» VE(Y - v.«Y <19 ' 17) 

A number of things may be observed from the above definition. First of all, 
it is a function with five parameters: p x , <r x , ti y , <j y , and p. The last, as mentioned 
before, is the correlation coefficient for the bivariate normal population. Secondly, 
p is symmetric with respect to A and F, with the origin of p at \i x and ii y . Finally, 
p is independent of units of measurement since it is the covariance between two 
standard normal variables. In other words, p is a pure number due to the fact it is 
defined as the ratio of the covariance between A and F to the product of their 
respective standard deviations. As such, when cov(A,F) = 0, p would be 0, 
indicating that there is no relationship between the two variables. When there is 
perfect covariability betw r een A and F, and A and F vary in the same direction, 
p = 1. Similarly, when there is perfect covariability but A and F vary in opposite 
directions, p = -1. When some degree of covariability exists between A and F, 
we would have — l<p<0or0<p<l. 

It is convenient to think of the bivariate normal distribution as a three- 
dimensional surface instead of a twu-dimensional frequency curve. Figure 19.10 
is a generalized portrait of a joint normal distribution. This figure reveals that 
our particular bivariate normal surface has some degree of covariability, since the 
mound-shaped surface is not parallel to either the A or the F axis. |f v r e slice this 
population surface at a given A value, we have a frequency curve giving the 
frequency of F at that A value. That is, w^e have the distribution of the subpopu¬ 
lation F that corresponds to the selected A value. Similarly, if we slice the popu¬ 
lation surface at a selected F value, a subpopulation of A associated with this 
particular F emerges. Now, if w 7 e take any cross section of the surface parallel to 
the AF plane, this cross section will be an ellipse. Furthermore, this cross section 
will approach a circle wdien p = 0, a straight line w r hen p — +1, and some in- 
between shape when imperfect correlation exists. These cases are illustrated by 
the shapes in Figure 19.11. : 
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f(xy) 



Y 


Figure 19.10 Bivariate normal distribution. 


Y 



Figure 19.11 Ellipses from correlation surfaces. 


19.9 

Sample 

Correlation 

Coefficient 

When a sample of n pairs of observations 
is drawn, each X value is a random observation from the X population, and each 
Y value is a random observation from the Y population, but the two are not 
necessarily independent; and when the assumption of bivariate normal population 
is met, the maximum likelihood estimator of p, usually denoted as r, is obtained 
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by the following expression: 

2(x - x)(y - y) _ _ 2xy - nxy _ 

P r \ /, 2(x — x) 2 y/2(y — y) 2 V( 2x 2 — nx 2 )(2y 2 — ny) 2 


n2xy — 2x2 y 

V[nXx 2 - (Sx) a ][»2j/ 2 - (2 V y] 


(19.18) 


which may vary from — 1 through 0 to +1. 

We note that all the quantities in (19.18) are the same for regression analysis. 
Referring to the sums in Table 19.2, we have, for our illustrative data, 


(10) (10 9.53) - (17.3) (58.6) _ 

V[10(33.15) - (17.3) 2 ][10(377.12) - (58.6) 2 ] 


+0,78 


Since r is a pure number, shifting the origin and changing the scale of unit do 
not affect its value. Thus, we may let X f = X - c and F' = Y - k, or let 
X' = X/g and F' = Y/g, or let X' = mX and Y’ = mY, and can compute r with 
(19.18) with X r and F' in each of these cases without additional adjustment. 
Needless to say, two or more of these coding methods can be employed to compute 
r. A special procedure of coding is of particular interest here: If we define X r — 
X — x and Y' = Y ~ y, then both 2x and 2y become zero, and (19.18) is reduced 


to 


n2 x'y f _ 2x’y' 

V(n2x'*)(n2y'*) ~ V(2x' 2 )(Sj/' a ) 


(19.19) 


which is sometimes called the product-movement formula for the sample correlation 
coefficient. 


19.10 

Inferences 
about p 


The estimator r, like other statistics, is 
subject to sampling variations. When we obtain a positive or negative r, we may 
not be at all sure, because of sampling error, that the corresponding value of p is 
also positive or negative. This situation calls for a test of significance. 

For the purpose of testing, we note that the sampling distribution of r varies 
with the value of p and the sample size. Under the assumption that the sample is 
drawn from a normal bivariate population, r tends to be distributed normally as 
the sample size increases. This tendency is much stronger for values of p that are 
close to 0 than for values of p that are close to —1 or +1. When p = 0 and n is 
large, in other words, the distribution of r closely resembles a normal distribution. 
Figure 19.12 illustrates this point. 

The property that, when p = 0 and n is large, r is approximately normal, 
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Density 



Figure 19.12 Sampling distributions of coefficient of correlation samples of size 10; 
p = 0, p = 0.5, and p = 0.9. 

enables us to conduct the simplest and perhaps the most useful test on the null 
hypothesis that there is no correlation in the bivariate population, p = 0 , against 
the alternative that p ^ 0. When n < 30, the statistic used to test this H 0 is 



which is distributed as t n -2 if the null hypothesis is true. 

Applying such a test to our illustrative data at a = 0.05, we would accept 

Ho. p — 0 if —2.306 < t 8 < 2.306. For the value of r obtained in the last section, 
however, 

t = 0.78 J— 10 ~ 2 . = 3 48 
^1 — (0*78) 2 

Consequently, the null hypothesis that there is no correlation in the population 
is rejected at the specified level of significance. This means that a value of r as 
large as 0.78 with 5 = 8 cannot be the result of chance variations. It is significant. 
With the t test just introduced, we cannot state explicitly the extent of the 
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relationship between the two variables when the null hypothesis is rejected. If we 
desire to test a hypothesis that p has some value other than 0, or if we desire to 
construct a confidence interval for p, we may employ what is called the z trans¬ 
formation. That is, we may make a transformation of the asymmetric distribution 
of r into an approximately normal distribution as follows: 

11 + r 1 1 + r 

z r = - In --= - 2.3026 log -- (19.21) 

2 1 — r 2 1 — r 


where In is a natural logarithm and is approximately equal to 2.3026 log. Here, 
log stands for the common logarithm of base 10. It can be shown that z r is approxi¬ 
mately normally distributed with E(z r ) = z p , and the estimated standard error is 


1 

Vn- 3 


(19.22) 


To test a hypothesis about p by r, we now have the testing statistic 


which is approximately ?i(0,l). 

To avoid the computations with logarithms, we employ a table of values for 
corresponding to various values of r as given by Table A-XI. 

Now, suppose that we wish to test H 0 : p = 0.85 against Hi: p ^ 6.85 for our 
illustrative example; we refer to Table A-XI and find 

z p = 1.25615 for p = 0.85 

= 1.04537 for r = 0.78 

Hence, 


1.04534 - 1.25615 


1/V10 - 3 


= -0.55 


Since the critical value is greater than -1.96, is accepted at a = 0.05. 
Confidence limits may be computed for z p as follows: 


P(z r Z a /2&z < Zp < z r + Z a j2&z) = 1 — a (19.24) 

The conversion of £ r into r in this expression can be made by looking at the entries 
in Table A-XI for the value of z p and then checking the stub and column headings 
to find the corresponding value of r. Due to rounding and/or limited entries in 
the table, this conversion may be only an approximation. 

As an illustration of applying (19.24), we shall now make a 95 percent confi¬ 
dence interval for the problem on hand: 

1.04537 - 1.96(0.392) < < 1.04537 + 1.96(0.392) 

or 

0.28097 < < 1.80977 
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From Table A-XI, we find 


Zp r 

0.28 0.485 

1.81 0.955 


Hence, the 95 percent confidence interval becomes 


0.485 < p < 0.955 

which includes p = 0.85. 

Also, the significance of a difference between two sample correlation coeffi¬ 
cients obtained from two independent samples and their difference can be tested 
by the statistic 


where 


Zrl — Zr2 

v&,y+ 


= 


1 

V?ii — 3 


and <fz 2 = ■ .—. 

V^2 — 3 


(19.25) 


19.11 

Population Coefficient 
of Determination 


We have defined the correlation coeffi¬ 
cient of bivariate normal population as the degree of convariability between X 
and Y. This definition led us to compute r as the maximum likelihood estimator 
of p. Supposing that we are now concerned with a bivariate population whose 
distribution is unspecified, we can then define the population correlation coeffi¬ 
cient as a measure of closeness-of-fit of the regression line. This new definition is 
based on the concept of coefficient of determination, which we are about to intro¬ 
duce with the aid of Figure 19.13. This figure attempts to show the relationship 
between an individual value of Y, y, and the population regression line of Y on 
X, as well the relationship between y and the mean of Y, p y . From this figure, we 
see that the following relationship holds: 

Total error = Unexplained error + Explained error 

(1) y ~ (y Myx) H- (pyx Py) 

In the above expression, the deviation of y from ii y is the total error. The second 
term on the right side of (1), n yx — n y , is called the explained error because its 
pattern is definite in the sense that it measures the amount of error which has 
been removed after the regression line has been fitted. The term (y — ii yx ) is called 
the unexplained error because it is a random quantity and is unpredictable; it 
measures that part of the total error which still remains or is unexplained after 
the regression line has been fitted. 
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Figure 19.13 Partition of (y — (x y ). 


If we decompose each and every point in the scatter diagram as indicated by 
(1) summing all the points over the population, and squaring both sides of the 
equation of sums, we would then obtain 

(2) 2(y — fiy) 2 = My - M,x) 2 + - M,) 2 - 2 My - m**)U,* - My) 

in which the last sum is zero, since 

2(y - Hyx)(iiyx - My) = My — A — Bx) (A + Bx - fly) 

= AMy - A - Bx) + A2x(y - A - Bx) - ^(y - A - Bx) = 0 
Thus, (2) becomes 

^{y My) 2 = 2(l/ Myx) 2 ~f“ ^(Uyx My) 2 (19.26) 


which says that the total sum of squares 2(y — /if) 2 is partitioned into two inde¬ 
pendent parts: the unexplained sum of squares 2 (y — Myx) 2 , and the explained sum 
of squares Myx — My) 2 - 

Our interest in decomposing the total sum of squares rests on the fact that the 
ratio of the explained sum of squares to the total sum of squares gives us a pa¬ 
rameter of a bivariate population called the coefficient of determination. Denoting 
this parameter as p 2 , we have 


p 


2 


-^(Myx My ) 2 
~Mv ~ My ) 2 


(19.27) 


There are a number of properties of the population coefficient of determination 
which are of interest to us. First of all, the value of p 2 ranges from 0 to 1. From 
Figure 19.14, we see that its maximum value is at the point where n vx = y, since 
at this point y yx — fi y is at its maximum. Thus, 


S(Myx ~ My ) 2 ^ My ~ My ) 2 

My - My ) 2 ~ My ~ My ) 2 
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The value of p yx — p y is at its minimum when y yx = p y , and 

2 _ My) 2 _ ^i^y My) 2 _ ~ 

P 2(y - m») 2 2 (y - M „) 2 

Therefore, 0 < p 2 < 1. 

Second, we see from equations (19.26) and (19.27) that if the unexplained 
error is zero, the total error is equal to the explained error and, therefore, p 2 = 1. 
Thus, p 2 is a measure that shows the relative reduction of the total error when a 
regression line is fitted. For example, if p 2 = 0.8, it means that 80 percent of the 
variations in Y are “explained” by the variations in Z. When p 2 = 1, then we 
know that y = y yx = e = 0, indicating that all points fall on the regression line. 
When p 2 = 0, then the explained error equals zero and p yx = p y . Graphically, this 
means that the regression line is parallel to and coincides with, the line for p y . 
See Figures 19.14(a) and (b). It is important to note, in this connection, that the 
coefficient of determination is a measure of the improvement of reducing the total 
error. It is not a measure of the covariability between Z and Y. 

Third, when p 2 is close to 1, the individual points will be scattered closely and 
give the appearance of a straight line. When p 2 is close to 0, the points will be 
widely dispersed and will not resemble a straight line. Thus, p 2 can also be con¬ 
sidered as a measure of linearity of the points. It is important to observe here, 
however, that the consideration of linearity requires that the points must have 
a scatter or a distribution and that B ^ 0. In the case in which Y is a constant 
variable (that is, each individual Y value is equal to, say, c), for each value of 
Z, y = c and y = c. As such, as shown by Figure 19.15, all the points would fall 
on the regression line, which is identical with the horizontal line for p y . However, 
now the ys do not have a distribution and B = 0 = X(y — p tf ) 2 . As a result, the 
formula defining the coefficient of determination becomes meaningless. There is, 
in other words, no regression problem at all. 

Finally, as we have pointed out before, the population standard deviation of 
regression is a measure of the scatter of ys around p yx . However, if the subpopula¬ 
tions, Fs, do not possess any specific form of distribution, an explicit evaluation of 
< 7 yx cannot be made. In this case, p 2 is a much more obvious measure of the scatter 



(a) (b) 

Figure 19.14 p 2 as a measure of reducing total error. 
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Figure 19.15 Graphic illustration of the absence of regression problem. 


or of the goodness-of-fit. It is easy to show, fortunately, that a yx and p 2 are closely 
related. For bringing out this relationship, let us divide both sides of the equation 
for the sums of squares by X(y - Mj/ ) 2 in order to obtain 


1 _ ^ (y Mi/s) 2 _j_ ^(pyx ~ p y ) 1 

2(y - Py) 2 2(y - My) 2 


The second term on the right side of this expression is our definition for p 2 , thus 



~ Pyx) 2 

2(V - My) 2 “ 1 “ P 

Now, recall that 

i v , 


(y ~~ Myz) 2 

and 

„ l V 


N 2j {y ~ ^ 

We have, therefore, 

<^ 2 = (i - p 2 K 2 


This result states that, after the regression line has been fitted, the variance of Y 
has been reduced by 100p 2 percent, and there remains a residual of (1 — p 2 ) 
percent of a y 2 which is not explained. When p 2 = 1, all of a y 2 has been removed, or 
all the variations in Y have been explained by the variations in X. When p 2 = 0, 
there has been no improvement at all by fitting the regression line, and ^ x 2 = <rj. 

In concluding this section, let us note that the square root of the population 
coefficient of determination is the population correlation coefficient; namely 

VV = ±P (19.29) 

where the sign of the correlation coefficient is the same as that for B, the popula¬ 
tion regression slope. When we have a bivariate population, p or p 2 can be inter¬ 
preted as a measure of covariability as well as of closeness-of-fit. When Xs are 
fixed values, however, cov(X, Y) is undefined, and p or p 2 can only be interpreted 
as a measure of closeness-of-fit. 
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19.12 

Sample Coefficient 
of Determination 


Given the minimum variance estimator 
of the population regression line, y c = a + bx (as suggested by Figure 19.16), 
we have the following valid relationship: 

2 ( 2 / - 0) 2 = 2 ( 2 / - ycY + 2 ( 2 / c - y) 2 (19-30) 

Total error Unexplained error Explained error 

From this, we define the sample coefficient of determination as 

r 2 _ £2 _ - Uh (19.31) 

P 2(y - vY 

The sample coefficient of determination, as an estimator for p 2 , measures the 
closeness-of-fit of the sample regression line to sample observations. It can be 
shown that r 2 is a consistent and unbiased estimator of p 2 as n becomes large. We 
may also note that the square root of r 2 is the sample correlation coefficient, 

Vr 2 = ±r (19.32) 

where the sign is the same as that for b. 

For data below, Z stands for the age of a tree in years and Y stands for the 

height of the tree in feet: 

Z: 1 2 3 4 5 
Y : 2 2 4 3 5 

For these data, the sample regression equation is 

y c — 1.10 -f- 0.7x 



Figure 19.16 Partition of (y - y). 
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TABLE 19.5 


(y ~ y) 

(y - yY 

(y - y e ) 

(y - ycY 

( 2 /e - y) 

(yc - yY 

-1.2 

1.44 

+0.2 

0.04 

-1.4 

1.96 

-1.2 

1.44 

-0.5 

0.25 

1 

o 

*^1 

0.49 

+0.8 

0.64 

+0.8 

0.64 

0.0 

0.00 

-0.2 

0.04 

-0.9 

0.81 

+0.7 

0.49 

+1.8 

3.24 

+0.4 

0.16 

+1.4 

1.96 

0.0 

6.80 

0.0 

1.90 

0.0 

4.90 


Now, for the purpose of checking the relationship between the sums of squares for 
error and computing the sample coefficient of determination, we accumulate the 
necessary sums in Table 19.5. From quantities therein, we find that 


and that 


2(y - yY = 2(y - yY) 2 + D(y e - 

6.8 = 1.9 + 4.9 


r* - _ o.72 


6.80 


The value of r 2 indicates that 72 percent of the changes in the height of the trees 
are associated with, the changes in the ages of the trees. There remains 100 — 72 = 
28 percent variability in the height of the trees that is unexplained by the re¬ 
gression. Also, since b is positive in this case, we have 


r = V0.72 = +0.85 

Here, X values are fixed; the value of r 2 or r is thought of as a measure of closeness- 
of-fit. 

Using the data in Table 19.3 concerning spot welds of aluminum, w^e have 


r — 


20.67 

33.72 


= 0.61 


In this case, where both X and Y are random variables and we have a bivariate 
distribution, r 2 may be thought of as a measure of closeness-of-fit as v ell as of the 
degree of covariability. 


19.13 


The Analysis 
of Variance for 
Regression Analysis 


From our discussion in the preceding sec¬ 
tion, the reader may have gained the correct impression that the linear regression 
model must be related to the linear model of the analysis of variance. Indeed, it is 
not difficult to show that these two analytical methods can be applied to the same 
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set of data with similar underlying logic. Nevertheless, they are different in terms 
of objectives of investigation. When we are interested in determining the improve¬ 
ment made by the regression line, we obviously would employ the regression 
analysis. When we are concerned with the variations among the subpopulation 
means, y y s, we use the anal}'sis of variance. Granting this difference in objectives, 
we note that both methods are based on the sums of squares which measure vari¬ 
ability from different sources. For instance, in the linear regression model, we have 

2(y - yy = X(y - y c y + X(y e - yY 

which corresponds to the partition of the total sum of squares for the fixed 
effects, completely randomized, one-variable classification model in the analysis 
of variance: 

22 (xij %Y = 22 (xij Xi,) 2 -f- 22 (iy — x ) 2 

Thus, we see that the “within” sum of squares corresponds to “unexplained error,” 
and the “between” sum of squares corresponds to “explained error,” in regression 
analysis. 

To apply the analysis of variance terminology to regression, the quantity 
2 (y ~ VcY may be thought of as the sum of squares which measures the unsystem¬ 
atic random disturbances and may be denoted as SSE. The quantity 2(y c — yY 
is thought to be the sum of squares which measures the systematic (explained) 
variability due to regression and denoted as SSR. These sums of squares, together 
with their respective numbers of df and mean squares (variances), can then be 
summarized in an analysis of variance table as below: 


ANALYSIS OF VARIANCE TABLE FOR REGRESSION 


Source 

SS 


8 

MS 


Regression 

Error (residual) 

SSR = 2(j/ c 
SSE = 2 ( 3 / • 

- V ) 2 

- yc) 2 

c = 1 

n - 2 

MSR = SSR/1 
MSE = SSE /(n 

~ 2) 

Total 

SST = 2 ( 3 / ■ 

- gy 

n - 1 

MST = SST / (n 

- 1 ) 


F rom 

the analysis of variance table, we see that 


and that 

- f , „ SE , 

n - 2 n - 2 

(19.33) 


r , ... 2(2 U - vY SSR 

2(2/ - yy SST 

(19.34) 

When n is small, r 2 tends to be positively biased. To correct this bias, we 
compute the corrected coefficient of determination as follows: 


•2 1 MSE 
r 2 = 1-- 

MST 

(19.35) 




^iSE _ 2(y — y c Y/{n — 2) _ 2(y — y c ) 2 /n — 1\ 
MST 2 (y - yY/in - 1) 2 (y - yY \rT^2/ 


where 
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This result indicates that the correction factor for r 2 is (n — 1 )/(n — 2), which 
approaches 1 when n becomes large. 

We note also that the ratio 


F l,n —2 — 


MSR 

MSE 


(19.36) 


can be used to test B = 0 against B > 0 or B < 0. 

As can be shown by the answer to Problem 19.12, the sums of squares in the 
analysis of variance table can be computed as follows: 


SSR 


SST 


2 


(y - vY 



^ (.Vc - yY = b xy - 1 ^ X ^ yj, and 
SSE = SST - SSR 


For the tree data, we have 

SST = 58 - 5(3.2) 2 - 6.8, 

SSR = 0.7[55 — Jds(15)(16)] = 4.9, and 
SSE = 6.8 - 4.9 = 1.9 


(19.37) 


(19.38) 

(19.39) 


These values check with those obtained before. Now, summarizing these sums of 
squares, together with their df and mean squares, in an analysis of variance table 
for further computations, we have 


ANALYSIS OF VARIANCE FOR TREE DATA 


Source 

ss 

5 

MS 

Regression 

4.9 

1 

MSR = 4.9/1 = 4.90 

Error 

1.9 

3 

MSE = 1.9/3 = 0.63 

Total 

6.8 

4 

MST = 6.8/4 = 1.70 


From data in the preceding table, we obtain the following statistics: 


1 . 

d yx 2 = MSE = 0.63 


2 

= V0.63 = 0.79 


3. 

&Y = <t y Yf2 O - xY = 

0.63 

— = 0.063 

4. 

& b = VO.063 = 0.251 



5. 


1 - 


L9 
6.8 ' 

0.63 


0.72 

= 0.63 



6 . 


1.7 
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To test B = 0 against B > 0 for the tree example, we compute 


F 


1,3 


4.90 

(L63 


7.78 


However, P(F i , 3 > 10.13) = 0.05, Therefore, B = 0 cannot be rejected at a = 
0.05. The lack of significant dependence of the height of the tree upon the age 
of the tree is most likely due to the smallness of the sample. 

Results of regression analysis are usually stated together in the following form: 

y c = a + bx, (r 2 or f 2 ) 

(fo) 

For example, our analysis of the tree data can be presented as 

y c = 1.10 + O.lx (f 2 — 0.63) 

(<h> = 0.251) 


19.14 

Runk-Covr elation 
Coefficient 


When a random sample of n pairs is 
drawn from a bivariate population whose distribution is unknown, the degree 
of relationship between X and Y cannot be determined by the technique of cor¬ 
relation coefficient presented before. In such a situation, the covariability or the 
lack of it between X and Y is established by what is called the rank-correlation 
coefficient developed by C. Spearman in 1904. This measure is especially useful 
when quantitative measures for certain factors (such as in the evaluation of 
leadership ability or the judgment of female beauty) cannot be fixed, but the 
individuals in the group can be arranged in order, thereby obtaining for each 
individual a number indicating his (her) rank in the group. In any event, the 
rank-correlation coefficient is applied to a set of ordinal rank numbers, with 1 for 
the individual ranked first in quantity or quality, and so on, to n for the individual 
ranked last in a group of n individuals (or n pairs of individuals). 

Let us symbolize the rank of individual i on variable X by Xi and the rank of i 
on variable Y by yy, then we define as (xi — yi). Furthermore, the Xi and yi may 
represent two set of ranks assigned to the same set of objects by two different 
judges. With these notations, the Spearman's rank-correlation coefficient is de¬ 
fined as 


6 'Ld? 
n(n 2 — 1) 


(19.40) 


From this definition we see that —1 < r s < +1. If the rank orders agree per¬ 
fectly, the ranks assigned to individuals should have perfect positive correlation. 
If the ranks assigned to one set, x i} are exactly the opposite of the ranks in the 
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other set, y *, then r a should reflect perfect negative correlation. A zero r s clearly 
represents the absence of any relationship between the two sets of ranks. 

It is important to note that formula (19.40) has been derived under the as¬ 
sumption that there are no ties in either or both rankings. When ties do occur, 
they may be treated in any one of the following three ways: First, we may assign 
mean ranks to sets of tied individuals; namely, when two or more individuals are 
tied in order, each is assigned the mean of the ranks they would otherwise take. 
Second, we may compute an ordinary correlation coefficient, r, with tlie ranks as 
if they are simply numerical scores; the result may be regarded as a Spearman’s 
correlation adjusted for ties. Finally, if the main aim of our analysis is to test the 
significance of r 8 , we should adopt the conservative procedure of breaking the 
ties in such a way that the absolute value of r s would be as small as possible. 

When no ties in rank exist, the exact sampling distribution of r s can be worked 
out. Tables for distributions of r 8 are available for small n. When n > 20, we 
may test the hypothesis r s = 0 against an appropriate alternative by using the 
statistic 


r s Vn — 2 
V1 - )'s 2 


( 19 . 41 ) 


which is approximately distributed as Student’s t with n — 2 degrees of freedom. 
For values 8 < n < 20, the t test can still be employed to yield satisfactory results 
if the t ratio is computed with an r s that is calculated with a correction for con¬ 
tinuity. Let us denote the corrected rank-correlation coefficient as f s ; then 


With this measure, 


r s = 1 - 


2dj 2 

- 1 ) + 1 


f s Vn — 2 

Vi - r s 2 


( 19 . 42 ) 


( 19 . 43 ) 


is again approximately distributed at Z„_ 2 . 

Let us now consider an example. In a beauty contest, two judges each ranked 
ten contestants in the order of how they rated a beautiful features of the girls.” 
The results are shown in Table 19.6. Did the judges tend to agree at a — 0.05? 


6(24) 

10 ( 10 2 - 1 ) 


0.8545 


Since n is rather small in our illustration, let us compute 


3d$(10)(10 2 - 1) + 1 


0.8554 


To determine whether this result is significant at a = 0.05, we obtain 

, 0.8554 VlO - 2 

t' = ■ ..■. =- = 9.03 

VI - (0.8554) 2 
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TABLE 19.6 


Contestant 

Judge I 

Judge II 

di 


1 

8 

9 

1 

1 

2 

3 

5 

2 

4 

3 

9 

10 

1 

1 

4 

2 

1 

1 

1 

5 

7 

8 

1 

1 

6 

10 

7 

3 

9 

7 

4 

3 

1 

1 

8 

6 

4 

2 

4 

9 

1 

2 

1 

1 

10 

5 

6 

1 

1 

24 


Since P(t$ > 1.860) = 0.05, the observed value of rank-correlation is significant. 
The null hypothesis r s = 0 is rejected in favor of the alternative, r s > 0. The two 
judges have a high degree of agreement. 


19.15 

Concluding 

Remarks 


We have in this chapter discussed, in a 
rather detailed fashion, the simple linear regression and correlation models by 
presenting the measure of coefficient of determination as the link between the two. 
It is important to observe that because these two models are constructed under 
different assumptions, they furnish different types of information. It is, however, 
not always clear to a beginning student which measure should be used in given 
problem situation. As an aid in making a selection, it would perhaps be useful to 
point out, once more, the relationship as well as the differences between the two 
models. 

First, the same type of relationship holds for both the regression and the 
correlation analysis. This is indicated by the fact that r takes the same sign as b. 
In this connection, it is also interesting to observe that if the value of b is sig¬ 
nificant at a given level of significance, r is also significant at that level of 
significance. 

Second, r, via r 2 , may be considered as a measure of the closeness-of-fit of the 
regression line. In general, the greater the value of r, the better is the fit and the 
more useful is the regression equation as a predictive device. 

Third, given the first two observations, we must realize that the main ob¬ 
jective of regression analysis is to establish a functional relationship between the 
dependent and independent variables so that the former can be predicted by the 
latter; however, the correlation coefficient is a measure of the closeness-of-fit of 
the regression line and/or a measure of the degree of covariability between X 
and Y. 
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Fourth, a given value of correlation coefficient is consistent with an infinite 
number of regression lines. For instance, in the case of perfect correlation, when 
all points are shifted upward or downward by an equal amount, the value of 
correlation coefficient would remain as 1 but a different Y intercept would result. 
Similarly, if all points are rotated around a given point so that they fall precisely 
on different straight lines, the slope, and perhaps the Y intercept, will change 
while the correlation coefficient would still assume the value of 1. 

Finally, the main difference in assumptions between the two models is that Y 
is assumed to be a random variable and X is assumed to take fixed values in the 
regression analysis, while both X and Y are hypothesized as random variables in 
the correlation analysis. 

Theoretically, therefore, regression is a directional method but correlation is 
not. The former should be used if one variable is clearly dependent upon the other, 
or one is measured subsequent to the other. The latter is appropriate when the 
two variables have a joint distribution, neither of which can be considered as 
being subsequent to, or as being a consequence of, the other. 

Practically, on the other hand, the purpose of the investigation is perhaps the 
most important consideration in selecting between regression and correlation 
techniques. The choice depends, in other words, on whether we want to have a 
predictive equation or merely wish to determine the degree of association. As a 
matter of fact, in practical situations we are often more interested in finding out 
the nature of the relationship for the objective of prediction. In this connection, 
the reason for our interest in the degree of relationship may be only to select the 
most useful independent variable, among several possible independent variables, 
for regression analysis with the dependent variable that has been chosen. 

Association analysis, while a very useful device, often opens up the possibility 
of making every kind of misinterpretation. The most unwarranted interpretation 
stems from the confusion between association and causation. The main source of 
this confusion arises from the conventional designation of dependent and inde¬ 
pendent variables. Many people take the independent variable to be the cause 
and the dependent variable to be the. effect in a given situation, but this may not 
necessarily be correct. 

The link between association and causation can be stated thus: The presence 
of association does not imply causation; but the existence of causation always 
implies association. Statistical evidence can only establish the presence or absence 
of association between variables. Whether causation exists or not depends purely 
on reasoning. For example, there is reason to believe that high family income 
“causes” high family consumption expenditures; hence these two variables must 
be positively associated. There is also reason to support the premise that the high 
price of prime cuts of beef “causes” low quantities of this beef to be sold; hence 
these two variables must be negatively associated. That good weather is asso¬ 
ciated with high death rates in areas favored by retired people clearly does not 
mean that good weather “causes” high death rate. 

Why is it that association need not imply causation? One reason is that the 
association between two variables may be the result of pure chance, such as soil 
erosion in Alaska and the amount of alcohol consumed in South America. Another 
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reason is that association between two variables may be due to the influence of a 
third common factor. Since 1945, for example, it has been found that there is a 
close relationship between teachers’ salaries and liquor consumption in this coun¬ 
try. Can we say that the increase in liquor consumption is the effect of the increase 
in teachers’ salaries? Certainly not. Indeed, a more plausible explanation is that 
both variables have been influenced by the continuous increase in national income 
during the same period of time. A third possibility is that a relationship is real, 
but it is impossible to determine which variable is the cause and which is the 
effect; we often find that both variables may be the cause and the effect at the 
same time. It may also happen that cause and effect change places from time to 
time. The association between per capita income and per capita expenditures for 
education, for example, may be of this kind. The higher the per capita income is 
in a state, the more money can be spent for each student; the more money the 
state spends for education, the higher will be the per capita income in that state; 
we cannot be sure, however, that one has produced the other or vice versa. 

Associations observed between variables that could not conceivably be caus¬ 
ally related are called spurious or nonsense correlations. More appropriately, 
however, we should remember that it is the interpretation of the degree of associa¬ 
tion that is spurious, not the degree of association itself. A last word of warning: 
Errors in association analysis include not only reading causation into spurious 
associations but also interpreting spuriously a perfectly valid association. 


Glossary of Formulas 


( 19 . 1 ) n yx = A + Bx ( 19 . 2 ) y = E(Y\X) + e ( 19 . 3 ) <r y A = ^ 

N 

This set of three equations defines the simple linear regression model. The first is the population 
regression equation of Y on X. It states that if X, the independent variable, is fixed to vary unit 
by unit, the means of Y s , the dependent variable, on X will differ from one another by B— the 
slope of the population regression equation. A here is the value of Y when X = 0. It is called 
the Y intercept. The second equation expresses an individual value of a subpopulation Y asso¬ 
ciated with a fixed X value as a deviation from n yx . Here e is the error term. The last equation is 
the common variance of the regression. For this model, it is assumed that each and every 
subpopulation Y has the same variance. The positive square root of this variance gives us 
the standard deviation of the regression. 


( 19 . 4 ) y e = a + bx 


( 19 . 5 ) 


^ _ nZxy — HxXy 
~ nZx 2 - (Sx ) 2 


( 19 . 6 ) a = y — bx 


The first of these expressions is the sample regression, or prediction equation, where (a + bx) 
is the linear estimator of (A + Bx). This estimator is a minimum variance estimator by the least 
squares method if the subpopulation, Fs, do not possess any specific distributions. It is a 
maximum likelihood estimator if the Ys are normally distributed. In either case, a and b are 
obtained from solving the same set of two normal equations. Direct solution of these normal 
equations gives us formulas (19.5) and (19.6), which are used to obtain the sample regression 
coefficients a and b. 


( 19 . 7 ) b =b' ( 19 . 8 ) a = a' + (k - be) ( 19 . 9 ) a = a'g 
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These formulas refer to efficient procedures of computing the sample regression coefficients. 
The first two are results of shifting the origin, where we define X' = X - c and Y' = Y — k, 
and b' and a' are computed with these transformed variables according to (19.5) and (19.6). 
The shifting of the origin does not affect the slope and, therefore, b = V. This procedure does 
affect a, however, and thus a = a' + (k — be). Equation (19.9) is the result of reducing the 
scale, where xs and ys are divided by g. Again, b is not affected but a must be converted back 
to the original scale as dictated by (19.9). 


(19.10) 


z(y - VcY 

n — 2 


and 


(19.11) (Jyx 1 = 


hy 2 — a2y — b'Lxy 
n — 2 


These are the theoretical and computational equations for sample variance of regression, 
respectively. They provide an unbiased estimator of the population variance of regression. The 
positive square root of each of these two expressions is an unbiased estimate of the population 
standard deviation of regression. (Note: The denominator refers to n - 2 df due to the fact 
that two estimators, a and b, are employed to compute it.) 


(19.12) & b 2 = 


O’ yx 2 

Sx 2 - (:2x) 2 /n 


(19.13) Z = 


b - B 


(19.14) t = 


b - B 

<Tb 


The sampling distribution of b is normal if Y (or e) is normally distributed, and if n > 30 with 
E(b) = B, and with variance as estimated by (19.12). To test B = 0 against B 0, (19.13) is used 
as the testing statistic when samples are large, and (19.14) is used when samples are small. 
(Note: The standard error of b is the positive square root of the variance of b. When samples 
are small, the confidence interval for B is also constructed with t distributions for 5 = n - 2.) 


(19.15) 


(j y c 


<7 yx‘ 


1 

n + S(ar 


xy 


xy 


The y c , as the estimator of n VXf is distributed as t n -% 


with E(y c ) = ti V x and estimated variance as defined here. The positive square root of this esti¬ 
mate is an unbiased estimate of the standard error of y c , which is used to construct confidence 
intervals, or prediction band, for y vx . Note 2(x - x) 2 = Sx 2 - (Zx) 2 /n. 


(19.16) 


1 +- + 


1 (x — x) 2 


The sampling distribution of the difference 


n 2(x — x) 2 j 

y c - y has as its expectation E(y c - y) = 0, and estimated variance as defined here. The 
positive square root of this estimate is the estimated standard error of y c - y, which can be 
employed to construct a confidence interval for an individual observation, y, by noting that 
the ratio (y c - y)/(& Ve -y) is distributed as *„_ 2 . The resulting confidence interval estimate of y 
takes the form - . y c — tn-^al^Vc-y < V < Vc + tn-2;ai2^y e -v 


(19.17) P 


E(X - y x )(Y - y y ) 


The correlation coefficient for a bivariate normal 


y/E(X — Mz yy/E(Y-to,Y 
population is defined in terms of the covariation between X and Y. It is a pure number and 
ranges from —1 through 0 to +1. 


(19.18) r 


nlixy — 2x2y 


\/[n2x 2 - (2x) 2 ][n2y 2 - (2y) 2 } 


(19.19) r 


2x'y' 


V(2x ,2 )(S^/ ,2 ) 


Equation (19.18) is the sample correlation coefficient defined as the covariation between X and 
7 in the sample. This statistic, as the corresponding parameter, ranges from -1 through 0 
to +1. Because r is a pure number, shifting of origin and reduction in the scale will not affect 
its value. Equation (19.19) is called the product movement formula for r which is computed 
from X' = X — x and Y' - Y — y. 







634 ASSOCIATION ANALYSIS: SIMPLE LINEAR MODELS 


(19.20) t = r 


4 


n — 2 


1 - r 2 


To test p — 0 against p ^ 0, we use this ratio as the testing statistic, 


which is distributed as * n _ 2 . In general, the result of this test should be the same as the t test 
for population slope. 


(19.21) z r =l 2.3026 log ^ (19.22) = ■ 1 - (19 . 23) 2 = fULf? 

1 r V^-3 <x* 

(19.24) P(z r Z a j 2 <Jz <C Zp <4 Z r -f- Za/ 20 r z) =1 — OC 

Here, z r stands for the normal transformation of r. It is approximately normal with E(z) = z 
and the estimated standard error is defined by (19.22). To test the hypothesis that the popula¬ 
tion correlation coefficient assumes a given value, we use (19.23) in the usual manner. Equation 
(19.24) gives the confidence interval for z p . Values of 2 r corresponding to various values of r are 
given in Table A-XI, so that we do not have to do computations with logarithms. (Note: Result 
with (19.24) should be converted into values of r via the entries in Table A-XI.) 


(19.25) Z 


Zr 1 ~ Z r 2 .. 

. A ~ 8 , « 9 Thls ratl ° ls used t0 test the significance of a difference between 

V + Vz/ 

two rs com puted f rom two indepen dent ra ndom samples. In the denominator of this expression, 

= I/a/^i — 3 and &, 2 = 1 /\Zn 2 — 3. 


(19.26) 2 (y - ^ = 2 (V - + S( M „ - Mt )! (19.27) p* = ^ 

2 ( 1 / - 

The total error 2(t/ - p„) ! in regression analysis can be partitioned into two independent parts: 
the explained error 2(p sx - ji.) 2 and the unexplained error 2 (y - The purpose of the 
decomposition of the total sum of squares is to derive a definition for the population coefficient 
of determination, (19.27), which measures mainly the percentage of the total error that is 
explained by the regression and has a value ranging from 0 to 1. 

(19.28) <t vx 2 = (1 - p 2 )<tj , 2 This expresses the relationship among the variance of regression 

the coefficient of determination, and the variance of 7. It says that the variance of 7 has been 
reduced by 100 P 2 percent after the regression line has been fitted. There remains, in other 
words, a residual of (1 - p 2 ) percent of <r y 2 that is unexplained by the regression. (Note: When 
p 2 = 0, <T yx 2 = <x v \ implying that there is no improvement with the regression analysis.) 

(19.29) vV = ±p The square root of the coefficient of determination is the coefficient 
of correlation, whose sign is the same as that for B. 

(19.30) 2(y - g ) 2 = Zfo - y c ) 2 + 2(3, c - t/) 2 


(19.31) r 2 = ^^ 

s (y - y ) 2 

(19.32) VV 2 = ±r 

The first of this group of equations gives the composition of total sum of squares in a sample, 
from which we define the sample coefficient of determination r 2 as given in (19.31). The square 
root of r 2 gives the sample correlation coefficient, for which the sign is the same as b 

... SSE 

(19.33) = --- = MSE 

n — 2 

(19.34) r 2 - §g 

(19.35) r 2 = 1 - 

MST 

(19.36) - " s S e R 
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The equations in this group result from the application of the analysis of variance techniques 
to regression analysis. In terms of sums of squares, together with their respective df and 
mean squares (variances), various association statistics are computed. These definitions, it 
must be noted, are comparable to those given before. Two things we may note, however, are: 
(19 35) gives what is called the corrected r 2 where the correction factor is (n — 1 )/(n — 2); 
(19.36) is designed to test B = 0. The sums of squares are computed with the next three 
formulas. 


(19.37) SST = 

(19.38) SSR = 


X 

X 


(y - yY = 


(ye - yY 



(19.39) SSE = SST - SSR 


These are the computational formulas for the sums of squares in the formula for the total 
error in regression analysis. Each of these sums divided by the appropriate number of df gives 
a mean square, or variance, value. We note that for SST, <5 — n — 1; for SSR, 8 = 1; and for 
SSE, 8 = n - 2. Just as for the sums of squares, these numbers of df are also additive. 
Namely, n — 1 = (n — 2) + 1- 


(19.40) r s 


6 2d; 2 
n(n 2 — 1) 


(19.41) t = 


r a y/ n - 2 

\A - r a 2 


(19.42) r s = 1 — 


2+ 2 

}i(n)(n 2 - 1) + 1 


(19.43) t' = 


f s \/n — 2 

Vl - rY 


The equations in this group are designed for the anaysis of bivariate data when the population 
distribution is unspecified or when data are originally given in ranks. The first equation defines 
what is called the rank-correlation coefficient in which d stands for the difference between pairs 
of ranks. The r s is the rank-correlation coefficient computed with correction, for continuity. 
When n > 20, t is used to test r a = 0; when 8 < n < 20, t' is employed to test f $ = 0. Both t 
and t' are distributed as the Student’s t with n — 2 degrees of freedom. 


Problems 


19.1 Think of as many economic and busi¬ 
ness problems as you can that can be profit¬ 
ably evaluated by association analysis. 

19.2 In your answer to the preceding prob¬ 
lem, determine for each case whether regres¬ 
sion or correlation analysis is appropriate. 

19.3 What does r 2 measure? Why is this 
measure a link between regression and cor¬ 
relation analysis? 

19.4 How do you interpret the following 
values of r\ +1» —1> —0.9, and +0.81? 

19.5 In studying the correlation between 
lung cancer and cigarette smoking, a student 
obtained this result: r = +1.25. Discuss. 


19.6 Why can we not take the presence of 
association as positive proof of causation 
between two variables? 

19.7 If the correlation coefficient between 
Y and Xi is 0.85 and that between Y and X 2 
is —0.85, and if a prediction equation is 
needed, which variable, Xi or Z 2 , should be 
chosen as the independent variable? Explain 
the reason for your decision. 

19.8 Sample standard deviations of regres¬ 
sion for two different regression problems 
are 100 pounds and $50, respectively. From 
these values, can you conclude that the 
degree of relationship in the first is weaker 
than that in the second? 
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19.9 Why are the signs for b and r the same? 

19.10 Given that b and 6' are the slopes of 
two sample regression lines, show that 
r 2 = bb'. 

19.11 Show that r defined in terms of covari¬ 
ances and defined as the square root of the 
coefficient of determination would always 
yield the same numerical result. 

19.12 Show that 

ssr -*(2”-. : !2’X') 

holds. 

For each of the next six questions, 19.13-19.18 
inclusive, do the following: 

a. Construct a scatter diagram. 

b. Estimate the population regression equa¬ 
tion. 

c. Fit a regression line to the data. 

d. Test the significance of b at « = 0.05 and 
a = 0.01, and construct a 95 percent con¬ 
fidence interval for B. 

e. Construct a 95 percent confidence interval 
for ii yx at fixed value of the independent 
variable that is underlined below the data 
tables. Do the same for a new individual 
observation y. 

f. Give an interpretation to the value of a, if 
it is meaningful, and interpret b carefully. 

19.13 The number of defective items pro¬ 
duced per unit of time, 7, by a certain machine 
is thought to vary directly with the speed of 
machine Z, measured in rpm. Observations 
for twelve time periods yield the following 
results: 


z 

7 

Z 

7 

13.2 

9.4 

10.9 

5.7 

14.9 

12.2 

17.4 

12.3 

8.1 

6.0 

13.8 

9.2 

16.4 

11.4 

10.2 

7.0 

13.1 

9.6 

15.8 

9.0 

10.8 

7.5 

12.0 

7.0 


x = 10 


19.14 The following sample contains the price 
and the quantity exchanged of a commodity 
from the sellers’ side. Use quantity as the 
dependent variable in this case. 


Price 

Quantity 

Price 

Quantity 

25 

60 

15 

40 

20 

85 

20 

55 

35 

110 

30 

90 

40 

95 

40 

115 

60 

140 

50 

120 

55 

160 

70 

180 

45 

80 

45 

95 


P = 42 


19.15 The following sample contains the price 
and the quantity exchanged of a commodity 
from the buyers' side. Use Q as the depend¬ 
ent variable. 


Price 

Quantity 

Price 

Quantity 

$6.10 

65 

$6.80 

53 

7.40 

25 

2.50 

44 

6.40 

41 

7.00 

48 

3.00 

66 

2.30 

87 

1.00 

78 

2.00 

60 

4.00 

60 

6.00 

18 

7.10 

32 

3.80 

34 

4.50 

28 

8.00 

10 

p — 4.2 

19.16 The annual disposable 

income and 

consumption expenditure of twelve families 

selected at random from a certain section of 
New York City are as follows: 

Income 

Consumption 

Income Consumption 

$ 8,000 

$ 7,000 

$ 8,000 

$ 8,000 

15,000 

12,000 

13,000 

11,000 

20,000 

18,000 

7,000 

8,000 

35,000 

30,000 

6,000 

6,000 

28,000 

20,000 

12,000 

10,000 

25,000 

24,000 

15,000 

18,000 


y = $11,500 


(Hint: Use consumption expenditures, C, as a 
dependent, and disposable income, Y, as the 
independent, variable. Do your calculations 
with Y ' = 7/1000 and C’ = C/1000.) 

19.17 The president of a chain retailing or¬ 
ganization believes that there is a positive 
relationship between the sales of his com¬ 
pany's product and per capita income in the 
year just past. He decides to associate 1967 
sales with 1966 per capita income in the 15 


cities where his company has branches. The 
data are as follows: 

X: 1966 per capita income in thousands of 
dollars 

F: 1967 per capita sales in dollars 


X 

F 

X 

F 

X 

F 

2.0 

15 

2.2 

23 

1.8 

12 

2.1 

25 

2.5 

25 

2.3 

22 

2.0 

17 

2.2 

16 

2.2 

18 

2.3 

23 

2.1 

18 

2.0 

18 

2.7 

12 

1.6 

11 

1.5 

10 


x = 2.105 


19.18 The following random sample gives the 
number of hours of study for, X, and grades 
of, F, an examination in elementary statistics 
for twelve students: 


PROBLEMS 637 

19.20 Use data in Problem 19.13. 

19.21 A researcher has gathered data for 
annual per capita consumption of chewing 
tobacco, X, and the number of thefts reported 
in a sample of urban areas, F, for the period 
1948 to 1955 as shown below: 


Year 

X 

(pounds) 

F 

(thousands) 

1948 

0.52 

73 

1949 

0.49 

71 

1950 

0.49 

77 

1951 

0.45 

89 

1952 

0.43 

97 

1953 

0.42 

102 

1954 

0.41 

97 

1955 

0.40 

104 


p - 0.95 


X: 3 3 3 4 4 5 5 5 6 6 7 8 

Y: 45 60 55 60 75 70 80 75 90 80 75 85 

x = 4.S 


For the next four problems, 19.19-19.22 inclu¬ 
sive, do the following: 

a. Compute the sample correlation coefficient. 

b. Test p = 0 against p ^ 0 at a = 0.05. 

c. Test whether p is equal to the value given 
below each data table at a = 0.05 and con¬ 
struct a corresponding confidence interval. 

d. Explain if the correlation is real or spurious. 

19.19 The following data refer to the entrance 
test scores, X, and the labor efficiency test, 
F, of 20 machine operators: 


Worker 

X 

F 

1 

35 

75 

2 

50 

100 

3 

55 

95 

4 

50 

80 

5 

60 

80 

6 

40 

45 

7 

60 

80 

8 

40 

80 

9 

45 

75 

10 

55 

90 


19.22 Use data in Problem 19.16. ('Calculate r 
from Y' and C' as indicated previously.) 

19.23 How is the coefficient of determination, 
r 2 , defined? What are the three possible 
interpretations of r 2 ? 

19.24 From the viewpoint of regression anal¬ 
ysis, how is the correlation coefficient defined? 

19.25 A sample of 5 adult rhen for whom 
heights and weights are observed gives the 


Worker 

X 

F 

11 

20 

30 

12 

50 

60 

13 

60 

105 

14 

30 

60 

15 

50 

90 

16 

35 

75 

17 

35 

80 

18 

55 

60 

19 

60 

80 

20 

35 

60 




638 ASSOCIATION ANALYSIS: SIMPLE LINEAR MODELS 


following results: 


Subject 

Height: X 

Weight: F 

0 

5'4" 

130 pounds 

1 

5'5" 

145 

2 

5'6" 

150 “ 

3 

57" 

165 “ 

4 

5'8" 

170 “ 



19.33 The following are two sets of ranks 
assigned by two professors of management 
to 10 characteristics for business leadership: 


a. Use these data to show that 

Total error = Unexplained error 

+ Explained error 

. b. Compute r 2 and r 2 . 

19.26 Do the same as in the preceding prob¬ 
lem with data in Problem 19.18. 

19.27 Use data in Problem 19.13 to demon¬ 
strate that r = y/w '. 

19.28 Given the following sample data on the 
amount of fertilizer, X, and yield of potatoes, 
F, compute, via the analysis of variance table 
for sums of squares, the following statistics, 
(a) o-yx, (b) <x&, (c) r 2 and r 2 , and test B = 0 
against B > 0 at a = 0.05. 

X (lb.): 1.5 2.0 2.5 3.0 3.5 4.0 4.5 5.0 5.5 
F (lb.): 10 9 12 14 13 15 17 14 14 

19.29 Do the same as in the preceding prob¬ 
lem with the following sample data: 

IQ, X: 100 95 90 115 120 105 130 140 
Test score, Y: 70 75 75 85 90 80 90 95 

19.30 Compute r 2 with data in 19.28 with 
result suggested in the solution for Problem 
19.11. (Hint: compute r and then square it.) 

19.31 Use results in Problems 19.28 and 19.29 
to demonstrate that 

SSE = ^ (y - y c )* 

= - xY'Zjy - yY - ( s (z - X)(y - x)y 

S(ar - xY 

19.32 The quantities Z(x — x)(y — y) and 
2 (a; — x ) 2 appear over and over again in the 


Character¬ 
istic Prof. I Prof. II 

A 10 6 

B 19 

C 2 3 

D 9 10 

E 8 2 

F 6 7 

G 7 5 

H 5 1 

1 4 8 

J 3 4 


a. Compute r s and f s . 

b. In view of these results, can we conclude 
that there is agreement between the two 
professors? 

19.34 Data below are costs and sales, in 
thousands of dollars, for 12 drug stores: 



a. Compute the rank-correlation coefficient 
for the above data. 

b. Is the result significant at a = 0.05? (State 
your null and alternative hypotheses.) 

c. Assuming a normal bivariate population, 
compute the correlation coefficient r. 

d. Is r significant at a = 0.05? 



20 


ASSOCIATION 

ANALYSIS: 

MULTIPLE 

AND 

NONLINEAR 

MODELS 


20.1 


The Multiple Linear 
Regression Model 


multiple linear regression analysis, it 
is assumed that the dependent variable F is related to k independent variables, 
x ' * * j Xk, by a linear equation of the form 

1. E(Y\X h ■ ■ ■ , X„) = A + B 1 X l + B 2 X 2 + • • ■ + //,*, 
for which an individual value of Y is defined as 

2 • 2/ = E(Y\X h ■ ■ ■ , X k ) + e 

The first of these two equations gives us the population regression equation whose 
graph is a hyper-regression plane in the k + 1 dimensional space. In this expres¬ 
sion, A and Bi are population regression coefficients. The second expression above 
gives us the relationship between a single observation of Y in the hyper-regression 
plane. Thee, as before, is the error term, which is a random variable and measures 
the deviation of an individual y from E(Y\X lt • • • , X t )-the mean value of Y 
associated with a set of fixed values of X;. 

As in the simple association analysis, we have a regression problem if A's are 
xed quantities and a correlation problem if Xs are random variables. Further- 
more, if the successive values of e are independent and normally distributed, 
whether Xs are fixed in advance or possess a multivariate normal distribution! 


639 
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both the Markoff theorem and the maximum likelihood method lead to the least 
squares procedure and yield the same estimates of the multiple regression coeffi¬ 
cients. In other words, we attempt to estimate A and Bi by a and bi such that 

2e 2 = 2Q/ — a — b 1 X 1 — • • • — bkXk) 2 — minimum 

To achieve this, we need a system of normal equations which can be easily derived 
from the basic relationship 

3. a + bix 1 + b 2 x 2 + • • • + b k x k = y 

By summing the above equation for all the n observations in the sample, we 
obtain, as the first normal equation required, 

na + biExi + b 2 Zx 2 + • • • + bkLXk, — Si/ 

The second normal equation is found by multiplying both sides of equation 3 by 
values of Xi and summing, 

aSz 1 + biZxi 2 + b 2 l:xix 2 + • • • + bk^x ix k — Saq y 

The third normal equation is found by multiplying both sides of equation 3 by 
values of X 2 and summing, 

aZx 2 + b iSaqaq + b 2 x 2 2 + • * • + b k 1>x 2 Xk — 2x 2 y 

This process is repeated for each independent variable. When all normal equations 
are found, there is one for each of the coefficients to be estimated. The last equa¬ 
tion for the system, obtained by multiplying both sides of equation 3 by values 
of X k is: 

aZx k + b{LxiX k + b&XiXk + * • * + b k ^x k 2 = 2x k y 

The first of these normal equations is called the A normal equation, since it is 
obtained by minimizing 2£ 2 with respect to a. Similarly, the second normal equa¬ 
tion is called the B 1 equation, the third the B 2 equation, and so on. 

Estimates of the multiple regression coefficients are computed by solving the 
above system of normal equations—a very tedious procedure if the number of 
independent variables is at all large. Efficient methods of solving simultaneous 
equations require a knowledge of matrix algebra, which is not assumed for the 
reader of this text. Thus, in our discussion that follows, we shall confine ourselves 
to the two independent variable case which, of course, can be extended to cover 
cases with three or more independent variables. 


20.2 

The Linear Regression 
Model with Two 
Independent Variables 


Suppose that we have three associated 
variables, which we shall denote as Y, X 2 , and X 3 . For example, Y might represent 
pounds of pork purchased by households during a period of time, X 2 prices of 
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pork, and X 3 household incomes during the same period of time. Furthermore, if 
we know from economic theory or from actual observations that Y is linearly 
related to X 2 and X 3 , then we have, as the linear regression model for the popula¬ 
tion, 

X(F|X 2 ,X 3 ) = m i.23 = X + B 2 X 2 + £ 3 X 3 (20.1) 

and 

Vi = Mi .23 + £ < 20 - 2 ) 

Let us denote the least squares estimate of the relationship (20.1) as 

y 1,23 — Ct 1.23 4" b 12.3^2 4~ & 13.2^3 (20.3) 

where we also define 

Vi = y 1.23 + e (20.4) 

To obtain these least squares estimates, we must satisfy the condition that 

XS 2 = X(y 1.23 - ai. 2 3 - bn.zX 2 - bn.zXz ) 2 = minimum 

This condition is satisfied if the regression coefficients are obtained from the 
following set of normal equations: 

nai.2 3 4" ^i2.3^x 2 4~ f?i3.2Xr 3 = 

ai. 23 Sx 2 4~ 612 . 3 2 x 2 2 4~ bn.ihxzZz — Hx<iy 

(h.izXxz 4 _ &i 2 . 32 x 2 x 3 4” fri3.22x 3 2 = 2x 3 y 

It may now be noted that relation (20.3) is referred to as the equation of the 
regression of Y on X 2 and X 3 . It represents the best fitting plane to the egg-shaped 
cluster of points in a three-dimensional space as shown by Figure 20,1. The coeffi¬ 
cient ai .23 is the intercept made by the regression plane on the Y axis, or the eleva¬ 
tion of the fitted plane, and is an estimate of A. The b constants are called partial 
regression coefficients; b u .z is an estimate of B 2 and it measures the amount by 
which a unit change in X 2 is expected to affect Y when X 3 is held constant; bn .2 
is an estimate of Bz and it measures the amount of changes in Y per unit change 
in X 3 when X 2 is held constant. The subscript notation in the coefficients identifies 


Y 



Figure 20.1 Regression plane fitted to trivariate population in a three-dimensional 
space. 
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the number of variables in the analysis. The figure 1 in the subscript refers to the 
variable Y, the figure 2 to X 2 , and 3 to X 3 . The subscript 1.23 on a reveals that 
this is the Y intercept in the regression of Y on X, and X 2 , since 1 comes before 
and 2 and 3 come after the point. In the subscripts to the partial coefficients, the 
first figure refers to the dependent variable, the second figure indicates the vari¬ 
able to which this b coefficient is attached, and figures after the point identify 
which other variables have also been taken into account in estimating the 
relationship. 

TSow, turning to the practical problem of solving the system of normal equa¬ 
tions that preceded the above paragraph, we note that 

s (y - y) = 0, 

2 (#2 — X 2 ) = 0 , and 

— a; 3 ) = 0 

Thus, if we let 

y' f = V ~ y, 

= £2 — X 2 , and 

£3 = x$ — xz 

we would have then shifted the origin of the normal equations from ( 0 , 0 , 0 ) to 
(y,X 2 ,x z ), and the three normal equations stated before would be reduced to two 
in terms of deviations around the means: 

&12.3SX2 2 + 613.22^3 = Ey'x 2 
bi2.z2tX 2 z f 3 -f- = 'Ey'. r' 

Solving these two equations simultaneously, we obtain the partial regression 
coefficients b 12.3 and 613 . 2 . With these estimates, we can then compute the estimate 
of A by the relationship, 

&1.23 = y ~ bn,3X2 — b 13 . 2^3 ( 20 . 6 ) 

In multiple association analysis, the variates may be given in different units 
of measurements. To facilitate interpretation and comparison of the partial coeffi¬ 
cients, we may transform the original data into percentages before calculations 
are made. 

The ABC Cigarette Company is just beginning its eleventh year of operation 
and is considered a rather successful firm in the industry. In order to schedule 
production for the coming year, a forecast of the total sales is required. Historical 
sales data for the past decade are available, as are data for the annual expenditures 
for advertising. Furthermore, the ABC management believes that its sales are 
also affected by the price of its product compared to the average price of other 
brands of cigarettes, that is, sales are influenced by the comparative price index 
P = (p/p)(100), where p is the price of ABC’s product, and p is the mean price 
of the product in the industry as a whole. Table 20.1 supplies the data upon which 
the sales forecast is to be made; original data are given in columns 2 to 4 inclusive, 
and the last three columns contain the percentage values of these data. Also, for 
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TABLE 20.1 ABC COMPANY HISTORICAL DATA 



Original Data 



Original Data Expressed 
as Percentages 


Y 

X* 

Xz 

Y 

. Xz" 1 

Xz 

24 

4 

80 

6.80 

6.06 

8.25 

27 

4 

80 

7.65 

6.06 

8.25 

31 

5 

90 

8.78 

7.58 

9.28 

29 

5 

100 

8.22 

7.58 

10.31 

33 

6 

100 

9.35 

9.09 

10.31 

38 

7 

110 

10.76 

10.61 

11.34 

37 

8 

120 

10.48 

12.12 ' 

12.37 

40 

8 

100 

11.33 

12.12 

10.31 

45 

9 

90 

12.75 

13.64 

9.28 

49 

10 

100 

13.88 

15.15 ‘ 

10.31 

Total 353 

66 

970 

100.00 

100.00 

100.00 


the original data, we have 

Y = annual sales in millions of dollars, 

X 2 = advertising expenditure in millions of dollars per year, and 
X 3 = P, or the comparative price index defined as P = (p/p) 100 

From the relative data above, we first determine 

y = x 2 = xz = 10 %o = 10 percent 

Next, we compute 

Xy 2 = 1046.03 Sx 2 2 = 1092.91 W = 1015.18 

Xx 2 y = 1064.11 Xyx 8 = 1011.73 Sx 2 x 3 - 1020.28 

From these quantities, we construct the following values m terms of deviations 
around the means: 

St/' 2 = 2(2/ - y ) 2 = 2y 2 ~ n(y ) 2 - 1046.03 - 10(10 ) 2 = 46.03 
Sp 2 2 = 1092.91 - 10(10 ) 2 = 92.91 
Saq 2 = 1015.18 - 10(10 ) 2 = 15.18 

22/'; x' 2 = 2yx 2 - n(y)(x 2 ) = 1054.11 - 10(10)(10) - 64.11 
2 y'x' 3 = 1011.73 - 10(10)(10) - 11.73 

Xx'tx'i = 1020.28 - 10 ( 10 ) ( 10 ) = 20.28 

Substituting these quantities in the system of normal equations (20.5), we have 

92.91512.3 ~b 20.286i3.2 = 64.11 

20.28612.3 ~b I0.I8618.2 = 11.^3 

and solving for the partial coefficients, we find 


6 12 . 3 = 0.73595 
bu.2 = - 0.21047 
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The value of the Y intercept or the elevation is 

ai.23 = 10 - (0.73597)(10) - ( —0.21507)(10) = 0.4896 
Hence, the estimated regression equation becomes 

Vi.23 = 0.4896 + 0.73597^2 - 0.21507^ 

The preceding result substantiates economic theory or our intuitive belief that 
advertising affects sales positively, and that increases in relative price cause 
decreases in sales. More precisely, the value of 0.73597 indicates that if there is 
a 1 percent increase in advertising expenditures, sales will increase by about 0.74 
percent; the value of -0.21507 reveals that if there is an increase in the relative 
price by 1 percent, there will be a more than 0.21 percent decrease in sales. 
Furthermore, intuitively, we see that the partial effects of advertisement is about 
three times as strong as the partial effects of relative price on sales. The relatively 
small influence of price on sales in this case may be explained by the fact that 
cigarettes are low priced and are practically a necessity to many smokers; that 
is, the demand for cigarettes is highly inelastic with respect to price. 


20.3 

Significance of 
Partial Regression 
Coefficients 


Having found the sample regression 
equation, we would like to know two things: (1) Are the values of the partial 
coefficients significant? Namely, if we find that & 12 . 8 ^ 0 and that b 18 . 2 ^ 0, can 
we also conclude that the corresponding population regression coefficients assume 
nonzero values? (2) Is there a relative difference between the effects of the inde¬ 
pendent variables upon the value of the dependent variable? Here, we are inter¬ 
ested in determining the net contribution of each independent variable to the 
dependent variable. These two questions are answered with statistical tests based 
on the analysis of variance, a method with which we are by now quite familiar. 

Given the sample regression equation and thereby the regression plane, we 
can think of the total deviations of the Y values from the estimated mean as the 
vertical (parallel to the Y axis) deviations from the fitted regression plane. 
Furthermore, we can partition this total variation, as in the bivariate case, into 
two independent parts: one part measures the amount of variations in Y that has 
been explained by the regression; the other measures the amount of variations in 
Y that has not been explained by the regression. This second part constitutes, 
therefore, the residual or error variations in the sampling experiment. Clearly, 
we see that the following relationship holds: 

— y) 2 = 2(2/ — yi.23) 2 + 2(2/1.23 ~ y ) 2 ( 20 . 7 ) 

where X(y — y) 2 is the total deviation with 8 = n — 1. This sum of squares can 
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TABLE 20.2 ANALYSIS OF VARIANCE TABLE FOR TRIVARIATE REGRESSION 


Source 

SS 

8 

: Sis ' 


Regression 

Residual 

SSR 

SSE 

k = 2 
n — k — 1 

MSR = SSR /k 
MSE = SSE/(n 

- k - 1) 

Total 

SST 

n — 1 

CD 

-f 

II 

00 

= -¥ 

-1) 


be written as 

SST - X(y - yY = 2// 2 - n(yY = ?y ' 2 ( 20 . 8 ) 

The 2 ( 2 / 1.23 — yY is the sum of squares due to regression and, as it can be shown, 

SSR = 2 ( 2 / 1.23 - yY = b 12 .^x 2 y' + 613 . 22 .T 32 /' ( 20 . 9 ) 

For SSR, 8 = k, where k is the number of partial regression coefficients in the 
sample regression equation. In our present trivariate analysis, k = 2. Having 
computed SST and SSR for the identity (20.7), we have 

SSE = 2 ( 2 / - ^ 1 . 23 ) 2 = SST - SSR ( 20 . 10 ) 

We note that SSE has 8 = n — k — 1, since the estimated relationship 

2/1.23 = cq.23 “b 612.3T2 + 613.2T3 

has k + 1 restrictions. Here, in addition to k = 2 b coefficients, a is restricted by y. 

The above results can be summarized by the usual analysis of variance table— 
see Table 20.2. 

The mean square of error, 


MSE 


SSE 

n — k — 1 


2 ( 2 / - yi.nY 


( 20 . 11 ) 


is the sample variance of Y (that is, sample variance of the fitted regression 
plane), and it is an unbiased estimate of the population variance F(F) = 
E(Y - E(Y\X h Xs)Y = <A.23. If the subpopulations, Fs, are normally distrib¬ 
uted, just as in the simple regression case, MSE measures the closeness-of-fit. 
The symbol used for the variance here is <7 2 i. 23 for two independent variables; and, 
under the same system of nomenclature, the sample variance of the regression in 
the simple case would be <t 2 i. 2 or <f 2 i. 3 , depending on which of the independent 
variables is employed in the simple regression analysis. It is easy to see that if 
the additional independent variable makes any significant contribution to the 
dependent variable, the variance computed for the multiple case would be smaller 
than that obtained from either simple regression equation. 

The ratio of MSR to MSE 

„ MSR 
MSE 


is distributed as F k ,n-k- 1 and can be employed to conduct an over-all test that 
B 2 = Bz = 0. If this null hypothesis is false—that is, if there exists significant 
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TABLE 20.3 


Source 

SS 

8 

MS 

Regression: Ah, A r 3 

44.71 

2 

MSR = 44.71/2 = 22.3550 

Residual 

1.32 

7 

MSE = 1.32/7 = 0.1886 

Total 

46.03 

9 

MST = 46.03/9 = 5.1144 


regression the y L23 values will differ significantly from y, and SSR will be large. 
As a result, the residuals, SSE, will tend to be small. These imply that the value 
of F will be large, indicating a significant regression. When the residuals are 
relatively large, or the improvement brought about by the regression plane is 
relatively small, a small value of F will result, and the null hypothesis that there 
exists no significant regression would then be accepted. 

Now, returning to our illustrative example, we have 

SST = Xy' 2 - 46.03 
SSR = bn.z2z 2 y' -f- ^13.22X3 y r 

= (0.73595)(64.11) - (0.21047)(11.73) = 44.71, and 
SSE - SST - SSR = 46.03 - 44.71 = 1.32 

These sums of squares give the analysis of variance shown in Table 20.3. 

From the results in Table 20.3, we see that 

MSE - d\ 29 = 0.1886 
& 1.23 = V / 0.1886 = 0.4347 percent 
Also, the resultant F value is 


22.3550 

0.1886 


118.80 


which is highly significant. There is a highly significant association or regression 
between sales, advertising, and the relative price index. 

To evaluate the separate contributions of each independent variable, we may 
conduct a step-by-step analysis as follows: 

Let 

b 12 = coefficient of X 2 in simple regression of Y on X 2 


2x 2 y’ _ 64.11 
~ 92.91 


0.690 


b 13 


coefficient of X 3 in simple regression of Y on X 3 



11.73 

15.18 


0.773 


With these coefficients in simple regressions, we have then the explained sum of 
squares due to X 2 alone as 

SSR(X 2 ) = b^x 2 y f = (0.690) (64.11) = 44.24 
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TABLE 20.4 


Source 

SS 

8 

MS 

X 

44.24 

k = 1 

44.24 

Addition of X 

0.47 

k = 1 

0.47 

X and X 

44.71 

k = 2 


Residual 

1.32 

7 

0.1886 

Total 

46.03 

9 

— 


and the explained sum of squares due to X 3 alone as 


SSR(Xa) = buVx' z y' = (0.773)(11.73) = 9.07 


Now, from SSR(X 2 ) we may set up Table 20.4. Note that the total sum of 
squares due to X 2 and X" 3 is known, from Table 20.3, as 44.71. Since the sum of 
squares due to X 2 alone is 44.23, the additional effect due to X 3 is then found by 
subtraction: 44.71 — 44.24 = 0.47. 


To test the significance of X 2 alone, we compute the residual sum of squares 
after X 2 as SSE(X 2 ) = SST - SSR(X 2 ) = 46.03 - 44.24 = 1.79 with 8 =-- 
10 — 1 — 1 = 8, giving a mean square of error of MSE(X 2 ) = 0.224. The 
appropriate F ratio is then 


MSR(X 2 ) 44.24 
MSE(X 2 ) “ 0.224 


197.5 


which is highly significant. 

The additional effect of X 3 on Y can be tested simply by the statistic 


F 


1,7 


MSR(X 3 ) 0.4700 
MSE “0.1886 


which is insignificant at a = 0.05. 

Alternatively, we may construct Table 20.5 with SSR(X 3 ). Again, as we should 
expect from previous results, the direct effect of X 3 is insignificant and the addi¬ 
tional effect of X 2 is highly significant. 

These testing results are clearly consistent with our previous interpretation of 
the same partial regression coefficients. 


TABLE 20.5 


Source 

SS 

8 

MS 

X 

9.07 

1 

9.07 

Addition of X 

35.64 

1 

35.64 

X<i and X% 

44.71 

2 


Residual 

1.32 

7 

0.1886 

Total 

46.03 

9 




648 ASSOCIATION ANALYSIS: MULTIPLE AND NONLINEAR MODELS 


20.4 

Coefficient of 
Multiple 
Determination 


While the closeness-of-fit of the regres¬ 
sion plane to the actual points in the three-dimensional space can be measured 
by the variance or standard deviation of the regression plane, as mentioned in 
the previous section, this statistic is rather ambiguous and difficult to interpret. 
A more obvious and clear-cut measure for this purpose is what is called coefficient 
of multiple determination . Recall that the fit of a straight line to the two-variable 
scatter was measured by the coefficient of determination r 2 , defined as the ex¬ 
plained sum of squares to the total sum of squares. In exactly the same fashion, 
we can define the coefficient of multiple determination, denoted as R 2 1. 23 for the 
trivariate case, in terms of residual deviations about the regression plane. That is, 


R 2 1.23 


SSE 

SST 


SSR 

SST 


( 20 . 12 ) 


Note that the total sum of squares, SST - 2(y - y) 2 , contains the deviations of 
the observed points Y from a plane that is fitted to these points and that is hori¬ 
zontal, passing through the point (y, x 2) x 3 ), and from which the improvement 
brought about by the regression is measured. Thus, R 2 U2S may be thought of as a 
measure of closeness-of-fit of the regression plane to the actual points relative to 
the point of the means of the variables. Or, just as does r 2 , R 2 1. 23 measures the 
percentage of total error that is accounted for by the regression. Thus, the greater 
the value of R 2 i. 23 , the smaller is the scatter and the better is the fit. 

Now, for our illustrative data, we have 


R 2 1.23 


44.71 

46.03 


0.9713 


Thus, more than 97 percent of the variations in sales have been explained by the 
variations in advertising and price index. There remains less than 3 percent of 
variations in Y that can be explained only by factors which have not been taken 
into consideration in our analysis. 

The coefficient of multiple determination, just as is the coefficient of deter¬ 
mination, is a positively biased statistic. To correct this bias downward, we may 
compute the adjusted coefficient of multiple determination, R 2 i. n , as defined here: 


R 2 1.23 = 1 ~ 


MSE 

MST 


(20.13) 


(Note: Since MSE/MST — (SSE/SST)((n — 1 )/(n — k — 1)), the correction 
factor in (20.13) is (n - 1 )/(n - k - 1), which approaches 1 from below when n 
becomes large.) 


For the illustrative data. 
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R 2 1.23 


0.1886 

5.1144 


0.9631 


The square root of the coefficient of multiple determination is called the 
coefficient of multiple correlation , denoted as 2? 1 . 23 . The R 1.23 is always given as 
positive. Why? 

It is important to note that we have considered # 1.23 here as a measure of 
closeness-of-fit, not as a measure of covariability between the variables. As such, 
7 ?i. 23 is meaningful whether the independent variables are fixed or stochastic. 
However, when all the variables are random, # 1.23 may also be considered as a 
measure of covariability between Y and its best linear estimate, yi. 23 ; that is, 
between Y and the group of independent variables, (X 2 , X 3 ). Also, if Y is the 
only variable, we can only have R 1.23. If Y, X 2 , and X r 3 are all random variables, 
we can have R 1 . 21 , R 1.32, and #2.13. What measures do these notations represent? 

20.5 

Partial Correlation 
Coefficient 

Up to this point, our consideration of the 
trivariate regression analysis has been mainly an extension of the bivariate case. 
We shall introduce now a new concept called partial correlation coefficients, which 
exists only when there are two or more independent variables. 

When we evaluate a multivariate normal distribution, we often wish to meas¬ 
ure the covariability between the dependent variable and a particular independent 
variable by holding all other variables constant; that is, by removing the effects 
of other variables under the specification: "other things being equal.” Such a 
measure would certainly help us to answer questions like this: Is the correlation 
between, say, Y and X 2 merely due to the fact that both are affected by X s , or is 
there a net covariation between Y and X 2 over and above the association due to 
the common influence of X 3 ? Thus, in determining a partial correlation coeffi¬ 
cient between Y and X 2 , we attempt to remove the influence of X 3 from each of 
the two variables and to ascertain what net relationship exists between the "un¬ 
explained” residuals that remain. It can be shown that partial correlation coeffi¬ 
cients are closely related to the partial regression coefficients and can be readily 
defined in terms of simple correlation coefficients. By the product-movement 
formula developed in the preceding chapter, we find that 


7*12 = simple correlation between Y and X 2 = 


V-Sxfti / 2 


r i 3 = simple correlation between Y and X 3 = 


VSaVs?/' 2 


7*23 = simple correlation between X r 2 and X 3 = 


! ! 
2i 2 x 3 




n 

3 
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With the values of simple correlation coefficients determined, we may define 
partial correlation coefficients for the trivariate case in terms of these values as 
follows: 

7 * 12.3 = partial correlation between Y and X 2 when X 3 is held constant 


V(1 - >'n 2 ) (1 - r^) 

partial correlation between Y and X 3 when X 2 is held constant 


r 23 .i — partial correlation between X 2 and X 3 when Y is held constant 

^23 ~ T 12^13 

= —.'■.."= (20.16) 

V(1 - ri 2 2 ) (1 - r„ 2 ) 

The simple correlation coefficients are called zero-order coefficients. Other zero- 
order coefficients are simple standard deviations and the regression coefficients in 
the simple linear case, such as b u and 6 i3 . The zero-order coefficients possess no 
secondary subscripts, that is, no subscripts after the point. The partial correlation 
and regression coefficients for the trivariate case are called the first-order coeffi¬ 
cients since there is one secondary subscript after the point. Another example of a 
first-order coefficient is the standard deviation of Y measured about the simple 
linear regression equation, since we denote it as & y . x = <7-1.2. As a matter of fact, 
we have a hierarchy of coefficients, all identified as the number of secondary sub¬ 
scripts after the point. Coefficients of a given order can generally be expressed in 
terms of the next lower order, such as expressing partial correlations for the 
trivariate case in terms of simple correlations. This possibility often provides the 
simplest computational scheme for three or four independent variables. For 
example, our trivariate analysis may be built up to the four-variable case, with 
coefficients of second and third order, which may in turn be defined in terms of 
coefficients of lower order. This procedure, however, becomes excessively cum¬ 
bersome and time-consuming, since the number of formulas grows exponentially 
and the formulas themselves become extremely complicated. These difficulties 
can be removed to a great extent if matrix algebra is employed, because then we 
need not be bothered with the subscripts, and the summation signs can be handled 
efficiently. (The reader is advised to take a course in matrix algebra if he wishes 
to learn the general model of association analysis.) 

Returning now to our illustration, we find that 


V(46.03) (92.91) 


= 0.98028 


V (46.03)(15.18) 


= 0.44368 


V(92.91) (15.18) 


0.54008 
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With these quantities, the partial correlation coefficients are then determined: 

0.98028 - (0.44368) (0.54008) 

7 * 12.3 = . ’ / —..:.'.' ' ....■.:. = 0.98110 

V (1 — (0.44368) 2 )(1 - (0.54008) 2 ) 

0.44368 - (0.98028) (0.54008) 
ri 3 .2 = ■ • ■■ / .■ = -0.51719 

V (1 - (0.98028) 2 )(1 - (0.54008) 2 ) 

0.54008 - (0.98028) (0.44308) 

? 23 .1 — ’ / . ■ ' = 0.58889 

V(1 - (0.98208) 2 )(1 - (0.44368) 2 ) 


In concluding this section, let us make three additional comments on partial 
correlation coefficients. First, the partial correlations can also be defined in terms 
of “partial covariance” between two variables, or in terms of the amount of 
improvement brought about by the addition of another variable. However, these 
two alternative interpretations lead to the same results as the definition made 
under the assumption of “other things being equal.” 

Second, the value of a partial correlation coefficient is usually interpreted via 
the corresponding coefficient of partial determination , which is merely the square 
of the former. For example, in our illustration, ri 2 , 3 = 0.98110. This gives r 2 i 2 .3 = 
0.96256. This means that more than 96 percent of the variation in Y (sales) that 
is not associated with X 3 (price index) is incrementally associated with X 2 
(advertising). Or, alternatively, we say that the errors made in estimating Y from 
X 3 are reduced by more than 96 percent when X 2 is added to others as an addi¬ 
tional independent variable. What does 7 * 13.2 = —0.51719 mean in our illustration? 

Third, the t test employed to test the significance of a simple correlation can be 
employed to test the significance of a partial correlation when the number of 
degrees of freedom is reduced by the number of variables eliminated. Thus, to 
test the significance of r 12 . 3 in our illustrative example, we have 


t — ?’ 12.3 



0.98028 



10-3 
(0.98028) 2 


13.965 


which is highly significant. Similar tests on ?q 3>2 and r 23 .i in our illustration indicate 
insignificant correlations. 


20.6 

Curvilinear 
Association Models 


Having introduced simple and multiple 
linear association analysis, we consider a natural extension of a study on relation¬ 
ships between variables to be the coverage of curvilinear association models. 
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From theory, we may know in advance that the relationship between two 
variables can be adequately represented only by some curvilinear mathematical 
functions. For example, the liquidity preference theory suggests that the demand 
for money to hold as cash balances is a decreasing and nonlinear function of the 
interest rate. Again, the law of diminishing returns dictates that total production 
is positively and nonlinearly related to the variable input or inputs. Occasions 
may also arise in which theoretical considerations enable us to judge only whether 
an association between two variables should be positive or negative but not 
whether it is linear or otherwise. The laws of supply and demand are illustrations 
of this possibility. This being the case the usual procedure is to inspect the scatter 
diagram constructed with sample data; the general pattern of the scatter may 
suggest an appropriate form of regression, with linear or some type of nonlinear 
functions. 

We shall, in this section, introduce a few frequently encountered curvilinear 
functions between economic and business variables. 


POLYNOMIAL FUNCTIONS 

Very often we find that the most obvious nonlinear relationship between two 
variables is one in which the dependent variable Y can be approximated by way 
of a simple polynomial in the independent variable X. A polynomial function is 
defined by the equation 

1. E(Y\X) = p yx = A + Bx + Cx 2 2 + • • • + Nx n 

where the term involving the highest power of X is known as the leading term , 
and its coefficient is called the leading coefficient. The degree of the equation is the 
index of the highest power of X in it. While a relationship between two variables 
may assume a polynomial function of any degree, we generally seek to have as 
low a degree as possible. The commonly employed polynomial function in regres¬ 
sion analysis is of degree 2; that is, a parabola. The sample regression equation is 
given by the form 

y c = a + bx + ex 2 (20.17) 

where y c is the computed or predicted value of F and where the residual sum of 
squares which we attempt to minimize is 

Z(y c — a — bx — ex 2 ) 2 

Applying the principle of least squares, we obtain the following set of normal 
equations to be solved simultaneously for the sample regression coefficients a, b, 
and c: 

2 . = na + bXx + chx 2 

Zxy = aXx + bXx 2 + cXx 2 
Hx 2 y = aXx 2 + b2x« + c2z 4 




RECIPROCAL TRANSFORMATION 
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Scatter diagrams for, say, sample data with reference to the demand for and 
supply of a commodity, Y, may indicate that the appropriate regression equations 
should be respectively, 


Ve = Cl + “ (20.18) 

x 

and 

b 

y c = a —- (20.19) 

■ ■ ■ ■ x 


where X may stand for the price of Y. We note that in case (20.18), the slope of 
the function is everywhere negative and decreases in absolute value as X increases. 
As X approaches zero, Y approaches oo, and as X approaches oo, Y approaches 
a. For case (20.19), the function is everywhere positive and Y approaches a, as X 
approaches oo. See Figure 20.2. 

For the above functions, reciprocal transformation would make the determina¬ 
tion of a and b quite simple. Namely, if we define a new variable Z = l/X, then 
(20.18) and (20.19) would become 


and 


y c = a + bZ (2o.i8a) 

y c = a — bZ (20.19a) 


respectively. These are now simple linear regressions of Y on Z. Procedures 
developed in the previous chapter can then be applied to obtain a and b . After 
a and b are found, the regression of F on Z can then be easily converted back to 
the original forms by noting that Z = 1/X. 


Y Y 




Figure 20.2 Graphs for (a) y c = a + bfx and (b) y c = a — b/x. 
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THE EXPONENTIAL FUNCTION AND 
SEMILOGARITHMIC TRANSFORMATION 

A highly useful curvilinear function that applies in situations which are incompati¬ 
ble with polynomial functions is the exponential function. When sample data can 
be fitted with an exponential curve, then the sample regression equation can be 
written as 

y c = ab x ( 20 . 20 ) 

For this function, if a > 0, then Y will increase indefinitely as X increases, and 
will approach zero asymptotically as X decreases when 6 > 1. When b < 1, the 
function approaches zero asymptotically as X increases, and increases indefinitely 
as X decreases. When 6 = 1, we have Y = constant = a. This function, there¬ 
fore, has no extreme point (maximum or minimum). If a < 0, the function is 
always negative and its behavior is the mirror image of the function for a > 0. 
For the exponential function, the sum of squares we wish to minimize is 

2(y - VoY = 2 (y - ab x Y 

which leads to, as can be shown with aid of calculus, the set of normal equations 
that follows: 

Xb x y = dhb 2x 
Hxb x ~ l y — aXxb 2 ^ 1 

This set of equations is clearly inoperative since all the sums involve the unknown 
6. One way to overcome this difficulty is to take logarithms of both sides of (20.20), 
yielding 

l°g yc — log a + a;(log b) ( 20 . 20 a) 

If we let log a — c and log b — d, this expression becomes 

log y c = c + dx 

which is now in the form of a linear equation; it is called a semilog function for the 
obvious reason that in it one variable appears as its logarithm while the other 
appears as itself. For further simplification, we may put log y c as z c and log b as 
d, and rewrite (20.20a) as 

Z c — C dx (20.20b) 

which is a simple linear regression of Z on X. Hence, c and d can be found in the 
usual manner. To transform z c = c dx back to the original form, we merely 
follow the equations, 

a = antilog c 
b — antilog d 
y c = antilog 2 C 

Note that in the employment of semilog transformation, all we need to do is to 
take the logarithms of the F values before making calculations. 
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Y Y 




Figure 20.3 Power regression curves. 

THE POWER FUNCTION AND DOUBLE-LOG TRANSFORMATION 

Occasions may arise in which a power function such as 

Vc = ax b ( 2 o. 2 i) 

ma > represent the relationship between Y and X in the sample. Here, we would 
like to find the power b that is unknown. For this function, if b > 1, Y increases 
at an increasing rate when X increases. If 0 < b < 1, the rate of increase of this 
function decreases continuously. For either value of b, Y approaches oo as X 
approaches go. When b = — 1, this function is represented by a rectangular 
hyperbola—a curve for which the locus of a point is such that the product XY 
is a constant. See Figure 20.3. 

To facilitate the fit of a power regression curve, we take logarithms of both 
sides of (20.21), obtaining 

log y c = log a + b (log x) (20.2ia) 

This is the result of double-log transformation since both X and F are given in 
logarithms. Now, if we let 

log y c = z c 
log a = c 
log x — w 

we can rewrite the preceeding expression as 

2c = C + bio (20.21b) 

which is a simple linear regression equation of Z on IF. Hence, for actual computa¬ 
tions, ve take logarithms of both X and F values and proceed to determine the 
regression coefficients c and b in the usual manner. 

MULTIPLE CURVILINEAR REGRESSION 

Just as with the linear regression model, nonlinear relationships may be simple 
as well as multiple in nature. Either theoretical considerations or empirical obser¬ 
vations may, for example, suggest that the sample regression should be, say, of 
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the form 


y c = ax 2 h x 3 c 


( 20 . 22 ) 


With this regression equation, the sample partial regression coefficients may be 
computed again by applying the principle of least squares to the logarithmic values 
of the variables. Namely, taking logarithms of both sides of (20.22), we may 
transform the original multiplicative expression into an additive model as 


log y c = log a + 5 (log x 2 ) + c(log x 3 ) 

If we let 

log y c = z c 
log x 2 = z 2 
log x 3 = z 3 
log a = d 


(20.22a) 


then (20.22a) can be written as follows: 

Zc — d bz 2 “f- (20.22b) 

which is linear in all variables. As a consequence, we can apply the linear methods 
developed in Section 20.3 to the logarithms of Y, X 2 , and X 3 to find the values of 
the constants in (20.22b). Once d, b, and c are calculated, the sample regression 
equation in the form of (20.22b) can be converted back to the original form of 
(20.22) by noting the definitions of Z s and that d = log a. 

Double-log transformation is frequently used by economists because it corre¬ 
sponds to the assumption of constant elasticity between the dependent and inde¬ 
pendent variables, and the simple application of linear methods to logarithms of 
the variables gives a direct estimate or estimates of elasticities. For example, the 
production function of the United States as a whole, estimated by Paul H. Douglas 
and C. W. Cobb, is 

P = 1.10 L°- 76 C 0 - 26 

where P is the production index of total output per year, L is the index of labor 
inputs, and C is the index of capital inputs. Sample indexes for this estimate ran 
from 1900 to 1922, with 1899 = 100. We are interested to note here that the esti¬ 
mated exponents are the elasticities of production with respect to labor and capi¬ 
tal. The first tells us that if there is a 1 percent increase in labor inputs while 
capital holds constant, there will be 0.75 percent increase in production. Similarly, 
the second indicates that there will be 0.25 percent increase in production if there 
is a 1 percent increase in capital with labor held constant. 


FURTHER REMARKS 

We see that in treating curvilinear relationships we usually search for an initial 
transformation of data, by way of either reciprocals or logarithms, in such a man¬ 
ner that the relationship between the transformed variables appears to be approxi¬ 
mately linear. Linear transformation is made mainly for two reasons. First, as the 
reader may have already guessed, this procedure is to make calculations easier, 
since computational problems in nonlinear systems are quite formidable even for 
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versed mathematicians. Second, linear transformation is desirable because statis¬ 
tical theory is primarily developed under the assumption of linearity. 

To complete our discussion on curvilinear relationships, let us note the follow¬ 
ing three facts: 

(1) Nonlinear regression coefficients, with or without linear transformations, 
are least-square estimates of the corresponding population coefficients. 

(2) The closeness-of-fit is measured by r 2 or R 2 1 . 23 , depending upon whether 
the relationship is simple or multiple. We can measure the residual variation of the 
dependent variable about the fitted regression function, and then define the 
appropriate coefficient as 1 minus the ratio of the residual variation to the total 
variation. 

(3) Simple or partial correlation coefficients in the curvilinear models are com¬ 
puted and interpreted in the same manner as in the linear models. However, with 
nonlinear relationships, simple as well as partial correlation coefficients are always 
given as positive values because the slope of a curvilinear regression line or plane 
can change signs at various points. 

20.7 

Additive 

Graphic Regression 


Instead of finding a regression equation 
mathematically as we have done so far, we may obtain it graphically. The graphic 
method can be employed for additive, or linear, models as well as for multiplicative 
regression functions. The advantage of this procedure is its simplicity; a great deal 
of labor and time can be saved, especially when it is applied to multiplicative 
models. The main drawback of the graphic method is the sacrifice in accuracy. 
However, if great care is taken in its application and some refined procedures are 
applied, the degree of error can be reduced to such an extent that it will hardly 
impair the practical utility of results. Thus, graphic regression is often employed 
to establish economic and business relationships. In this section, we shall discuss 
the procedure of graphic regression for the multiple linear case. We shall then 
apply the procedure to simple and multiple nonlinear regression models in the 
following section. 

Let us suppose that a merchandising firm has branches in more than 100 cities 
in the United States. The advertising of all branches is done exclusively by spot 
announcements on local radio stations. The firm keeps an efficiency index for each 
and every branch's management based on such factors as the number of cus¬ 
tomers’ complaints, speed of delivery of merchandise, bad debts of credit sales, 
and so on. This efficiency index ranges from 0, for the least efficient, to 10, for the 
most efficient management. The firm wishes to forecast branch-store sales, Y, on 
the basis of advertising, X 2 , and efficiency index, X 3 . Eight branch stores have 
been selected at random for analysis. Data obtained for the selected branches 
with reference to annual sales in millions of dollars, number of advertisements on 
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TABLE 20.6 


Observation 

Y 

z 2 

X 8 

1 

12 

1 

3 

2 

28 

8 

6 

3 

18 

2 

5 

4 

18 

3 

3 

5 

24 

7 

4 

6 

25 

6 

5 

7 

24 

5 

7 

8 

19 

4 

2 

Total 

168 

36 

35 

y = 21.000, 

x 2 = 4.500, 

x z = 4.375 



radio spot announcements per day, and management efficiency index for 1968 
are as given in Table 20.6. 

Now, if we wish to establish a regression equation of Y on I 2 and X 3 graphi¬ 
cally for the above data, we would follow through three simple but main steps. 

The first step is to determine the regression equation of Y on I 2 , which we 
shall identify as 

1 . y 12 = & 1.2 + b\ 2 X 2 

Next, we would determine the regression of (y — y x2 ) on X 3 , which we shall 
identify as 

2. y 13 = &1.3 ^13^3 

Finally, we would combine equations 1 and 2 to obtain the multiple regression 
equation of Y on X 2 and X 3 by assuming that 6 X2 = 612.3 and 613 = 613 . 2 . Thus, 

3. f/ 1.23 = 2/12 + yiz — (&i .2 + & 1 . 3 ) -f- 612^2 + 613^3 

= & 1.23 + 612.3^2 + 613.2^3 

We note that the assumption of equality between simple and partial coefficients 
is the same as assuming that the correlation between the independent variables is 
zero. Can you explain why? 

DETERMINING y 12 = ai .2 + b 12 x 2 GRAPHICALLY 

In general, the procedure of determining the regression equation for two variables 
graphically contains the following three steps: 

( 1 ) Draw a scatter diagram of the dependent variable on the independent 
variable. Since dots in the diagram must later be identified, it is advisable to label 
them by placing beside them the number representing the corresponding observa¬ 
tion. The scatter diagram of sales on advertising is given by Figure 20.4, which 
shows that the relationship between the two variables in our illustrative problem 
is linear. 

( 2 ) Draw a freehand line through the dots in the scatter diagram in such a way 
that it will best represent the average pattern of the scatter. Two guideposts in 
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drawing this freehand line are: (1) If a straight line is employed, it should be made 
to pass through the mean values of the dependent and independent variables. For 
our example, y — 21 and x 2 = 4.5, which are plotted against each other and 
identified by the filled-in black square in Figure 20.4. As can be seen, the line 
passes through this point. This guidepost is based the fact that, according to the 
principle of least squares, all linear regressions intersect the mean values of the 
variables. In the case of curvilinear regression, however, the best fit is not the one 
which passes through the means of the two variables. (2) The line should be so 
drawn that there are about the same number of dots above and below it. In our 
illustrative diagram, there are three dots above and three below the line, with the 
other two dots falling on the line. This guidepost is applicable for both the linear 
and the nonlinear cases. 

(3) Estimates of the Y intercept and the slope of the regression equation are 
then made from the freehand regression line. This is usually done by utilizing the 
two-point formula for a straight line. That is, given two points on a straight line, 
(x\,y i) and (^ 2 , 2 / 2 ), the equation of the line becomes 


V = 2/i 


y 2 ~ Vl 
X2 ~ Xi 


(x — Xi) 


While any two points on the line can be used to establish the equation for the line, 
the convention is to select one point near each end of this line in regression analy¬ 
sis. In our illustration, the two points selected are shown by small circles. The first 
point, reading off from the scatter diagram, has the coordinates (0,12); the second 
point happens to be identical with our second observation, whose coordinates are 
(8,28). Thus, applying the two points, we have as our estimated regression equa¬ 
tion of Y on X 2 the following: 


or, 


28 - 12 

y = 12 + . 8 _ Q (x - 0) = 12 + 2x 

2/12 = 12 —J— 2^2 


y 

30 r— 


20 


<$> 


10 


2 


Figure 20.4 Graphic regression of sales y on advertisment, x%. 
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TABLE 20.7 


Observation 

Sales 

y 

Advertisement 

x 2 

y 12 

V ~ 2/12 

1 

12 

1 

14 

-2 

2 

28 

8 

28 

0 

3 

24 

7 

26 

-2 

4 

18 

2 

16 

+2 

5 

18 

3 

18 

0 

6 

24 

5 

22 

+2 

7 

19 

4 

20 

-1 

8 

25 

6 

24 

+1 


which says that, other things being equal, the sales will be 12 million dollars per 
annum if there is no advertisement, and that sales will increase by 2 million dollars 
per year on the average with each increase in radio spot announcements per day. 

The predicted (or computed) values of sales, y i2 , on the basis of daily radio 
spot announcements are given in Table 20.7. The last column of this table shows 
the deviations of predicted values from the actual annual sales, y — 2 / 12 * These are 
the residual values and can be considered as that part of total variation in sales 
unaccounted for by variations in advertisement. 

DETERMINING y iz = a,. z + b lz x z GRAPHICALLY 

As stated before, the residual variations, y — 2 / 12 , are variations in sales which 
have not been explained by the regression of sales on advertisement. Now, we turn 
to determine the regression of these residuals on the second independent variable, 
efficiency index, hoping that the former can be totally or partly explained by the 
latter. This regression can be obtained in exactly the same manner we used before. 
We first construct a scatter diagram of y — yu on X z . Next, we draw a freehand 
line through the zero line at approximately x 2 = 4.375 (see Figure 20.5). Finally, 
from the two points (2, —1.8) and (7,2), we obtain the regression equation desired: 

2/13 = —1.8 H-—-—-—— (#3 — 2) = —3.32 + 0.76^3 

7 2 



1 2 3 4 5 6 7 8 


Figure 20.5 Graphic regression of sales on efficiency index. 
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TABLE 20.8 


Observation 

y ~ 2/12 

Xz 

2/13 

(y — y 12 ) — yu 

1 

-2 

3 

-1.04 

-0.96 

2 

0 

6 

+1.24 

-1.24 

3 

-2 

4 

-0.28 

-1.72 

4 

+2 

5 

+0.48 

+1.52 

5 

0 

3 

-1.04 

+1.04 

6 

+2 

7 

+2.00 

0.00 

7 

-1 

2 

-1.80 

+0.80 

8 

+1 

5 

+0.48 

+0.52 


What does this regression equation indicate? Since it is the regression of y — y i2 
on X 3 , it represents the average effect of efficiency index on annual sales after 
allowance has been made for the effect of advertisement on sales. In qther words, 
it shows the average relationship between sales and efficiency index, net of 
advertisement. The values of y i3 are given in Table 20.8. In the last column of 
this table, we have the residuals about this regression line, which are the vertical 
deviations from the regression line of y — 2/12 on X 3 ; that is, ( 2 / — y 12 ) — 2 / 13 - 

FINDING THE MULTIPLE REGRESSION EQUATION 

Having completed the analysis of the separate parts, we are now ready to combine 
the results in a meaningful whole. This we do simply by combining the two sepa¬ 
rate regression equations to obtain the multiple regression equation. Thus, for 
our illustration, we have 

2 / 1.23 = 12 +- 2x 2 — 3.32 +- 0.76x3 = 8.68 +- 2x 2 + 0.76x3 

This equation can now be used to predict the dollar value of annual sales for any 
branch store on the basis of the two independent variables. For example, if, for a 
branch store, X 2 - 1 and X 3 = 3, then the annual sales of that store would be 

2 / 1,23 = 8.68 + 2(1) + 0.76(3) = 12.96 million dollars 

The computed, or predicted, values of annual sales, 2 / 1 . 23 ? are given in Table 20.9. 
In the last column of the same table, we have the ratios of the original values to 
the computed values 2 // 2 / 1 . 23 . These ratios may be considered as a rough measure 
of the goodness-of-fit. Since all these ratios are close to 1, we consider the result 
quite satisfactory. 

FURTHER OBSERVATIONS 

The method of graphic regression is sometimes called the method of successive 
approximations because it furnishes a framework by which the first approximation 
to the regression line can be successively improved. In our illustration we have 
obtained only the first approximations, the result of which we judge to be satis¬ 
factory. Had we wished to have more accurate approximations, we would have 
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TABLE 20.9 


Observation 

Y 

Xi 

Xi 

y 1.23 

y/y 1.23 

1 

12 

1 

3 

12.96 

0.93 

2 

28 

8 

6 

29.24 

0.96 

3 

24 

7 

4 

25.72 

0.93 

4 

18 

2 

5 

16.46 

1.09 

5 

18 

3 

3 

17.96 

1.00 

6 

24 

5 

7 

24.00 

1.00 

7 

19 

4 

2 

18.20 

1.04 

8 

25 

6 

5 

24.48 

1.02 


continued our analysis in the following manner: 

First, having obtained the first approximations of the partials Y—X 2 and 
Y—Xz, we would proceed to find graphically the regression of the residuals about 
2 / 13 , that is, (y — y 12 ) — y 13 , on X 2 . This new regression equation would represent 
an improved approximation on the partial Y—X 2 . 

Next, we would determine the vertical deviations around the new regression 
line of Y on X 2 , and make a second approximation of the partial F —X 3 by 
establishing graphically a regression equation from the scatter diagram of these 
residuals against the values of X 3 . 

The above two steps can be repeated, using the latest deviations about the 
latest regression approximations, until no further corrections seem necessary. In 
general, the lower the covariability between the independent variables, the closer 
each approximation moves to the mathematically calculated least-square values, 
at a more rapid rate, since in such a case the simple regressions of Y on I 2 and 
of F on Xz would be very close to their partial relationships in the multiple case. 
In any event, the last step, naturally, would be the combination of the latest 
regression equations into the final multiple predictive equation. 

It is also possible to extend the method of graphic regression to include three 
or more independent variables. For example, in our illustration, it would be highly 
desirable to include population and/or per capita income in each sales district as 
explanatory variables in the analysis. Suppose that we have population figures 
available; we may include them as the values of the third independent variable, 
Xi. Then the residuals about the regression equation of F on I 3 would be plotted 
against the values of X 4 and a new set of estimates would be obtained. The regres¬ 
sion equation so obtained would represent the partial relationship between annual 
sales and population when advertisement and efficiency index are held constant. 
Needless to say, the final predictive equation should now be obtained by combin¬ 
ing the three estimated simple regression equations. 

Finally, we may also note that in business or economic forecasting, we often 
employ times series data. Namely, we may try to forecast the value of one series 
on the basis of other series. The regression of time series data is frequently ob¬ 
tained graphically in the manner discussed in this section. There are, however, a 
few points worth mentioning with respect to correlation between time series. First, 
regression with time series is usually estimated on the basis of index numbers. 
Second, whenever monetary series is involved, it should be deflated by an appro- 
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priate price index. Third, the relationship between time series data can often be 
improved and, therefore, the utility of using regression as a forecasting device 
increases, by introducing “time lags.” Finally, when residuals are still quite large 
due to the omission of other minor explanatory variables, these residuals can be 
accounted for by the use of a time trend. This is done by taking the final set of 
residuals of the last regression line and plotting them against time on a scatter 
diagram. The observations in time, such as months or years, in other words, are 
regarded as the last independent variable in the analysis, representing the influ¬ 
ence of all the ignored minor variables. Of course, the regression equation that has 
“time” as the independent variable is obtained in the usual manner from the 
scatter diagram. The introduction of a time trend can often improve the final fit 
considerably since “time” has been utilized as a catchall variable for those influ¬ 
ences unspecified. 


20.8 

Nonlinear 
Graphic Regression 


In Section 20.6, it was pointed out that 
nonlinear regression models can be converted into linear ones by way of semilog 
or double-log transformations. Such procedures, however, still require rather 
laborious calculations in logarithms. We can now simplify our work even more 
with the graphic method. The application of this method to power and exponen¬ 
tial functions has the double benefits of transforming nonlinear relationships into 
linear ones and the simplicity of finding the regression equations directly from 
original data. Procedures of the graphic method for nonlinear relationships are 
the same as those developed in the preceding section with but two exceptions. 
The first is that we now plot sample data on logarithmic paper, and the second is 
that the freehand line need not go through the means of variables as in the linear 
case. We may also note that to plot data on logarithmic paper has the same effects 
as to scale the logarithms of the variables on arithmetic paper. 

When semilog paper is used (that is, when the vertical axis is logarithmic and 
the horizontal scale is arithmetic), the two-point formula for a straight line 
becomes 

, i , , log y 2 ~ log yi 

1 . log y = log y i H- {x — xi) 

x 2 — Xi 

If double-log paper is employed, the two-point formula for a straight line is given 
as 

o , T , !°g 2/2 - log yi n , , 

2 . log y = log 2/1 + ----(log x - log xi) 

log £ 2 - log Xi 

We shall now turn to apply the graphic method to nonlinear regressions by 
taking up a simple and a multiple case, respectively. 
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TABLE 20.10 



FITTING y c = ab x GRAPHICALLY 

Eight trainees learning telegraph code, selected at random, are found capable of 
receiving a certain number of letters per minute, Y, after the indicated number 
of months’ training, X, as shown in the first three columns in Table 20.10. These 
data seem to suggest that the average relationship between Y and X can be ade¬ 
quately described by the function 

y c = ab x 

which, as noted before, can be converted into the linear form by the semilog 
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transformation, 


log y c = log a + # (log 6) 


To find the above linear regression of the semilogarithmic form, we first plot 
the sample data on a semilog paper as shown by Figure 20.6. Next, we draw a 
freehand straight line through the dots which we judge to represent the average 
relationship between the variables well. For our example, this line is drawn 
through the two points (1,15) and (8,70). Algebraically, this line mav be given as 

i t . log 2/2 — log 2/1 . , , , log 70 - log 15 , 

log y c = log yi H- (x - xi) = log lo -\ ----—— (x - 1) 

X2 ~ XI 8 — 1 

= 1.17609 + —| 892 (x - 1) = 1.08053 + 0.09556a: 


That is, 
or, 


1. log y c = 1.08053 + 0.09556a: 
2 . y c = 12.04(1.246*) 


as the estimated regression equation. 

To obtain the computed values of Y, y c s, we employ expression 1. For exam¬ 
ple, if X = 1, we have 


and 

If X = 2, 


log y c = 1.08053 + 0.09556(1) = 1.17609 
y c = 15 


log y c = 1.08053 + 0.09556(2) = 1.27165 
2/c = 18.69 

And so on for other values of X. The y c s are given in the last column of Table 20.10. 


FITTING X c = aL b K c GRAPHICALLY 

The production function of a firm can be adequately described by the relationship 


where 


X c = aL h K* 


X = Quantity of a commodity produced 
L = Quantity of labor inputs 
K — Quantity of capital inputs 


Sample data for the firm’s production function are given in the first three columns 
of Table 20.11. To find this regression function graphically, we first obtain the 
regression of X on L, 


which, in logarithms, is 


X L = aL b 

log X L = log a + b (log L) 








666 ASSOCIATION ANALYSIS: MULTIPLE AND NONLINEAR MODELS 


TABLE 20.11 






X 


X 


X 

L 

K 

£ 0.49 

£ 0.49 

0.12062 

2 £ 0.12062 

x c 

120 

1 

2.5 

1.00 

120 

1.11 

108 

123 

180 

2 

3.0 

1.40 

129 

1.14 

158 

177 

190 

3 

1.0 

1.71 

111 

1.00 

190 

190 

235 

4 

1.5 

1.98 

119 

1.05 

224 

233 

285 

5 

4.0 

2.20 

130 

1.18 

257 

288 

290 

6 

2.0 

2.41 

120 

1.09 

266 

292 


The graphic expression of the preceding equation is obtained when values of X 
are plotted against those of L on the double-log paper, as shown by Figure 20.7, 
and when a freehand line is drawn through the points in the scatter diagram. It 
may be noted that, for our sample data, the freehand line is drawn through the 
two points (1,120) and (6,290). Mathematically, this line is given as 

log = log si + * y . -- - log L - log h) 

log l 2 - log h 

log 290 - log 120 ^ 

= log 120 + —-----— (log L - log 1) 

log 6 — log 1 


log 120 + 0.49 (log L) 


From this result, we have 


= 120L 0 49 


the regression of X on L Avhich we seek. 

Here, L 0 - 49 is the average amount of variations in production due to the varia- 



Figure 20.7 Graphic regression of X c = aL h . 
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tions in the quantities of labor inputs. To find the values of L 0 - 49 , we set 

log N = log L 0 - 49 = 0.49(log L) 

For example, if L = 1, 

log N = 0.49(log 1) = 0 
N = 1 

log N = 0.49(log 2) = 0.14750 
N = 1.40 

Similarly for other values of L. 

Now we note that the residuals of X after the effects of L have been removed 
are measured by the differences between X and L 0 49 . In terms of logarithms, these 
differences are obtained by dividing X by L 0 - 49 . We shall denote this process as 


If L = 2, 


X L = X/L 


0.49 


The values of L 0 49 and X L are given in the fourth and fifth columns of Table 20.11, 
respectively. 

Since the residuals of X are the values of X after the effects of L on X have 
been removed, we may then measure the effects of K on X by finding the regres¬ 
sion of these residuals, Xl, on K. The scatter diagram of Xl on K is given by 
Figure 20.8. The freehand line drawn in this diagram, through (1,111) and (4,130), 
yields the following expression: 

log x 2 — log Xl „ x 

log X K = log xi + y—y-( 1o S K ~ lo S k 


Thus, 


log k 2 — log k i 

_ i mi log 130 - log 111 
l0g 1 + log 4 - log 1 

= log 111 + 0.12062(log K) 

2. X K = lllK«i M62 


(log K - log 1) 


which shows the average influence of capital on production. The values of X 0 - 12062 
and Xk = X/i£°- 12062 are given in the sixth and seventh columns of Table 20.11, 
respectively. 

Finally, since X L = X/L 0 ' 49 , we may incorporate this in equation 2 to obtain 

3. X c = 1117X 49 X 0 - 12062 

which is the multiplicative regression equation we seek to find. The values of X c 
are determined by multiplying 111 by the product of L 0 - 49 and X 0 12062 . For 
example, 

111 (1.00)(1.11) = 108 


which is the estimated production volume when L = 1 and K = 2.5. The X c s 
are given in the last column of Table 20.11. 
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Figure 20.8 Graphic regression of Xk — aK°. 


Glossary of Formulas 


( 20 . 1 ) E(Y\X2,Xz) — fix ,23 — A + B2X2 + B Z X Z and ( 20 . 2 ) j/ t - = ^1.23 + e 

These two equations define the population regression linear model for the trivariate case. The 
first says that the dependent variable Y is linearly related to the two independent variables X2 
and X z . The second gives the relationship between a single observation of F and the three- 
dimensional regression plane; in this expression e is the random error which measures the 
deviation of an individual y from the mean value of F associated with a set of fixed values of 
X2 and X3. 

( 20 . 3 ) jh.23 = &1.23 + 612.3X2 + 613.2X3 and ( 20 . 4 ) ?/*• = # 1-23 -f- e 

(20.3) is the least squares estimate of (20.1), and (20.4) defines the relationship between an 
individual value of F in the sample and the sample regression plane. Note that in (20.3) a stands 
as the estimate of A, and is the Y intercept or elevation of the sample regression plane; 612.3 
and 613.2 are called partial regression coefficients and are estimates of B 2 and B z respectively. 

( 20 . 5 ) 612.3SX2 2 + 613,22a;'#3 = ^y'x 2 bi 2 .{Lx 2 x ' 3 + 613.22a;' 2 = ^>y'x 3 

(20.6) a 1.23 == y — 612.3X2 — 613.2X3 

The first set of equations are the normal equations for the trivariate regression analysis, given 
in terms of deviations from the means of the variables. This set of normal equations would 
give us the least squares estimates of the partial regression coefficients. With 612.3 and 6,3.2 
found, then the value of a li2 3 can be determined by (20.6). 

( 20 . 7 ) 2(2/ — y ) 2 = 2(2/ — #1.23) 2 + 2 (#1.23 — #) 2 

( 20 . 8 ) SST = X(y — #)* = Xy>* 

( 20 . 9 ) SSR = 2 (#1.23 — #) 2 = bi 2 .z 2 x' 2 y f + bn.2^x' z y f 

( 20 . 10 ) SSE = 2(2/ - #1.23) 2 = SST - SSR 

The first of these equations gives the analysis of variance of the trivariate regression case. The 
left hand side of (20.7) defines the total variations in F, SST, which has n - 1 df. SST is decom¬ 
posed into two parts: SSR which measures that part of variation F which has been explained 
by the regression, and SSE which measures the residual variation. Note also that SSR has 



GLOSSARY OF FORMULAS 669 


k df, where k is the number of partial regression coefficients, and SSE has n — k — 1 df. 
The last three equations in this group are computational formulas for these three sources of 
variability. 


(20.11) MSE = 


SSE 

n — k — 1 


— 0- 2 1.23 


The mean square of error is an unbiased estimate of 


the population variance V(Y) = E(Y — E(Y\X2,X2)) S . The square root of MSE is the sample 
standard deviation of the regression plane. If Fs are normally distributed, MSE measures the 
closeness-of-fit. Also note that F k , n -k- 1 = MSR/MSE can be used to conduct ah over-all test 
that jB 2 = B z = 0 in the trivariate analysis. 

(20.12) R 2 i . 23 = 1 - SSE/SST = SSR/SST and (20.13) R\ n = 1 - MSE/MST 

The coefficient of multiple determination defined by (20.12) is a positively biased estimate of 
the corresponding population parameter. This positive bias is corrected by introducing (n — 1)/ 
(n — k - 1) as the correction factor; (20.13) results. In general, the coefficient of multiple 
determination measures the closeness-of-fit by the regression plane; it measures the percent¬ 
age in total variation that has been accounted for the regression. The square root of R 2 x. 23 , 
always positive, is the coefficient of multiple correlation. 


(20.14) ri 2 . 3 


ria — rx 3 r 23 

\/(l — n 3 2 )(l — r 23 2 ) 


(20.15) r 13 . 2 


_ r i8 — Tnrii 

VT-fn’Kl - r„‘) 


(20.16) 


r 23 — ri 2 ri3 

\/(l ~ r i2 2 ) (1 — fiz 1 ) 


Partial correlation coefficients in multiple association analysis are here defined in terms of 
simple correlation coefficients. A partial correlation coefficient measures the net covariation 
between two of the variables under consideration. It is interpreted in terms of its squared 
value—coefficient of partial determination. For instance, if ri 2 . 3 = 0.90 and r 2 ]2 . 3 = 0.81, then 
we say that the errors made in estimating Y from X 3 are reduced by 81 percent when X 2 is 
employed as an additional explanatory variable. 


(20.17) y c = a + bx + cx 2 The sample regression function of the form of a second-degree 
polynomial, a parabola, is given by this expression. 


(20.18) y c — a + b/x 
(20.18a) y c = a + bZ 


(20.19) y c - a — b/x 
(20.19a) y c — a — bZ 


When sample regression functions can be adequately described by expressions (20.18) and 
(20.19), then these nonlinear regressions can be converted into linear forms by the reciprocal 
transformation. That is, if we define Z = l/X, then the first two regression functions can be 
rewritten as (20.18a) and (20.19a), respectively; both are now linear regressions of F on Z. 


(20.20) y c - ab* 

(20.20a) log y c = log a + x(log b) 

(20.20b) z c — c + dx 

Th6 exponential regression function, (20.20), can be converted into a linear one by semilog 
transformation, (20.20a). Furthermore, if we let log y c — z c , log b = d, and log a - c, (20.20a) 
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becomes (20.20b), which is a linear regression of Z on X. The coefficients c and d are found in 
the usual manner by working the logarithms of Y and the original values of X. 

(20.21) y c = ax b 

(20.21a) log y c = log a + 6 (log x) 

(20.21b) z c = c + bw 

A power sample regression such as (20.21) is converted into a linear relationship by the double¬ 
log transformation as shown by (20.21a). Furthermore, if we let log y c = z c , log a = c, and log 
x = ?r, then the linear relationship in logarithms can be written as ( 20 . 21 b), which is a linear 
function of Z on w. The coefficients c and b are then found in the usual manner by working with 
the logarithms of Y and logarithms of XT 

(20.22) y c = ax 2 b xz c 

(20.22a) log y c = log a + 6 (log x 2 ) + c(log x 3 ) 

(20.22b) z c = d + bz 2 + cz 3 

Given a sample regression in the form of (20.22), a linear relationship such as (20.22b) would 
result via the double-log transformation. Explain how (20.22) is related to (20.22a). 


Problems 


20.1 Show that in the trivariate regression 
analysis 

ai.28 = y — bn.zx 2 — bn. 2 Xs 

20.2 Show that SSR = S(^i . 2 3 — y) 2 = 
bn.zZx^y' + bn.%Zx[y'. 

20.3 Given the sample regression equation, 

yc = & 1.234 + & 12 . 34^2 + & 13 . 242*3 + 614 . 23^4 

derive the set of normal equations required 
for estimating the partial regression coeffi¬ 
cients by the least squares method. 


^ _ ^12.4 — r 13. 4^23. 4 

? ' 12 ' 34 = ((1 - r*i,. 2 )(l - rW)* 

2 _ ^13.4 — ^12.3^23.4 

“ ((1 -r* 12 .,)(l -rh 3 . t ))H 

^ _ _ ^14.3 ~ T 12.3^24.3 

“ ((1 - r“ 12 .,)(l - ,V,))K 

But can you explain why the following identity 
holds? 

?'12.4 ~ 7*13.4 

((1 - r 2 !3. 4 )(l - t*2 23 . 4 )) 1 X 


20.4 Write out the set of normal equations 
in the answer to the preceding problem in 
terms of deviations from the means of the 
variables. 

20.5 When the partial regression coefficients 
are found in the four-variable regression 
analysis, how can ai .234 be determined? 

20.6 Can you explain why the following 
formula for the coefficient of multiple deter¬ 
mination is valid? 


R Z 1.234 


= 1 - 


C 2 1.234 



SST - SSE SSR 
SST ~ SST 


20.7 The partial correlation coefficients in the 
four-variable case are given as 


= 7*12.3 ~ 7*14 37*24.3 

= ((1 - 7 - 214 . 3 ) (1 - 7 - W ) 1 / 2 

20.8 To evaluate the ability of predicting 
volume of imports by Formosa (the Republic 
of China) on the basis of the gross national 
product and of general prices in Formosa in 
relation to import prices, historical data for 
1959 to 1967 were gathered and analyzed. 
Letting 

Y = index of imports of goods and ser¬ 
vices to Formosa at constant (1959) 
prices 

X 2 = index of gross national product of 
Formosa at 1959 prices 
X 3 = ratio of indices of general Formosa 
price indices to import price indices 




the investigators made the following calcula¬ 
tions: 

n — 9 

Xy = 1052 Xx 2 - 1017 2z 3 = 954 

yx = 116.9 x 2 = 113 x 3 = 106 

Xy* = 124,228 Sx 2 2 = 115,571 W = 101,772 
Xyx 2 — 119,750 Xyx 3 = 111,433 Xx 2 x 3 = 107,690 

a. Find the linear regression line of 7 on X 2 
and X 3 by the least squares method. 

b. Give the calculated values of Y, yy. 23 , with 
the estimated regression equation in a. 

20.9 Give verbal interpretations to the partial 
regression coefficients obtained in the pre¬ 
ceding problem and compare intuitively the 
relative influence of X 2 and X 3 on 7. 

20.10 Ten branch stores of a national re¬ 
tailing company have been selected at random 
in order to evaluate the effects of population 
and income on sales in each sales district. 
The following data have been obtained for this 
purpose: 


Sales 

(in thousands 
of dollars) 

Population 
(in thousands) 

Income 
(in millions 
of dollars) 

7 

6 

15 

5 

7 

12 

11 

9 

18 

9 

10 

16 

6 

11 

10 

10 

12 

15 

13 

13 

17 

9 

14 

10 

12 

15 

12 

10 

16 

11 


a. Convert the above data into percentage 
form. 

b. Find the least squares regression equation 
of sales on population and income. 

c. Give verbal interpretations to the values of 
partial regression coefficients obtained in 6 . 

d. Find the predicted values of 7. 

20.11 With data in Problem 20.8, 

a. Construct an analysis of variance table. 

b. Compute the estimated variance and stand¬ 
ard deviation of the regression plane. 

c. Conduct an over-all test that By = B 2 = 0. 

d. Conduct a step-by-step analysis of the 
separate contributions of each of the inde¬ 
pendent variables to the dependent variable. 
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20.12 With data in Problem 20.10, follow the 
instructions for Problem 20.11. 

20.13 Compute R 2 y.n and R 2 y. 23 for data in 
Problem 20.8 and interpret results. 

20.14 Compute the multiple coefficient of 
determination and the corresponding ad¬ 
justed statistic for data in Problem 20.10 and 
interpret results. 

20.15 Compute 7 * 12 . 3 , ri 3 . 2 , and 7 * 23.1 for data in 
Problem 20.8. What does each of these values 
measure? 

20.16 Compute the partial correlation coeffi¬ 
cients for data in Problem 20.10 and interpret 
the results. 


20.17 Conduct a t test for each of the partial 
correlation coefficient values obtained in 
Problem 20.15 or in Problem 20.16. 


20.18 Use results obtained for data in Prob¬ 
lem 20.8 to verify the following relationships: 

R 2 1.23 — t 1 2 2 


a. 7^13.2 = 


1 


rir 


b. R 2 y , 23 

C. 612.3 

d. Rh. 


612,3 Xy'x' 2 + bis.yiXy'x^ 

Xy>* 

= 7*12.3 and 613.2 = 7*13.2 (^) 

\0'2.3/ \0'3.2/ 


1 ~ 


ri2 2 + 7 *i 3 2 — 27*127*137*23 


1 


r 23 l 


©■ 1 ~ R 2 1.23 = (1 — 7*i 2 2 ) (1 ~ 7* 2 i3. 2 ) 

20.19 A study was made of the relationships 
among grades earned in different subjects by 
200 business students selected at random. 
Using these variables 


7 = grades in business statistics 
X 2 = grade in freshman mathematics 

X 3 - grade in logic 

Xy = grade in general business subjects 

the investigator obtained the following 
statistics: 

y — 75; = 100 

x 2 — 24; s 2 2 = 25 

x 3 = 15; S 3 2 = 9 

$4 = 36 ; s 4 2 = 36 

7*12 = 0.90; 7’n = 0.75; r 23 — 0.70; 

7*2 4 = 0.70; 7*34 = 0.85 

Assuming that 7 is linearly related to X it 
find the least squares regression equation of 
7 on X 2 , X s , and X 4 . 
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20.20 Find the partial correlation coefficients 
7 * 12 . 34 , ri 3 . 24 , and t*i 4 .23 for data in the preceding 
problem. 

20.21 Compute and interpret the multiple 
coefficient of determination and the variance 
of Y about the regression hyper plane for data 
in Problem 20.19. 

20.22 For data below, the variables under 
consideration are 

Y - the breaking strength of steel cable 
in hundred-weight 

X 2 — the diameter of cable in millimeters 
Xi — the percentage of alloy in the steel 
used 

Xi = the number of separate strands of 
which each piece of cable is 
composed 

a. Find the regression equation 

Vc — &1.234 + t* 12.34^2 4 * t* 13.24^3 4 * &14.23^4 

b. Compute the partial correlation coefficients, 
the multiple coefficient of determination, and 
the variance of the regression. 


Obser¬ 

vation 

Y 

Xi 

x 2 


1 

3 

2 

8 

10 

2 

5 

4 

5 

12 

3 

7 

6 

8 

10 

4 

6 

5 

10 

11 

5 

3 

1 

5 

13 

6 

7 

5 

8 

16 

7 

9 

6 

9 

10 

8 

4 

4 

6 

14 

9 

8 

7 

5 

13 

10 

1 

1 

3 

11 


20.23 Find the sample regression equation 
for the data in the previous problem by the 
graphic method and compare the result with 
that obtained mathematically. 


20.24 The total net investment function for 
the economy as a whole is assumed to be of 
the form 

I = ai b 

where I stands for net investment, i for rate 
of interest, and a and b are the unknown 
constants. The following sample is obtained: 

7: 10.0 6.5 9.5 5.0 4.5 2.5 4.0 2.5 2.2 2.8 
i\ 3 4 3 5 6 8 7 7 9 8 

Determine the regression equation graphically. 

20.25 According to the liquidity preference 
theory of the interest rate, the demand for 
money to hold as cash balances, for a given 
level of national income, is a decreasing func¬ 
tion of the rate of interest. If we let M stand 
for the quantity of money demanded and i for 
interest rate, then an equation of the form 

b 

M = a 4 - - 

i 

gives a rather close approximation. Given the 
following sample data, plot a scatter diagram 
and fit a regression line to it by the least 
squares method. 

M: 13 12 1117 18 14 13 1113 10 12 13 10 1114 23 
i: 7532132567646421 

where M are measured in millions of dollars 
and i are annual interest rates in percentages. 
(Hint: Define a new variable Z = 1/4 and find 
the regression of M on Z from the equation 
M — ci 4* bz .) 

20.26 An economist collected data concern¬ 
ing four variables X, W, Y, and Z. He believed 
that an equation of the form X c = aY b W c Z d , 
where a, b, c, and d are the unknown constants, 
could be found from which he could, pre¬ 
dict X by knowing Y, W, and Z. Outline 
clearly a procedure by which this aim can be 
accomplished. 
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DECISION 

AND 

GAME 

THEORIES 


21.1 

Operations 

Research 


During the past few decades, amidst the 
growing size and complexity of business, there has been a continuous effort to 
develop and apply modern scientific techniques to problems involving the opera¬ 
tions of a system as a whole. This endeavor is what is now called operations re¬ 
search an omnifarious effort which encompasses methods of inventory control, 
programming, statistical inference, forecasting, decision and game theories, queu¬ 
ing problems, and Monte Carlo simulation. Some of these topics have already 
been introduced in this text. Now, in the last two chapters, we shall present some 
recent methods of operations research which involve probabilistic considerations. 
Precisely, we shall cover the main aspects of decision and game theories here, and 
follow up in the next chapter with a discussion on waiting line problems and 
Monte Carlo simulation. 


673 
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21.2 

The Structure 
of Decision 


The term ‘ ‘decision” has several funda¬ 
mental implications that must be clearly understood. To begin with, decision is 
needed in a problem situation where two or more alternative courses of action are 
available, and where only one of these actions can be taken. Obviously, if there is 
only one course of action available, no decision is required since that action must 
be taken in order to solve the problem. The restriction in the second part of this 
last statement does not in any way limit the handling of practical situations, inas¬ 
much as it is quite permissible to consider any combination of actions as a single 
action in a decision procedure. What we should do is to reformulate any combina¬ 
tion of actions so that this restriction is satisfied. Consequently, the first considera¬ 
tion is to work out what is called a “list of mutually exclusive actions” to meet 
this restriction in order to avoid later confusion or ambiguity. 

Suppose that the research department of a firm has designed a new product 
which can be put into immediate production. The perfection of this new product 
creates many problems for managerial decision. Should the new product be intro¬ 
duced to the market? If so, how should it be produced? distributed? advertised? 
In each of these problem situations there are alternative courses of action to be 
selected; for instance, the problem of what advertising media to use may include 
radio, television, newspapers, magazines, direct mailings to potential buyers, or a 
combination of two or more of these media. 

Consider now the federal policy for economic stabilization. If there are, say, 
ten million workers unemployed today, should the government adopt monetary 
or fiscal measures to improve the situation? If it decides to employ monetary 
devices, which instruments are to be used? a reduction in reserve requirements 
against demand deposits? a decrease in the rediscount rate? purchase of govern¬ 
ment securities in the open market? an easing of terms for installment purchases? 
or a combination of some or all of these actions? 

In the second place, decision procedure involves selecting, among the alterna¬ 
tives, a single course of action that can be actually carried out. This point is so 
self-evident that only a brief comment is needed. It is surely a waste of time and 
resources to think about a problem over which there is no control, or to select a 
course of action that can never be carried out. 

Third, the objective of decision is to select an act which will accomplish some 
predesignated purpose. To judge whether or not a decision is satisfactory depends 
upon the outcome or consequence of the act selected by the decision procedure. 
If the outcome of the act taken is favorable, the decision may be considered as 
satisfactory. But how do we evaluate whether the outcome is favorable? This 
question can be answered only if we have specified beforehand just what outcome 
is to be regarded as favorable. For instance, in deciding which media to use in 
advertising the new product mentioned earlier, management will be influenced by 
various objectives. The management may be primarily concerned with reaching 
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the largest possible audience; hence it may decide to use television. It may have 
the lowest cost as the main objective; if so, it may choose to use direct mailings 
to its potential buyers. Or it may wish to reach a relatively large audience at a 
relatively low cost; it may then decide to employ radio or newspapers. In any 
case, a decision procedure involves the selection of a possible course of action 
which will lead to an outcome judged to be favorable or not, in accordance with 
its success or failure to fulfill some predesigned objective. The significance of 
decision lies exactly in this condition. 

Fourth, decision, as a process, has a time element. Decision leads to action 
which, in turn, leads to outcome. Decision is made at the present, outcome 
emerges in the future, and, in between, action is being carried out. The time 
ingredient reveals that decision is predictive: to make a decision, we must predict 
the outcome or outcomes of that decision. Future outcomes are sometimes called 
states of nature. 

The anticipation of states of nature is a very simple matter if the problem at 
hand is one of the so-called strict causal chain variety. For such a chain, events 
do not keep branching out: each event will lead to another simple event, and so 
on, through the chain of events. For instance, turning off the switch “causes” 
the electrical circuit to break which, in turn, “causes” the light to go out. Thus, 
in a strict causal chain, the prediction is “certain” and no difficulty is present in 
decision making. 

In many problems situations, each course of action may lead to a number of 
outcomes. For instance, when a coin is tossed, either a head or a tail may appear. 
Again, if you elect to drive your car this weekend to visit a friend, you may arrive 
at your destination as planned, or you may find yourself lying in a hospital bed 
with your arm in a plaster cast, or your car may break down on an unfamiliar road 
miles away from a garage, and so forth. Clearly, when there are many possible 
outcomes of an act, it is no longer possible to predict with certainty what will 
actually happen. 

Nevertheless, we are not completely helpless here. We can still predict the 
possible outcomes of an act in terms of probabilities. To do this, we must distin¬ 
guish between two cases—cases of risk and cases of partial ignorance. Risk refers 
to a situation where the probability is known for each of a set of outcomes result¬ 
ing from a specific course of action. For instance, there is risk in predicting the 
appearance of a head when a coin is tossed once, for it may turn up a tail. Never¬ 
theless, if a coin is tossed over and over again, we can predict that the proportion 
of heads will approach one half. Partial ignorance characterizes a true state of 
nature where outcomes of an action do not possess known probabilities in the 
classical or relative frequency sense, but a decision maker can still express various 
“degrees of belief” with respect to occurrences of possible outcomes’ Very often, 
such initial degrees of belief may be modified with additional information to 
describe more accurately the “true” state of nature. 

Finally, a decision process must take into consideration what is called the 
evaluation of conflicting values. A given outcome may be associated with desirable 
as well as undesirable aspects, that is, have conflicting values. The desirability of 
an action is the difference between the desirable and undesirable aspects of the 
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outcome of the action itself. But what do we actually mean by desirability and 
how can we measure it? A moment’s reflection reveals that “desirability” is a 
relative term. It is relative to the objective of a decision maker in a specific prob¬ 
lem situation. For business and economic problems, fortunately, we have available 
only two standards, or units, of measuring desirability: money and utility. 

Dollars and cents can be used to measure not only the direct monetary costs 
(undesirability) and gains (desirability) of an outcome, but also intangibles, such 
as convenience, goodwill, self-satisfaction, and peace of mind. One way to meas¬ 
ure an intangible variable is to assign an arbitrary monetary value to it. Thus, 
taking the reputation of a firm, the loyalty of customers, and some other abstract 
valuations into consideration, an accountant may estimate that the goodwill of a 
firm is worth $100,000. 

Another way to convert an intangible into monetary values is to ask an 
introspective question like this: Would I be willing to stand in a line that is ten 
blocks long to buy a ticket at Radio City Music Hall, or would I prefer to give 
up a quarter, half a dollar, one dollar, or two dollars to avoid standing in the line? 
In answering this question, one can eventually determine the monetary value 
of the undesirability of standing in the line. 

It is also possible to convert time to monetary values, since each individual 
consciously or unconsciously values his time at so much money per hour or per 
day. For example, suppose that it costs you $10 to have your apartment cleaned 
by a maid, or it costs four hours of your time if you clean it yourself. And suppose 
that you decide to have a maid’s service; then you must have valued your time 
at more than $2.50 per hour. We have, in this example, ignored the undesirability 
(or maybe desirability) of manual labor (or maybe exercise) involved in cleaning. 

When the conflicting values of an outcome are converted into monetary units, 
its desirability may be thought of as the difference between total monetary gains 
and total monetary losses. If an action has only one outcome, the desirability of 
the outcome is also the desirability of the action. When alternative outcomes are 
associated with an action, the desirability of the action may be regarded as the 
average desirability, or expected value, of all possible outcomes. When the desira¬ 
bilities of alternative courses of action have been measured, we then proceed to 
select the action that has the highest expected desirability. This may be called 
the decision rule , or criterion of expected values. 

While the expected monetary value has been used for many decision problems, 
it is not the decision criterion for all situations. Very often, we may find that a 
more plausible and appropriate standard of measuring desirability is what is 
called “utility.” 

A student of economics is undoubtedly familiar with the fact that the neo¬ 
classical economists constructed a utility theory to explain consumer behavior. 
This theory considers utility as a measure of the psychological state of the con¬ 
sumer—the intensity of his desire, the psychic gains and losses resulting from 
alternative courses of action available to him. This theory also treats utility as a 
measure of introspective pleasure—intrinsic satisfaction provided by a commod¬ 
ity. Thus, the neoclassical concept of utility is fundamentally “ordinalistic” in 
the sense that decision processes are explained merely in terms of an individual’s 
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preferences. It involves, then, only ranking or ordering things without assigning 
proper weights to them. 

The concept of utility employed for our later discussion is “cardinal in nature, 
in the tradition of Von Neumann and Morgenstern. In the N-M sense, utility is 
associated with the ordering of choices involving risks that can be evaluated m 
terms of probability. As we shall see in Section 21.6, the N-M “utility index” is 
constructed with the aims of computation and prediction in view. In other words, 
it explains how and why a decision maker should rank risky or uncertain strategic 
decisions on the basis of “expected utility.” 

There is, however, one thing in common between the neoclassical and N-M 
concepts of utility; that is, the utility scale is a personal-value scale, not a dollar- 
and-cents scale. 


21.3 

Statistical 
Decision Theory 


Given a problem situation where there 
are available alternative courses of action, each of which may lead to a set of 
mutually exclusive outcomes associated with certain probabilities, which course 
of action should a decision maker take? This is a problem of statistical decision 
theory and is evaluated in terms of expected monetary payoffs. 

STATING THE DECISION PROBLEM 

Let us consider this example: A baker produces a certain type of fancy cake at a 
total average cost of $10, and sells it at a price of $15. This cake is produced over 
the weekend and is sold during the following week; such cakes produced but not 
sold during a week’s time are worthless and must be thrown away. According to 
past experience, the weekly demand for these cakes is never less than 18 or greater 
than 20; that is, the weekly demand constitutes three possible values: 18, 19, and 
20. The question is: How many cakes should the baker produce for each week’s 
sales: 18? 19? 20? 

For this example, we clearly have three possible acts: 

A i — produce 18 units 
A 2 = produce 19 units 
A 3 = produce 20 units 

Whichever act the baker decides to take, the weekly sales may be any one of these 
three sales volumes (possible outcomes of each one of these three actions). 

With the above analysis, we have already taken the first step of statistical 
decision theory—namely, stating the decision problem: listing all the possible 
courses of action and the possible outcomes (events) of each action. In general, 
the listing of events in a given problem situation must be mutually exclusive and 
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exhaustive. Note, also, that the possible outcomes of an act are numerical values 
here, and as such they are in effect values of a random variable. 

PAYOFF TABLES 

The next step of statistical decision theory is the construction of a payoff table 
listing the alternative acts and their possible events (outcomes). A pavoff table 
represents the economics of the problem—a problem of revenue and costs. A 
payoff may be thought of as a contingency , a co7iditional value, or conditional profits 
(losses). A payoff is a “conditional value” in the sense that associated with each 
course of action there is a certain profit (or loss), given that a specific event (out¬ 
come) has occurred. A payoff or contingency table is then a table which contains all 
conditional values of all possible combinations of acts and outcomes. 

The calculation of payoffs depends on the problem. Sometimes a bit of alge¬ 
braic reasoning is required. Very often, however, it is a relativelv easy matter. 
For our illustrative example, we may let D be the number of units demanded each 
week and Q be the quantity produced. Since 18 < D < 20, the baker will never 
consider a level of output which is greater than 20 or less than 18. 

Next, payoffs or conditional profits, ir, for demand less than quantity pro¬ 
duced, (D < Q), can be considered as the difference between total revenue of 
sales and total costs of production, (15£> - 10Q). Total profits, tt, for a total 
demand equal to or greater than the quantity produced, (D > Q), can be com¬ 
puted as total revenues from sales of all that was produced (15Q) minus total 
costs of producing that quantity, (10Q). Symbolically, this becomes 

TT = 15D - 10 Q, D <Q 
7T = 15Q - 10Q, D > Q 

With these equations, payoffs associated with each act (Q = 18, 19, 20), given 
that a specific event (D = 18, 19, 20) has occurred, are given in Table 21.1. 

PROBABILITY ASSIGNMENT 

With the payoff table, a decision maker may be able to reach the optimal solution 
of a problem if he has a knowledge of what event is going to occur. For instance, 
if the baker knew in advance that next week’s demand would be 20, he would 


TABLE 21.1 PAYOFF TABLE FOR 
PRODUCTION DECISION 


Event 


Possible Act Ai 


D 

Ai: 18 

A 2 : 19 

A 3 : 20 

18 

$90.00 

$80.00 

$70.00 

19 

90.00 

95.00 

85.00 


20 


90.00 


95.00 


100.00 


21.3 STATISTICAL DECISION THEORY 679 

obviously produce 20 units now and make a profit of $100. However, as is usually 
the case, such information is not available to the baker. Indeed, if he produces 
20 units, the weekly demand may turn out to 18 and his conditional profit will be 
$70, not $100. In the face of uncertainty, a decision maker must make some pre¬ 
diction or forecast, usually in terms of the probability of occurrences of events, 
and then select a course of action consistent with the prediction. Thus, the third 
step of statistical decision theory is to assign probabilities to possible events. 
Suppose that our baker has been producing this type of cake for a number of 
months; he may then use the relative frequency of past sales data as probabilities. 
Suppose, also, that the results are as follows: 

Event: Demand Probability 

18 0.2 

19 0.7 

20 0.1 

These values may be considered as initial probabilities. If the baker, for one 
reason or another, believes that next week’s demand will be somewhat different, 
he may modify these probability assignments in accordance with his judgment. 


EXPECTED PAYOFF 

With event probabilities assigned, the fourth and last step of statistical decision 
theory is to analyze these probabilities by calculating expected payoff (EP) or 
expected monetary value for each course of action. The decision criterion here is to 
choose as the optimal act , OA, the act that yields the highest EP. 

As the reader should know from our earlier definition of the expectation of a 
random variable, the EP of a given act is the sum of products of payoffs for each 
event and their corresponding probabilities of occurrences. Table 21.2 contains 
calculations of EP for our illustrative example. 


TABLE 21.2 EXPECTED PAYOFF TABLE 


Event: 
Demand 

Probability 



Possible Act 



Ai 


A 2 


' A 3 : 


Payoff 

Expected 

Value 

Payoff 

Expected 

Value 

Payoff 

Expected 

Value 

18 

0.2 

$90 

$18.00 


$16.00 

$70 

$14.00 

19 

0.7 

90 

63.00 

95 

66.50 

85 

59.50 

20 

0.1 

90 

9.00 

95 

9.50 

100 

10.00 

Expected Payoff 

EP(4.) = 

90.00 

EP(^ 2 ) = 

92.00 

EP(yls) = 

83.50 
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Thus, the EP of each act is as follows: 


Possible Acts 

EP 

A 1 = produce 18 cakes 

$90.00 

A 2 = produce 19 cakes 

92.00 

A 3 = produce 20 cakes 

83.50 


From this we see that A 2, produce 19 cakes, is the optimal act for the baker because 
it has the highest expected payoff. 


EXPECTED OPPORTUNITY LOSS 

An alternative decision criterion of statistical decision theory is what is called 
expected opportunity loss, EOL. We shall see that this criterion leads to the same 
conclusion as EP. 

First, we note that EOL is defined as the amount of payoff foregone by not 
taking the course of action which will give the highest payoff for each possible 
event. Opportunity loss for our illustrative problem is the amount of profit lost 
by not producing the number of units which will give the highest profit for each 
demand level. 

Thus, for example, if the demand is 20 units, then the optimal act is to produce 
20 units and obtain a profit of $100. However, if the demand is 20 and the decision 
is to produce 19 units, the profit is $95. This act entails an opportunity loss of 
$5 (= $100 — $95) due to failure to take the best action, that is, produce 20 units 
given a demand for 20 units. Again, if the demand is 20 and the baker acts by 
producing 18 units, then this would be a conditional opportunity loss of $10 
( = $100 — $90). With similar calculations, we obtain the conditional opportunity 
losses (COL) for our example given in Table 21.3. 

Note that the COL of the optimal act is zero; COL of any act other than the 
OA is positive and is the difference between the payoffs of the OA and the act 
taken. 

Next, it follows logically that if conditional opportunity loss is used as the 
decision criterion, then the best act is the one which minimizes expected oppor¬ 
tunity losses. Calculations of EOL are the same as those for EP, except COL are 


TABLE 21.3 CONDITIONAL OPPORTUNITY LOSSES 


Event: D 

OA For 

Each 

Event 

Profit 

Conditional Opportunity loss 
(COL) 

OA 

Ai 

a 2 

A 3 

18 

18 

$ 90 

$ 0 

$10 

$20 

19 

19 

95 

5 

0 

10 

20 

20 

100 

10 

5 

0 
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TABLE 21.4 EXPECTED OPPORTUNITY LOSSES 


Event: Demand 

Probability 



Alternative Act 



An 18 

A 2 : 

19 

A 3 

: 20 

OL 

EOL 

OL 

EOL 

OL 

EOL 

18 

0.2 

0 

$0.00 

10 

$2.00 

20 

$4.00 

19 

0.7 

5 

3.50 

0 

0.00 

10 

7.00 

20 

0.1 

10 

1.00 

5 

0.50 

0 

0.00 

Totals 

1.0 

— 

4.50 

— 

2.50 

— 

11.00 


used instead of payoffs. Table 21.4 contains computations of EOL for our 
illustration. 

Thus, the optimum act is again A 2 , which has the lowest EOL, $2.50. 
VALUES OF PERFECT INFORMATION 

If we assume that the payoffs and probabilities shown in Table 21.2 represent a 
frequently recurring problem, what is the expected value of one occurrence if the 
decision maker, the baker, knows each time which of the three possible outcomes 
(weekly demand) is going to occur? How much is such added information worth? 

When the baker knows that next week's demand will be 18 units, he takes the 
action of producing 18 units andmbtains a profit of $90. This occurs 20 percent 
of the time, and the expected profit is $18. When the baker knows that next week’s 
demand will be 19 units, he produces 19 units and obtains a profit of $95. This 
occurs 70 percent of the time, yielding an expectation of $66.50. Finally, when he 
knows the weekly demand will be 20 units, he produces 20 units and gains a profit 
of $100. This occurs 10 percent of the time and results in an expected profit of $10. 
Hence, if the baker can in some way find a “perfect predictor,” whereby each 
week’s demand can be known in advance and the optimal number of cakes can 
be produced for each week, then the average value of each such occurrence, called 
the expected payoff of perfect information (EPPI),is$18 -j- $66.50 + $10 = $94.50. 

The EPPI calculated above is the highest expected profit the baker can make 
if perfect information is available. The value of such information is the difference 
between EPPI and the EP of the optimal act when there is no such information. 
Thus, for our example, the value of information is $94.50 — $92.00 = $2.50. 

The value of information represents the maximum amount of money which a 
decision maker could spend to obtain additional information—a perfect predictor. 
It is also interesting to note that this value is always equal to the EOL of the 
optimal act. This result should not be surprising, since perfect prediction should 
reduce the opportunity loss due to uncertainty to zero. This property also pro¬ 
vides a check on computations because, for any act, the identity EP + EOL = 
EPPI must hold. 
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21.4 

The Bayesian 
Decision Rule 


The Bayesian decision rule is but an ex¬ 
tension of the statistical decision theory just introduced. In contrast to the latter, 
the Bayesian approach selects the optimal act for solving a problem by using as 
its criterion the expected payoffs calculated with posterior probabilities. We shall 
begin our discussion on this decision rule by way of an example. 


DECISION STRATEGIES 


Suppose that a firm is completing the research and development phases of a new 
product. A decision must be made now as to whether or not the new product 
should be commercialized. 

It has been estimated that the production of this new product requires a total 
fixed cost of $45 million and a unit variable cost of $1.50, and that a selling price 
of $2.50 may be charged. Furthermore, the marketing research department of this 
firm has estimated that the possible annual sales volume—that is, states of nature 
together with their respective probabilities—is as follows: 


State of Nature 


Probability 


Hi: Sales of 20 million units 0.3 

Sales of 15 million units 0.5 

H z \ Sales of 2 million units 0.2 


With the above information, there are two strategies open to the management: 

Strategy I: Make the decision as to whether to introduce the new product on 
the basis of prior information only. 

Strategy II: Conduct a market operations research and make the decision as 
to whether to introduce the new product on the basis of both prior information 
and information obtained from research. 

What we must do now is to determine which strategy the management should 
adopt; namely, we must evaluate the relative merits of these two strategies in 
terms of expected payoffs before research and expected payoffs after research. 
The evaluation of Strategy I is called prior analysis , and that of Strategy II is 
called posterior analysis . 


PRIOR ANALYSIS 

To evaluate the expected payoff before research, let us assume, for the sake of 
simplicity, that the fixed investment has a life span of five years and that a total 
of $9 million is charged to each year's operation. Under these assumptions, the 
payoff of each state of nature resulting from the action of introducing the product, 
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TABLE 21.5 PAYOFF TABLE IN MILLIONS 
OF DOLLARS 




State of Nature , 

Alternatives 

Hi 

Hi H s 

Ai 

$11 

$6 — $7 

a 2 

0 

0 0 


Ai, is the difference between total revenue from anticipated sales (units multiplied 
by price) and total costs (the sum of annual total fixed costs and total variable 
costs, the latter being the product of sales volume in units times unit variable 
costs). For example, if it is decided to introduce the new product, and if H 2 = sales 
of 15 million units is the true state of nature, then the payoff is 

(15 million units X 12.50) — ($9 million + (15 million units X $1.50)) 

= $6 million 

If, however, it is decided to take A 2 —not to introduce the new product—the 
payoff is zero irrespective of the state of nature. Results of payoff calculations 
for this problem are summarized in Table 21.5, where A\ stands for the action of 
introducing the new product and A 2 stands for the action of not introducing the 
new product. 

Recall that prior probabilities attached to these states of nature are 0.3 for Hi, 
0.5 for H 2 , and 0.2 for # 3 , respectively, so that the expected payoff for Ai (intro¬ 
ducing the new product before research) is 

(0.3)($11) + (0.5)($6) + (0.2)(-$7) = $4.9 million 

The expected value for A 2 is, of course, zero. 

The first step in posterior analysis is to determine the value of information. 
This task would be highly simplified if we could assume that the additional infor¬ 
mation obtained from marketing research is perfect, since then we could identify 
with certainty the optimal act under Strategy II. In other words, if research 
results were capable of aiding us to conclude with certainty whether A i or A 2 is 
the optimal act, then the expected payoff would simply be 

(0.3)($11M) + (0.5) ($6M) + (0.2) (0) = $6.3 million 

Thus, the value of perfect information is $6.3 — $4.9 = $1.4 million. If we were 
assured of obtaining perfect information, we would then be well advised to spend 
up to $1.4 million to get it by conducting marketing research. 

However, marketing research seldom, if ever, yields perfect information. There 
is always a certain degree of uncertainty in the selection of the optimal act even 
in the presence of research results. Granting that the information obtained is 
imperfect, how are we then to determine expected payoff after research? 
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PREPOSTERIOR ANALYSIS 

As a matter of fact, a marketing operation test is often expensive. Consequently, 
the Bayesian approach to decision making suggests that a preposterior analysis be 
made in evaluating a strategy that involves a choice of conducting or not con¬ 
ducting research before a terminal decision is made. 

The preposterior analysis begins with a natural query: If research were con¬ 
ducted, what relevant outcomes could we expect to obtain, given the possible 
relevant states of nature in the prior analysis? 

The states of nature considered, for example, in the new product illustration 
are Hi = an annual sale of 20 million units; II 2 — an annual sale of 15 million 
units; and = an annual sale of 2 million units. Suppose that the possible out¬ 
comes of marketing research which are relevant to the evaluation of the true state 
of nature are as follows: 

E 1 : Research result indicates an annual sale of 15 million units or more 

E 2 : Research result indicates an annual sale of between 5 and 15 million units 

E 3 : Research result indicates an annual sale less than 5 million units 

Having hypothesized these possible relevant outcomes, we would evidently 
be interested in knowing the likelihoods of these outcomes; that is, the conditional 
probability of a specific outcome given as specific state of nature, P{E j \H^). After 
thorough consideration, suppose we conclude that the weights shown in Table 
21.6 can be assigned as the conditional probabilities. Note, that the conditional 
probabilities assigned to all possible outcomes (Ej), given a specific state of nature 
as the true state, add up to unity. Also, the sum of likelihoods of a specific outcome, 
given each and every state of nature, is unity in our example, but this need not be 
a requirement. 

With likelihoods assigned, the second step, as a prerequisite to obtaining 
posterior probabilities, is to calculate the compound or joint probability that a 
given state of nature is the true state and that it is identified as such by a given 
outcome of research. The compound probability of each state of nature and each 
research outcome is given in Table 21.7. We note, for example, that the probability 
of H 3 being the true state and being identified by outcome E 2 is 

P(H z r\E 2 ) = P(H z )P(E 2 \H z ) = (0.2)(0.1) = 0.02 


TABLE 21.6 ASSIGNMENTS OF PROBABILITIES TO POSSIBLE 
OUTCOMES FROM MARKETING RESEARCH, GIVEN Hi AS 
THE TRUE STATE OF NATURE 


States of Nature 

Possible Research Outcomes: E, 

Hi 

Ei 

E 2 

Ez 

Hi 

0.5 

0.4 

0.1 

H 2 

0.4 

0.5 

0.1 

H z 

0.1 

0.1 

0.8 
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TABLE 21.7 JOINT PROBABILITIES OF STATE OF NATURE AND 
RESEARCH OUTCOMES 


Joint Probability Total 

State of Nature P(Hi P) Ei) 

P(Hi n 

P(Hi E z ) PiUi) 

Hr 

0.15 

0.12 

0.03 

0.30 

Hi 

0.20 

0.25 

0.05 

0.50 

H 3 

0.02 

0.02 

0.16 

0.20 

Total: P(Ej) 

0.37 

0.39 

0.24 

1.00 


Several observations about Table 21.7 are of interest. First, probabilities 
P(Hi) and P(Ej) are called marginal probabilities for the obvious reason that they 
are located at the margins of the joint probability table. Second, the total of each 
row is the marginal probability of that state of nature being the true state and is 
identical with the prior probability initially assigned. Third, the total of each 
column is the marginal probability of obtaining each specific outcome from market¬ 
ing research given all alternative states of nature. Given the three states of nature 
(original hypotheses in Bayes' theorem), for example, the probability of obtaining 
outcome E i is 0.37. 

Now, as the third step, we incorporate the additional information that could 
have been obtained from research into our analysis to revise the prior proba¬ 
bilities—that is, to calculate the posterior probabilities that a given state of nature 
is the true state, given a specific outcome of research. These probabilities are 
entered in Table 21.8. Note that each entry is a direct result of applying the 
formula for Bayes’ theorem. For example, the probability that the state of nature 
is // 2 , given outcome Ei, is 


PiH^E,) = 


P(H 2 r\E 1 ) 0.20 


P(E i) 


0.37 


= 0.541 


The fourth step in the preposterior analysis is to calculate the conditional 
terminal expected payoffs of each action, given a specific result. Each expected 
payoff is obtained by using the revised or posterior probabilities. Again, as before 


TABLE 21.8 POSTERIOR PROBABILITIES OF STATES OF 
NATURE AND RESEARCH OUTCOMES 




Posterior Probabilitie: 

3 

States of Nature 

P(HdEr) 

P(H,\Et) 

P(H t \E 9 ) 

Hr 

0.405 

0.308 

0.125 

Hi 

0.541 

0.641 

0.208 

H z 

0.054 

0.051 

0.667 

Total 

1.000 

1.000 

1.000 
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possible research, the conditional expected terminal payoff is zero for A 2 irrespec¬ 
tive of the research outcome. The conditional expected terminal payoff for A 1 , 
introducing the new product, is calculated as follows. 

1. Given E x - an annual sale of 15 million units or more is 

(0.405)(SI 1) + (0.541) ($6) + (0.054) (-$7) = $7,323 million 

2. Given E 2 - an annual sale of between 5 and 15 million units is 

(0.308) ($11) + (0.641) ($6) + (0.051) (-$7) = $6,877 million 

3. Given Ez - an annual sale of less than 5 million units is 

(0.125)(SI 1) + (0.208)($6) + (0.667)(-$7) - -$2,046 million 

Thus, if research outcome is either E\ or E 2) the optimal act is A\ \ introduce 
the new product. If research result indicates Ez, the optimal act is A 2 : do not 
introduce the new product, since the conditional expected terminal payoff for A\ 
is negative. 

With conditional terminal expected payoffs for each action determined, the 
last step is to compute the unconditional terminal, or over-all expected payoff after 
research. This expected value is obtained by multiplying each of the conditional 
expected payoffs by its marginal probability of occurrence. For our example, we 
have (0.37) ($7,323) + (0.39) ($6,877) + (0.24) (0) = $5.39154 million. Hence, if 
research were conducted, the expected payoff might be as large as $5.39154 million 
in contrast to the expected payoff of $4.9 million before research. Note, also, that 
the last term in the calculation is (0.24) (0) because we have already decided that 
if E z results, A 2 is the optimal act. 

NET EXPECTED PAYOFF OF RESEARCH 

Earlier, the value of perfect information was calculated to be $1.4 million. It was 
pointed out that perfect information is a rare commodity, and very often a decision 
maker must act with partial ignorance. Thus, we define value of imperfect additional 
information as the difference between the best expected payoff of the optimal act 
before research and that of the optimal act after research. We know that the best 
act before research is to introduce the new product and that its expected payoff is 
$4.9 million. The best act, given possible research, is to introduce the product 
under outcomes of E x and E 2 , but not to introduce the new product under outcome 
Ez. The expected payoff after research is $5.39154 million. The expected value of 
additional information is therefore $0.49154 million, or $491,540—nearly half a 
million dollars. 

Now, the Bavesian decision rule would be this: Collect additional information 
for those problem situations where the net expected value of research is positive. 
The net expected value of information is simply the difference between expected 
value of additional information and the expected cost of conducting research. 
Thus, if we assume that the expected cost is $200 thousand in our example, then 
the net expected payoff of research is $491,540 - $200,000 = $291,540. Clearly, 
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additional information should be obtained before management makes a decision 
as to whether or not the new product should be introduced. 


21.5 

Bayesian Inference: 
Posterior Analysis 


We have just demonstrated that when 
research is expensive, the Bayesian decision rule suggests that a preposterior 
analysis should be made in order to decide whether additional information should 
be collected in reaching the final decision. When it is concluded that research 
should be conducted, how is additional information to be incorporated into the 
Bayesian decision framework? Or, if sampling is relatively inexpensive and, there¬ 
fore, a preposterior analysis is unnecessary, how is the Bayesian posterior analysis 
to be carried out? The answer here is actually a simple one. The posterior analysis 
is made in exactly the same manner as the preposterior analysis, except that 
posterior probabilities are now computed with the actual outcomes of sampling 
instead of with hypothetical values. Furthermore, in the Bayesian posterior 
analysis, just as in the classical decision procedures, we are also concerned with 
the optimal sample size in making a terminal decision. 


THE ILLUSTRATIVE PROBLEM 

Mr. Smith, the owner of a city-wide express and van company in Chicago, is 
offered the five trucks of another line that is going out of business in exchange for 
a 25 percent interest in his company. Available to him are the following two acts: 

A i: Accept the offer 
A 2 : Reject the offer outright 

PRIOR ANALYSIS: NO-SAMPLE CASE 

For this problem, if is taken, the key determinant of Mr. Smith’s payoff is 
the number of trucks which may need major reconditioning. Air. Smith does not 
possess any reliable information on the condition of the five trucks, but he is able 
to assign prior probabilities and estimate his payoffs, under different possible 
states of nature, in accordance with his experience and judgment as shown in 
Table 21.9. 

If Air. Smith is to make a terminal decision on the basis of prior probabilities 
alone, his optimal act is A h since EP(A 2 ) = 0, while 

EP(Ai) = (10,000) (0.35) + (6,000) (0.15) + (2,000)(0.10) + (0)(0.05) 

+ (-2,000) (0.10) + (-5,000) (0.25) = $3,150.00 

For convenience, we shall call the prior analysis the no-sample case; that is, n = 0. 
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Number of trucks 

TABLE 21.9 


requiring major 
reconditioning 

Prior 

Probability 

Payo: 

Hi 

P(Hi) 

Ax 

0 \ 

0.35 

$10,000 

i 

0.15 

6,000 

2 

0.10 

2,000 

3 

0.05 

0,000 

4 

0.10 

-2,000 

5 

0.25 

-5,000 


a 2 


POSTERIOR ANALYSIS 

Now, suppose that Mr. Smith is able to make a sample inspection of the trucks 
before his terminal decision. Furthermore, if we assume that he arbitrarily decides 
to inspect three trucks at random, then there would be the following four possible 
sampling results: 

J 'l •' L 

E 0 : No truck in the sample needs major reconditioning 
One truck in the sample needs major reconditioning 
E 2 : Two trucks in the sample need major reconditioning 
Ez\ Three trucks in the sample need major reconditioning. 

Given the possible results of observation, use of the complete Bayesian decision 
rule involves, as in the case of preposterior analysis, the following three steps: 

(1) Revise the prior probabilities, or compute the posterior probabilities, on 
the basis of each of the possible sample outcomes. 

(2) Determine the conditional terminal expected payoffs of each act, given a 
specific result. 

(3) Determine the unconditional terminal expected payoffs. 

The posterior probabilities are computed with the Bayesian theorem, 

r(rnr) nmmm . 

For example, if one truck in the conditional random sample (that is, selected 
without replacement) of three is found in need of major reconditioning, then the 
probability (likelihood) for E^ to occur given that, say, Hi is the true state of 
nature, is expressed by the hypergeometric law as 


P(Ei\H % ) = 


(:)« (DC:!) 


= 0.6 
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TABLE 21.10 


Hi 

P(Hi) 

P(Ei\Hi) 

P(Hi r\ E l ) 

■ , n . 

0 

0.35 

©©/©- 

0.000 

0.0000 

1 

0.15 

©©/©=« 

0.090 

0.5455 

2 

0.10 

©©/©-«■ 

0.090 

0.3636 

3 

0.05 

©©/©- 

0.015 

0.0909 

4 

0.10 

o7~a^ 

o 

o 

0.000 

0.0000 

5 

0.25 

o 

o 

II 

X~~rn 

o~cm 

iXrH 

0.000 

0.0000 


iToo 

P{E i) = 0.165 

1.0000 


Other likelihoods of E i given other states of nature, Hi, are computed in the 
same fashion and are entered in the third column of Table 21.10. Note that 
P(Ei\II q) 0, since we can never find a truck that needs major reconditioning if 
no truck in the population needs such service. Similarly, P(Ei\H 5 ) = 0, because 
if all the trucks in the population need major reconditioning, then we can never 
have one truck in the sample that needs no such service. With P(H t ) and P'(Ei\Hi) 
given, P(Ei) and P(Hi\Ei) can be readily obtained. All these values are given in 
Table 21.10. 

In terms of the preceding posterior probabilities, the conditional terminal 
expected payoffs for the particular sample outcome E x are 

CTEP(A 1 ) = (10,000) (0) + (6,000) (0.5454) + (2,000) (0.3636) 

+ (0) (0.0909) + (-2,000) (0) + (-5,000) (0) 

= $4000.20 
CTEP(A 2 ) = 0 

The conditional terminal expected payoffs for other sample outcomes, E 0 , E 2 , 
and E 3 , are obtained in exactly the same way and are given in Table 21.11. 

A glance at Table 21.11 indicates that is the optimal act if X < 2, and A 2 
is the optimal act if X — 3, where X stands for the number of trucks in the sample 
which require major reconditioning. For this decision rule, the over-all terminal 

TABLE 21.11 


Ei 

P(Ej) 

Ax 

E 0 

0.430 

+$9,064.00 

Ex 

0.165 

+ 3,555.20 

e 2 

0.060 

+ 1,000.00 

E z 

0.300 

-$1,330.00 


A 2 


0 

0 

0 

0 


CTEP 
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expected payoff for our example becomes 

OTEP = (9064.00) (0.43) + (4000.20) (0.165) + (1000.00) (0.060) + (0) (0.300) 

= $4617.52 

THE OPTIMAL SAMPLE SIZE 

The merit of the Bayesian decision rule is that it maximizes the terminal expected 
payoffs for a given set of prior probabilities and a particular sample size. Thus, 
while there exist other decision rules under the same conditions—such as “Take 
Ai when there is no truck or one truck needing major reconditioning in a sample 
of three; otherwise take A 2 ”—none of these can yield a higher expected payoff 
than the Bayesian rule. Given the prior probabilities, however, the Bayesian 
decision rule would yield different terminal net payoffs for different sample sizes. 
Thus, the complete Bayesian decision framework also includes the determination 
of the optimal sample size that would lead to the highest possible terminal expected 
payoff. 

To find the optimal sample size, we ascertain the Bayesian rule for each possi¬ 
ble sample size and compute the net over-all terminal expected payoff (net of 
sampling costs). We have already worked out the unconditional terminal expected 
payoffs for n = 0 and n = 3. The expected payoffs, sampling costs, and net over¬ 
all terminal expected payoffs, NOTEP, for both these cases are summarized in 
Table 21.12, in which we have also given the corresponding results forn = 1 and 
n — 2. Calculations for these are not shown since they are exactly the same as for 
n = 3. Furthermore, we have assumed that the cost of sampling a truck, which 
includes thorough inspection of parts and a trial run of 50 miles, is $100. 

Results in Table 21.12 indicate that the optimal sample size is n = 3, since it 
yields the highest NOTEP. Now, one additional observation must be made before 
ending our discussion; that is, why have we stopped with n = 3? In other words, 
why do we not need to show the results for n = 4 and n = N — 5? The answer 
here clearly is related to our previous discussion on the value of information. We 
know that in a given decision problem, decision rules based on incomplete informa¬ 
tion cannot have expected payoffs higher than the expected payoff with perfect 
information, which in our case is $4600.00. (Why?) Had we selected n = 4, the 
sampling costs would have been $400.00, and then the net terminal expected payoff 
could not be expected to exceed $4600.00 — $400.00 = $4200.00, which is less 


TABLE 21.12 


Decision rule 

Sample - Sample 


size 

Ai 

4.2 

OTEP 

cost 

NOTEP 

0 

Always 

Never 

$3150.00 

0 

$3150.00 

1 

X = 0 

X = 1 

3917.54 

$100.00 

3817.54 

2 

X < 1 

X = 2 

4499.41 


4299.41 

3 

X < 2 

X = 3 

4617.52 


4317.52 
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than the NOTEP for n — 3. Similarly, with n = 5, we can never expect to have 
an expected payoff greater than $4600.00 - $500.00 = $4100.00, which is less 
than the NOTEP for n = 3 also. 


21.0 

Utility 

Theory 


Both the statistical decision theory and 
the Bayesian decision rule employ monetary value systems as the decision criterion. 
Such a criterion, however, may not be appropriate when the decision maker is 
also concerned with the potential expected loss that he cannot afford, together 
with the possible monetary gain that is uncertain. 

Consider, for example, a small businessman with a total capital of, say, $50,000. 
Available to him are two investment opportunities, A and B, both of which would 
require his entire capital to handle. Opportunity A offers him a 100 percent profit 
with a probability of %, and a loss of his total capital with a probability of 
The expected payoff of A is then 

EP(A) - (%)($100,000) + (%)(-$50,000) = $40,000 

Opportunity B offers him a much smaller but a certain profit of $10,000. So, 
the expected payoff of B is 

EP (B) = (1) ($10,000) + (0) ($50,000) = $10,000 

Clearly, if a monetary value system is employed, it would lead to the selection 
of Opportunity A as the optimal act. However, to our small businessman, A may 
not necessarily be the best act for him because this act involves the potential loss 
of his entire capital—a loss that could deprive him of making profits in the future. 
He may then actually prefer a certain, though smaller, profit of $10,000 rather 
than a chance to make four times that amount with possible loss of his entire 
capital. 

The fact that many people prefer a modest but certain gain to a windfall 
reward to which is attached a possible risk they perhaps cannot afford is the 
essence of the well-known St. Petersburg Paradox, and this fact inspired Daniel 
Bernoulli to suggest first that a utility scale rather than a money scale 
should be used as the decision criterion. Since Bernoulli’s initiation, several 
procedures have been proposed to deal with a utility value system. We shall 
discuss, however, only one such procedure, that is, the Yon Neumann—Morgenstern 
utility index. 

THE N-M UTILITY INDEX 

The N-M utility index is designed to predict which of two risky alternatives a 
person will prefer. If a person exhibits any degree of consistency in his preferences, 
it is possible to assign utility numbers to alternative outcomes of a risky proposi- 
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tion in accordance with an individual’s ranking of the possible outcomes and the 
probability of each occurring. 

A utility number , or index, represents, then, an individual’s value scale, not a 
consensus, and must have as its foundation some psychological premises. Among 
them, according to Yon Neumann and Morgenstern, are transitivity, desire for 
higher probability of success, and continuity of preference, properties. Transitivity 
refers to the assumption that if an individual is indifferent in choosing between 
two alternatives, A and B , then A and B must possess the same utility for him. 
Also, if he happens to be indifferent about the choice of B and C, then he must be 
indifferent to A and C. 

Next, given two alternatives with identical desirability or reward, an individual 
would always desire the alternative with the higher 'probability of success. 

Finally, the continuity of preference assumption refers to this psychological 
property: Let there be made available an arbitrary standard alternative, A, with 
a most desirable outcome to occur at a probability of a and a most undesirable 
outcome to occur at a probability (1 — a), and then compare A with any other 
alternative, say, B. If A is preferred to B when a — 1, and if B is preferred to 
A when a = 0, then there must be some in-between value of a, called the “indif¬ 
ference probability,” at which an individual is indifferent to A and B . 

According to the N-M framework, a decision is said to be made in accordance 
with the expected utility. Expected utility (EXJ) of a given risky alternative is 
defined as the sum of utility assignments to all possible outcomes weighted by 
appropriate probabilities. Thus, if an alternative A can lead to two outcomes, 0 1 
with probability a and 0 2 with probability (1 — a), and if their respective utilities 
are 17(0 1 ) and C r (0 2 ), then the expected utility of A, denoted as EU(A), is 

EU(A) = aU(0f) + (1 - a)U(0f) (2i.i) 


EXPECTED UTILITY AS THE DECISION CRITERION 


While the simple calculations implied by (21. 1 ) are all there is to the N-M evaluation 
of the expected utility of an alternative, once the person’s preferences of its out¬ 
comes are known, there still remains this question: How do we find the utility 
numbers for all possible outcomes of risky alternative propositions? 

It is possible to generalize about an individual’s utility function for any 
commodity, most often money, by the extension of equation ( 21 . 1 ) and the con¬ 
tinuity preferences property. We shall present an example to show how a utility 
number can be assigned to any outcome in the form of money, and to show how 
expected utility can be employed as a decision criterion. 

Consider three investment alternatives, A\, A 2 , and A 3 , with different out¬ 
comes and probabilities as below: 


Ai: 0 1 = $ 100,000 profits with P(0 1 ) = 0.5 
0 2 = —$60,000 loss with P(0 2 ) = 0.5 
A 2 : 0 3 = $50,000 profits with P(0 3 ) = 0.5 
04 = —$ 20,000 loss with P(0 4 ) = 0.5 
A 3 : 0 5 = $ 10,000 profits with P(0 5 ) = 0.5 

0 6 = —$ 1,000 loss with P(0 6 ) = 0.5 
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First, according to the N-M decision framework, we would ask the decision 
maker to rank these outcomes according to his preferences, suppose that he gives 
us the following rather obvious ordering: 

Rank 

1 Oi 

2 O z 

3 0 5 

4 0 6 

5 Oi 

6 02 

That is, he prefers 01 to 0 3 to 0 5 to 0 6 to 0 4 to 0 2 . 

To assign utility numbers to the outcomes in such a schedule of preferences, 
we begin with (by the continuity of preferences premise) a combination of the 
most preferred and the least preferred events. They are 01 and 0 2 , respectively, 
in our example. Next, we assign two arbitrary utility numbers to them. Any two 
numbers can be used, as long as the number for the most preferred is greater than 
that for the least preferred outcome. Let us assign, say, a utility number of 5 to 
0 1 and —15 to 0 2 ; then, 

0(01) = N($100,000) = 5 utiles 
U(0 2 ) = N( —$60,000) - -15 utiles 

Now, we move on to assign a utility to another outcome, say 0 3 . To do this, 
we ask the decision maker to imagine a selection between a sure gain of 0 3 versus 
a one-time gamble associated with a gain of Oi with probability a, and a gain of 
0 2 with probability (1 — a). In this connection, we see that if a = 1, then he 
would prefer the gamble of Oi to 0 3 , if a — 0, rather than the gamble of 0 3 to 
Oi. Why? Clearly, there must be some in-between value of a that would make the 
decision maker indifferent to a certain gain of 0 3 and the gamble with Oi and 0 2 
as the only possible outcomes. Once we have found this in-between probability 
value, then the utility value of 0 3 is given by equation (21.1). 

Suppose that the decision maker believes that such an “indifference” proba¬ 
bility is a = 0.9; then his utility index for 0 3 = $50,000, is 

U(O z ) = aU(Oi) + (1 - a)U(0 2 ) = 0.9(5) + 0.1( —15) = 3.0 utiles 

We note that the utility of $100,000 is much less than twice the utility of $50,000. 

So far we have indicated three points through which the decision maker’s 
utility function passes. Additional utility numbers for other outcomes can be 
obtained similarly by using a combination of two outcomes, whose utility indexes 
are known, as the arbitrary standard risky alternative. Consider now the deter¬ 
mination of 1/(05). Let us pose this question: At what value of a for, say, 0 3 , 
would the decision maker be indifferent to the two alternatives of a §ure reward of 
0 5 = $10,000 and the risky combination of 0 3 and 0 2 , with respective probabilities 
of a and (1 — a), to occur? Suppose he replies that a must be 0.89, then 

U(0 5 ) = aU(Os) + (1 - a)U(0*) = 0.89(3) + (0.11)(-15) = 1.02 utiles 


= $100,000 
= 50,000 

= 10,000 
= - 1,000 
= - 20,000 
= -60,000 
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Now, for the evaluation of 0 6 , consider the following equation: 

U(-1,000) = a(-$60,000) + (1 - a)($100,000) 
or 

U(0 6 ) = aU(0 2 ) + (1 - a) U{Oi) 

Again, what is the ‘‘indifference” probability for 06, given that the risk alternative 
is the combination of 0 2 and Oi? If a is thought to be 0.26, then 

U(Oe) = (0.26) (-15) + (0.74) (5) - -0.2 utiles 

There remains one more outcome, 0 4 = -$20,000, to be assigned a utility 
number. Let 0 4 be evaluated with, say, 0 3 and 0 2 ; then we have 

U(0 A ) = aU(Oz) + (1 - a)U(0 2 ) 

and if a = 0.65, then 

U(0 4 ) = 0.65(3) + 0.35( — 15) - -3.3 utiles 

Needless to say, the utility of any sum of money between -$60,000 and 
$100,000 can be calculated in exactly the same way because the utility function 
is continuous. But can the utility of money greater than $100,000 or less than 
— $60,000 be calculated in our example? Why or why not? 

Let us tabulate the utility function for money calculated before, as follows: 


Expected Monetary Value 

Utility 

$100,000 

5.00 

50,000 

3.00 

10,000 

1.02 

-1,000 

-0.20 

-20,000 

-3.30 

-60,000 

-15.00 


Returning to the three investment alternatives, we have the following expected 
utilities: 

1. EU(Ai) = (0.5)(5) + (0.5)( —15) = —5 utiles 

2. EU(A 2 ) = (0.5)(3) + (0.5)( —3.3) = —0.15 utiles 

3. EU(A 3 ) = (0.5) (1.02) + (0.5) (-0.2) = 0.41 utiles 

From these calculations, we see that investment alternative A 3 is the optimal 
act since it has the highest expected utility. This is not a surprising result, for the 
expected profit of A 3 is as large as 10 percent of A h and the expected loss of A 3 
is as small as q of that of A x . Similar observations between A 3 and A 2 can also 
be made. 

PROPERTIES OF UTILITY FUNCTIONS 

Money is thought of as a desirable commodity by nearly everyone. Each individual 
prefers a larger to a smaller sum of money. The total utility of money then increases 
w T ith the increase of the amount of money. However, in general, the total utility 
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Figure 21.1 Possible utility functions. 


of money increases with a decreasing rate of increase per unit increase of money. 
Namely, the utility function for money is curvilinear as shown by U(M 1 ) in 
Figure 21.1. 

If, for an individual, the increase in total utility is constant per unit increase 
in money, then the individual is said to have a linear utility function for money, 
as is shown by U(M%) in Figure 21.1. With a linear utility function, the decision 
criterion of maximizing expected utility also maximizes expected payoff. Thus, 
the utility theory leads to a different optimal act only if the decision maker's 
utility function for money is curvilinear. 

It is also possible, though unusual, for a person's utility function to be such 
that his total utility increases with an increasing rate of increase, as shown by 
U(M 3 ) in Figure 7.1. Imagine that the individual's happiness is more than doubled 
when his money is doubled, no matter how much money he has to start with! 

On the average, however, it is reasonable to assume that an individual's 
utility function curve is concave upward, as shown by U(Mi). At extremes, varying 
from person to person, the utility function is almost sure to approach upper and 
lower limits; that is, the utility curves flatten out as the monetary gains increase, 
and goes down sharply as losses mount up. Other things being equal, an individual 
always feels that his absolute utility index of gaining a certain amount of money 
is less than the absolute utility of losing the same amount of money. The greater 
the amount of money involved, the more vivid the sensation of this difference 
becomes. These observations are consistent with the neoclassical theory of dimin¬ 
ishing marginal utility and the findings of psychologists in recent times. 
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21.7 

Game Theory 


Both decision and game theories deal 
with problems of choice involving risks. A decision theory is like a game theory in 
the sense that the decision maker plays a game of maximizing expected payoffs 
or utility against nature—possible outcomes of each alternative course of action. 
Thus, though both theories have quite a bit of apparatus in common, there is one 
important basic difference between them. In decision theory, nature is, so to speak, 
not an opponent. The player need not, therefore, count on nature to oppose him 
by doing anything special. In game theory, at least in the simple two-person zero- 
sum model (the only one we shall consider here), there is always some positive 
behavior of the second player that can somehow be predicted. He is determined 
to do everything possible within his command to oppose the first player; if there 
is any way at all to increase his payoff, he will surely employ it. 

Another distinction, though obvious, between decision and game theories is 
also of interest. The former is relevant mainly to problems that would be internal 
to the firm or the household; the latter deals with relationships among independent 
competing individuals or organizations with conflicting interests. 

Our discussion of game theory will be modest—presented merely to introduce 
the reader to some basic concepts of this fascinating field via the simplest model 
of game theory. 


TWO-PERSON ZERO-SUM GAME 

Two bus companies, A and B, serve the same route between two cities and are 
engaged in a struggle for a larger share of the market. Since the total market share 
is a fixed 100 percent, every percentage point gained by one must be lost by the 
other. Such a situation is said to be a two-person zero-sum game for the obvious 
reasons that the game is played by two diametrically opposed players and that 
the sum of gains and losses is always zero. 

Let us now assume that both Company A and B are considering the same three 
strategies for gaining a larger relative share of the market, as follows: 

(1) ai or 6i: Serve refreshments during the drive 

(2) a 2 or b 2 : Introduce air-conditioned buses 

(3) a 3 or b 3 : Advertise daily on TV stations in the two cities 

For convenience, we shall assume that before the game commences, both lines 
are making no special effort and are sharing the market equally—50 percent each. 
Furthermore, we shall also assume that each line cannot employ more than one 
of these moves or strategies at the same time. 

Under these assumptions, there are a total of 3 X 3 = 9 possible combinations 
of moves, and each is capable of affecting the market share in a specific way. For 
instance, if both A and B serve refreshments during the drive, let us say that A 
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would lose 10 percent of the market share to B, which may indicate that B’s 
refreshments are more to the customers' tastes. Also, if A advertises and B, say, 
serves refreshments, let us assume that A would gain 20 percent of the market 
from B; apparently, advertisement on TV seems to be more effective than serving 
refreshments. 

Now, for each of the nine combinations we can determine market gains or 
losses for A as shown in the following table, called the payoff matrix. 


A’s 

Strategy 


B’s Strategy 



bi 

b 2 

6 a 

ai 

-10 

-11 

-1 

a 2 

9 

-8 

-6 

a% 

20 

-10 

-13 


Payoffs in our illustration are given in terms of percentage points of the market 
share. In practice, they can be stated in anything—a commodity, marbles, money, 
utility, or even life and death. Also, if the payoff is positive, it means that A has 
gained at the expense of B; if negative, it means that B has gained at the expense 
of A. 

Now the question is this: Under the assumption that both A and B are ac¬ 
quainted with the information in the payoff matrix and that each is ignorant of 
the countermoves the other will make, what is the best strategy for A? for B? 

MAXIMIN AND MINIMAX STRATEGIES 

The conservative approach to the selection of the best strategy is to assume the 
worst and act accordingly. Thus, according to this approach and with reference 
to the payoff matrix, if A decides on strategy ai, it would assume that B will select 
strategy b 2 , thereby reducing A’s payoff for ai to a minimum or security value of 
— 11. Similarly the security values for a 2 and a 3 are —8 and —13, respectively. 

Note that the security values for the various moves that A can make are the 
row minimums. Given these minimum values, A is well advised to employ that 
strategy which yields the maximum of these minimum security values. In our 
example, A should adopt a 2 , aiming at a payoff of — 8 to B. This decision rule, 
which leads to the selection of the largest of the lowest values in which each 
strategy can result, is called the maximin strategy. 

Company B, according to this conservative attitude, would assume that for 
each of its actions, A’s countermove will be such that A’s market share gain is 
the highest possible. For example, if B employs strategy b i, it would assume that 
A will take strategy a 3 , which will give the worst possible loss to B. Similarly the 
worst payoffs for b 2 and b 3 are —8 and — 1, the highest values in columns 2 and 3, 
respectively. Thus, we see that the maximum in each column is the worst payoff 
for a corresponding move made by B. The best of these worst payoffs is clearly 
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the minimum value of these highest figures. This figure is —8 in column 2, corre¬ 
sponding to strategy b 2 and the countermove a 2 . Therefore, the optimal choice, 
called B’s minimax strategy , is b 2 . 

Note that according to both A’s maximin rule and B’s minimax rule the payoff 
is —8. This amount is called the value of the game. If the value of the game is 
positive, the game is said to favor A; if negative, it favors B; and if zero, the game 
is said to be equitable. The solution of our problem yields a payoff of —8, indicat¬ 
ing that the game favors B since B gains 8 percent of the market at the expense 
of A. 

SADDLE POINT 

We have now reached a point where if A adopts maximin strategy a 2 then its 
payoff is exactly the same as what B expects A to have if B employs minimax 
strategy b 2 . A reader may question the wisdom of such decision rules. For exam¬ 
ple, why does not A strive to gain 20 percent of the market share by employing a 3 
instead of losing 8 percent to B by employing a 2 ? The answer is, if A did so, B 
might take b 2 or b s so that A might lose 10 or 13 percent of the market to B instead 
of losing only 8 percent. Similarly, one may argue that B should adopt 6 3 in order 
to aim at a gain of 13 percent of the market share from A. However, this payoff 
is possible only if A makes the moves of a 3 . Otherwise, B’s gain could be smaller 
than 8. Similar arguments based on “caution” dictate that a 2 and b 2 are the best 
strategies for A and B, respectively, because this combination offers both A and B 
a measure of security. This is so because A’s maximin decision criterion gives A 
the “largest” share of market, which B can be prevented from reducing any 
further, and B’s minimax rule offers B the “lowest” share of market, which A 
can be stopped from increasing any further. 

In other words, maximin and minimax strategies lead the two players of the 
game to situations in which neither player has any reason or incentive to change 
his position. A does not want to change because when B plays b 2 , he is better off 
playing a 2 than either ai or a 3 . B does not want to change because when A plays 
a 2 , he is better off playing b 2 than either b i or 6 3 . We have apparently reached an 
equilibrium situation. 

The payoff at such an equilibrium point is the minimax solution and is known 
as the saddle 'point of the payoff matrix in the sense that it is the minimum of its 
row and maximum of its column. Consider the solution of the pair of decisions in 
our example a 2 and b 2 . When A adopts a 2 , the payoff decreases from 9 to —8 and 
then increases from —8 to —6. When B selects b 2 , its payoff decreases from —11 
to —8 and then increases from —8 to —10. The number —8 in the middle forms 
a trough when it is viewed from the second row, and it forms a ridge when looked 
at from the second column. The minimax solution looks exactly like a saddle; 
hence the name “saddle point,” which is at once a minimum, as a trough, and a 
maximum, as a ridge. 

It is possible that there may be more than one saddle point in the payoff 
matrix of a game. If so, the payoffs corresponding to the saddle points must be 
equal, and it makes no difference which saddle point is employed to determine 
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optimal moves for the two players. Consider, for example, the following game: 


B’s Strategy 



bx 

&2 

bz 

Row 

Minimum 

ai 

2 

-3 

1 

-3 

A’s 

Strategy _ 

5 

5 

6 

5* 

a 3 

1 

4 

-4 

-4 

Column 

Maximum 

5* 

5* 

7 



Here, we have two saddle points: one corresponds to a 2 and b\ and the other 
corresponds to a 2 and b 2 . According to minimax criterion, Player A would take 
move a 2 . When he does so, it makes no difference whether Player B employs 
strategy bi or b 2 , since in each case B must pay A an amount of 5, say, utiles. 
Also, since the value of the game in this example is positive, the game is said to 
favor player A. 

A two-person zero-sum game is said to be strictly determined if there exists a 
saddle point, since the saddle point is an accepted solution to the game of finding 
the best strategy for each of the two players. 

DOMINATING STRATEGY 

A player is said to possess a dominating strategy if a particular strategy is preferred 
to any other strategies available to him. It is possible for each of the. two players 
to have a dominating strategy. The payoff matrix below illustrates this. 

B’s Strategy 


61 b 2 


A’s 

ax 

3 

5 

Strategy 

<22 

-10 

1 


For such a game it would be stupid for A to adopt a 2 , irrespective of B’s counter¬ 
moves, since A can lose as much as 10 while he may gain as little as 1; A therefore 
can gain more by employing at, which dominates a 2 . Now, if we eliminate the 
second row, the move for B also becomes clear. Since B would rather lose 3 than 
5, his strategy bi dominates his move 6 2 . Again the solution of this problem is a 
saddle point because the number 3 is the maximum of the row minintums and the 
minimum of the column maxi mums. 

It is also possible that there exists no dominating strategy for either player. 
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Consider, for example, a game which is defined by the following payoff matrix: 




B’s 

Strategy 



bi 

b 2 

A’s 

di 

30 

45 

Strategy 

a 2 

60 

25 


This game is clearly to A s advantage since no matter what he does, B must pay 
him a certain amount. You may wonder why B would play such a game. This is 
actually not so strange. Imagine that A stands for a union and B stands for a 
management. During negotiation of a new labor contract, the management 
usually has to agree to pay the union a certain wage increase no matter what 
move it may take. Our intention here, however, is to use this game to show that 
there is no dominating strategy for each player, since A’s actual gain from each 
of its strategies depends very much upon what B would do, and vice versa. Note 
that there is no saddle point in the payoff matrix. Under these conditions, how 
can each player select the best strategy for himself? 

We may, to start with, employ the conservative approach to see what will 
happen. Clearly, if in our problem above, A adopts ai, its minimum gain is 30; 
if it employs a 2 , its minimum gain is 25. Thus, it would seem advisable for A to 
select a h in order to obtain 30 the bigger of the two minimum values. On the 
other hand, if B adopts a cautious approach and employs 6i, the worst that can 
happen to him is to lose 60; and if he chooses b 2 , the worst that can happen to him 
is to lose 45. Thus, as a conservative move, he should select b 2 in order to minimize 
his maximum losses. 

When both sides play the game according to the previous analysis, the value 
of the game is 45. While this is what B expects to lose, it is much more than A 
expects to gain. Thus, in the absence of a saddle point, a smooth solution is 
impossible by the pure minimax rule. 

It is easy to see, also, that if A should in any way discover what B was about 
to do next, it could improve its payoff by outguessing B. Suppose, for example, 
that A observes that B tends to prefer b\ two out of three times. Then A can aim 
at the big price of 60 two out of three times by adopting a 2 . Needless to say B 
could also benefit from knowing the possible preferences of A. Clearly, regularity 
is a dangerous habit in game theory. A player must prevent his opponent from 
second-guessing his next move. This is achieved by employing a strategy such 
that even he himself does not know what move he is going to make next. This 
leads us to consider what is called the mixed strategy. 

MIXED STRATEGY 

A mixed strategy is a combination of two strategies that are picked at random, one 
at a time according to predetermined probabilities, in contrast to a pure strategy 
which involves no such chance elements. Let us now develop a mixed strategy for 
A in our last example. 
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th = = °' 7 ’ S ’ and A ’ s e^ectedtyoff 6 !? Th° hlt G ’ immediateI y above 
the graphic solution to the best strategy7or 11 i f POmt ^ be considered 
faced with the most unfavorable situaffon » j +l , de * the assumptions that A is 
Possible. The logic is clearlv indicated bv th! the game « well as 

the figure, at any point at which a < 0 7^’s U ° an be inferred from 

’ A 8 6Xpected pa y° ff would be less than 
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Figure 21.2 Graphic solution of the best move for A in a mixed strategy. 

GS if B selects strategy b 2 . Similarly, at any ThuS) avo id these 

-nsidT 8 (which corresponds to the 

with a probability of (3, and 6„ with 1 (3, then n 

employs tu are ^ EP(B) = /3 (30) + (1 - «45 = 45 - W 

If A selects a* B’s expected losses become 

2 '. EP(B) = (3(60) + (1 - 0)25 = 25 + 35(3 

Equating 1' and 2', 

3 '. 45 - 15(3 = 25 + 35(3, we obtain 0 = % or 0.4 

S™nd n om; ten ^loSotel iS reference to 3', are 
45 _ 15(0.4) = 25 + 35(0.4) = 39 

per game. Thie is less than 45, the original ((a/s expected gain 

game theory was the verification of the fa ique equilibrium 

Uve of the number of move. eolation ma, involve pure 

lSgti i (nthTe.t,"L7—Cm mixed «es, - — 

can still be found. 
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Problems 


21.1 What are the important aspects of a 
decision process? 

21.2 What is the most difficult aspect of 
decision making? Why does this difficulty 
arise? 

21.3 In what sense do we say that a decision 
process is predictive? 

21.4 Uncertainty has been classified as cases 
of risks and cases of partial ignorance. What 
is the difference between these classifications? 

21.5 What are the two decision criteria dis¬ 
cussed in this chapter? In what way are they 
similar? How do they differ from each other? 

21.6 Give a verbal statement, in your words, 
of the essence of each of the three decision 
theories introduced in this chapter. 

21.7 Under what condition do the monetary 
and utility value systems lead to the same 
result in selecting the optimal act? 

21.8 Give the similarities and differences 
between decision theories and the theory of 
games. 

21.9 Define the following terms in your own 
words: (a) two-person zero-sum game; (b) 
payoff matrix; (c) maximin strategy; (d) 
minimax strategy; (e) saddle point; (f) domi¬ 
nating strategy; (g) mixed strategy. 

21.10 Why is the two-person zero-sum game 
unrealistic? Support your answer with practical 
illustrations of possible economic and business 
games that you can think of. 

21.11 A baker makes a certain kind of French 
pastry at night and sells it the next day. This 
pastry is perishable and must be thrown away 
if not sold during the day. According to past 
experience, the daily demand (sales) and re¬ 
spective probabilities are as follows: 


D 

0 12 3 4 

Probability 

0 0.1 0.3 0.4 0.2 


Furthermore, the unit cost and the price of the 
pastry are $1 and $2, respectively. Compute the 
conditional and expected profits for each act 
and indicate the optimal act. 

21.12 A certain output is manufactured at$10 
and sold at $16 per unit. This product is such 


that if it is produced but not sold during a 
week’s time it becomes worthless. The weekly 
sales records in the past are as follows: 

Number of Weeks 
Each Sales Level 


Demand per Week Was Recorded 



10 

100 


u ^;.... 

200 

-r 

12 

600 


13 

100 



,, L000 


a. Calculate the expected sales of the month. 

b. Prepare a table of payoffs for different 
possible acts. 

c. Prepare a table of expected payoff and 
select the optimal act. 

21.13 With data in the preceding problem, 
(a) prepare a table of conditional opportunity 
losses; (b) prepare a table of expected oppor¬ 
tunity losses and indicate the optimal act. 

21.14 Continuing with data in Problem 12, (a) 
present the payoff (conditional value) table 
under the assumption of certainty (that is, a 
perfect predicting device is available); (b) 
compute the expected value of perfect 
information. 

21.15 Each day a grocery shop purchases for 
$2 a product which it sells for $4. Every unit 
sold costs the shop $0.20 for wrapping. Be¬ 
cause the product is perishable, units remain¬ 
ing unsold at the end of the day are returned, 
without wrapping,to the supplier for reprocess¬ 
ing, and a refund of $1 per unit is received. 
The probability distribution of daily demand 
is estimated as below: 


Number of Units 

Sold Daily Probability 

D P(D) 

0 ■ 0 .10 

1 0.40 

2 0.30 

3 0.10 

4 0d0 

1.00 


What is the optimum standing order the 
grocery shop should place each day? 
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21.16 If we assume that there are no wrapping 
costs and no refunds for the previous problem, 
what is the optimal act? 

21.17 A newsstand at a certain subway sta¬ 
tion sells for 10 cents a copy a daily newspaper 
for which it pays 5 cents. Unsold newspapers 
are returned for a refund of 2 cents a copy. 
The daily sales and corresponding probabili¬ 
ties are as follows: 


Daily Sales 

Probability 

1,000 copies 

0.5 

2,000 copies 

0.4 

4,000 copies 

0.1 


a. How many copies should it order each day? 

b. If unsold copies cannot be returned, that 
is, unsold copies are useless, what is its 
optimal order each day? 

21.18 A man owns a piece of land which can 
be used as parking lot. A garage operator 
offers the owner two alternatives for the use of 
his land: one, a rental-free arrangement based 
on profit sharing; two, an outright purchase of 
the land for $500,000. It has been estimated, 
furthermore, that the first alternative will yield 
a present value of future rentals of $800,000 if 
the venture is successful. If it fails, the present 
value of future rentals is only $200,000. What 
probability must be attached to "success’' in 
order to make the owner indifferent toward 
the two alternatives if he is to decide on the 
basis of expected payoffs? 

21.19 A bicycle manufacturer who has sold 
his product exclusively in the United States 
until now is contemplating introducing his 
product in the world market According to his 
research staff’s report the following possible 
states of nature—percentages of world mar¬ 
ket—and their corresponding probabilities, 
and the payoffs, are as follows. 

(1) States of Nature and Probability: 

a. Hi. 10% market, P(Hi) = 0.3 

b. H 2 : 5% market, P{H 2 ) = 0.5 

c. H s : 1% market, P(H 3 ) = 0.2 

( 2 ) Payoffs: 

a. If Hi is the true state of nature, payoff 
will be $20 million. 

b. If H 2 is the true state of nature, payoff 
will be $5 million. 

c. If H 3 is the true state of nature, payoff 
will be -$10 million. 


Now, if the manufacturer decides to make the 
decision on this initial information, 

a. What is his expected payoff for A u intro¬ 
ducing his bicycles to the world market? 

b. What is his expected payoff for A 2 , not 
introducing his bicycles to the world market? 

c. What is the expected payoff under perfect 
information? 

d. What is the value of information? 

21.20 In the preceding problem, assume that 
the bicycle manufacturer wants to make the 
terminal decision on the basis of both prior 
and additional information that could have 
been obtained by marketing research; and 
suppose that his research staff indicates that 
the likelihoods of survey results Ei (relevant 
to H i), E 2 (relevant to H 2 ), and E 5 (relevant 
to H 3 ) are 


P(Ei\Hi) = 0.6 
P(Ei\H 2 ) = 0.3 
P(Ei\H z ) = 0.1 
P(E 2 \Hi) = 0.3 
P{E 2 \H 2 ) = 0.5 


P(E 2 \H Z ) = 0.2 
P {E 3 1 H\) = 0.1 
P(E 3 \H 2 ) = 0.2 
P(E 3 \H 3 ) — 0.7 


a. Compute joint probabilities, P(H { n E,). 

b. Compute posterior probabilities, 

c. Compute the terminal expected payoff for 
each act, conditional upon the outcome of 
market research. 

d. What is the optimal act for each possible 
survey result, Ej ? 

e. Compute the unconditional (over-all) ex¬ 
pected payoff of this strategy. 

f. What is the net expected payoff of research 
if the cost of research is $ 100 , 000 ? 


21.21 An agent has agreed to receive, periodi¬ 
cally, shipments of four large machines from 
one of the manufacturing firms he represents. 
The machines must be moved from the rail¬ 
road yard upon arrival and installed in good 
working order in the customers’ plants. If the 
agent accepts the responsibility for the ship¬ 
ment, A i, he receives a flat fee of $600 each 
time from the manufacturer, but he must 
reset, at his own expense, any machine that is 
damaged during the shipment. The cost of 
resetting is about $250 per machine on the 
average. If the agent rejects responsibility for 
the shipment, A 2 , he receives no fee and, of 
course, the manufacturer pays for the cost 
of resetting. According to the agent's experi¬ 
ence, prior probabilities for the number of 
damaged machines per shipment may be 
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assigned as follows: 

Number of 
damaged 

machines: 0 12 3 4 

Prior 

probability: 0.45 0.25 0.10 0.05 0.15 

a. Determine the payoff functions for Ax and 
A 2 * 

b. If the agent makes the final decision on 
prior probabilities alone, which is the optimal 
act? Why? 

c. What is the agent’s unconditional terminal 
expected payoff if he is to make the terminal 
decision on the basis of sample information 
with n — 2 ? 

d. Assuming it costs $30 to inspect one ma¬ 
chine, is n = 2 the optimal sample size? 
Verify. 

21.22 An investor has a utility index of 1 for 
a gain of $50,000 and of 0 for a loss of $ 10 , 000 . 
He says he is indifferent to a certain gain of 
$10,000 and a combination of a $50,000 gain, 
with a probability of 0 . 8 , and a loss of $ 10 , 000 . 
What is his utility index of a gain of $10,000? 


b. Should he invest$500 in a highly speculative 
venture which may yield a profit of $50,000 
with a probability of 0 . 01 ? 

21.27 Assume that the utility function of a 
firm can be approximated by U{M) = 2 M — 
0.1 (M 2 ) where M is in millions of dollars. The 
firm is faced with the following alternative 
investment opportunities, both of which re¬ 
quire the same amount of capital, as described 
below: 


Alternatives Outcomes 

Payoff Probability 

Ai 

Ox 

$5 0.6 


0 2 

$3 0.4 

A% 

03 

$8 0.4 


04 

$2 0.6 


Which is the best act for the purpose of 
maximizing expected utility? 


21.28 For the previous problem, what is the 
optimal act, if the firm’s utility function is 
U{M) = 5 + 0.2M? If A 2 is selected, can you 
explain why? 

21.29 If the utility function of an individual is 
represented by the U(Mx) curve in Figure 21.1, 
which is the optimal act for him with the 


21.23 For a small businessman U( -$1,000) = 
-5 and 77(5,000) = 20. If he is indifferent to 
$100 for certain and a chance of 0.4 at $5,000 
profit, and an 0.6 chance at a loss of $ 1000 , 
what is his utility index for $ 100 ? 

21.24 For. the management of a firm, 
C 7 ( —$ 100 , 000 ) = -100 and t/($ 100 , 000 ) = 200 . 
It is indifferent to a profit of $50,000 for certain 
and a combination of $ 100,000 profit and 
$100,000 loss, with a probability of 0.7 for the 
former. Give its 77($50,000). 

21.25 A college professor has a utility index 
of 10 for $10,000, of 7 for $5,000, and 0 for $10. 
What probability combination of $0 and $10,000 
would make him indifferent to $5,000 for 
certain? 


21.26 An enterpriser's utility function of 
money is as follows: 


M 

$50,000 

-$500 

0 

$50,000 

U(M) 

-100 

-3 

0 

300 


For this enterpriser, 

a. Should he insure his office building for a 
fire loss of $50,000 at an annual premium of 
$500, if the probability of fire on his property 
is Koo? 


following two ventures? 

A x : Receive Oi = $50,000 with"P(0i) = 0.6 
Receive 0 2 = -$30,000 with P(0 2 ) = 0.4 
A 2 : Receive O 3 — $50,000 with P(0 3 ) = 0.9 
Receive 0 4 = —$100 with P(0 3 ) — 0.1 
21.30 Each payoff matrix below represents a 
two-person zero-sum game, and the entries 
are made as payoffs from B to A: 

( 1 ) 61 b 2 ( 2 ) b x b 2 


a x 9 2 ai 1 


a 2 

4 3 


a 2 

- 

1 1 


( 3 ) 

61 b 2 

( 4 ) 


61 

b 2 

b s 

a x 

2 -2 


ax 

0 

-100 

-350 

a 2 

-2 3 


a 2 

100 

0 

-125 




a 3 

400 

150 

60 


( 5 ) 

bx 

bt 

63 

64 



a x 

10 

1 

1 

8 



a 2 

3 

4 

5 

10 



az 

6 

7 

4 

2 
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For each payoff matrix determine if there is 

(a) a dominating strategy for A or B or for both; 

(b) a saddle point. 

21.31 Suppose that the following payoff ma¬ 
trix contains utility gains by A from B: 



bl 

&2 

dl 

5 

3 

0.2 

4 

1 


a. What strategy will A follow? 

b. What strategy will B follow? 

c. What is the value of the game? 

21.32 In a coin-matching game, A wins $2 if 
both show tails, and wins $1 if both show heads. 
If the coins do not match, A loses $1 to B. 

a. Present the payoff matrix for the game. 

b. Is there a dominating strategy for either 
player? 

c. If A and B follow mixed strategies, what is 
the value of the game? 

d. What is the mixed strategy for A? 

e. What is the mixed strategy for B? 

21.33 Two toy stores, X and Y, are located on 
either corner of the same block. The owner of 
Store X knows that if neither store offers dis¬ 
counted prices, he can expect to have a net 
profit of $50 on any day. If he offers discounts 
while the other owner does not, his net profit 


will increase by $20 a day. If he does not offer 
discounts while the owner of Y does, his daily 
net profit will be reduced by $15. If both stores 
offer discounted prices, he can expect to have 
a daily net profit of $45. Both act independently. 

a. Should the owner of X offer discounted 
prices, or vice versa, if he wants to maximize 
his minimum profits? 

b. If the above daily net profits of various acts 
are also applicable to Y, how might the owners 
conclude that each could expect a net daily 
profit of $55? 

c. Is this game zero-sum? 

21.34 Let A be the union and B the manage¬ 
ment of a firm. During a collective bargaining 
session fora new contract, each side has two 
strategies, and payoffs from B to A are as 
follows: 

b i 6 2 


a 1 15 5 

a 2 8 12 

a. What is the maximum minimum gain that A 
can make sure of by following a pure strategy? 

b. What is the minimum maximum loss that B 
can incur for sure by following a pure strategy? 

c. If A and B follow mixed strategies, what is 
the value of the game? 

d. What is the mixed strategy for A? for B? 

e. Plot the mixed strategies for A and B. 
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QUEUING 

THEORY 

AND 

MONTE 

CARLO 

SIMULATIttN 


22.1 

Queuing 

Problems 


A. K. Erlang's effort to analyze telephone 
traffic congestion, with the aim of finding a solution to the randomly arising de¬ 
mand for services provided by the Copenhagen automatic telephone system in 
1909, produced a new theory that has become known as the queuing, or waiting¬ 
line, 'theory . This theory is one of the most valuable tools in management science 
because many managerial problems can be characterized as “arrival and depar¬ 
ture" problems. _ . f} 

We are all too familiar with waiting. We have to wait for our “turn at a 
barbershop, a post office, a restaurant, a bank, and so on before we receive atten¬ 
tion. Similarly, broken-down machines have to wait to be repaired, ocean liners 
have to wait for harbor pilots to reach dock, planes must wait for the runways to 
be clear, or repair stations must wait for machines to break down. 

In queuing problems, we often speak about customers such as people waiting 
for clear telephone lines, machines waiting to be repaired, and planes waiting to 
land—and service stations —such as tables at a restaurant, repairmen in a shop, 
runways in an airfield, and so on. Each queuing problem involves a variable rate 
of arrival of customers requiring some type of service, and a variable rate of 
completing the service performed at the service station. 
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When we talk about waiting lines we may refer either to those created by 
customers or by the service Stations. Customers may wait in a line simply because 
existing facilities are inadequate to meet the demand for service; in this case, the 
waiting line tends to be explosive. Service stations may be waiting because the 
existing facilities are excessive relative to customers’ demand; in this case, service 
stations could remain idle much of the time. Customers may be waiting tempo¬ 
rarily, even when service facilities are adequate, because previously arrived cus¬ 
tomers are being attended to. Service stations may encounter temporary waiting 
when, although facilities are adequate in the long run, there is an occasional 
shortage of demand due to happenstance. These last two cases typify a balanced 
situation constantly tending toward equilibrium, or a stable situation. 

It is the aim of queuing theory to provide models that are capable of influencing 
the arrival patterns of customers, or to determine the most appropriate amount 
of service or the number of service stations. Now, we shall call a group of physical 
units, integrated in such a way that they can operate in unison with a series of 
organized operations, a system. Queuing theory seeks a solution to the problem 
of waiting by first predicting the behavior of the system of waiting. A solution 
to a waiting problem, however, is concerned not only with the minimization of 
the time the customers spend in the system but also with the minimization of costs 
for waiting time; that is, a waiting problem must be solved in terms of reducing 
the total costs of those who request, and those who render, the service. 

The waiting-line theory offers two basic solutions to queuing problems: the 
analytical or mathematical approach, and the simulation or the Monte Carlo 
method. We shall introduce both in this chapter under some simplified conditions. 


22.2 

The Analytical Single 
Service-Station 
Queuing Model 


To illustrate the queuing theory that 
employs mathematical models, we shall introduce first those models which satisfy 
the following conditions: 

(1) Arrival of customers, or inputs: We shall assume that the arrivals occur at 
random and that the probability of an arrival at any time remains constant, 
regardless of what has happened previously and the length of the waiting line. 
The reader may recall that, under these assumptions, the arrivals would obey the 
Poisson probability law. Being a Poisson variable, the mean arrival rate , or the 
average number of arrivals, per unit of time is X, which is independent of time. 
Furthermore, the reciprocal, 1/A, is the mean length of time intervals between two 
successive' arrivals. In other words, we postulate a Poisson arrival pattern and an 
exponential pattern of interarrival time. 

(2) Queue discipline, or Priority rule: When a customer arrives at the system, 
he usually has to wait before he receives service. His departure is influenced, 
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among other things, by the queue discipline, which is the established rule by which 
customers waiting in line are served. We shall, for the time being, assume that the 
rule is the time-honored one (not always the best) of first come, first served. Our 
rule also includes the requirement that no customer in the system will depart 
before he receives service. 

(3) Output: This criterion refers to the number of service stations available, 
the capacity of each service station, and the distribution of service time. In the 
discussion that follows, we shall first assume that there is only one service station; 
that is, one repairman, one tunnel, one information clerk, and so on. 

With respect to service time, we note that when the servicing of one arrival 
takes place between t and t + A t, for very small At we would have an .exponential 
distribution for the service time delivered and a Poisson distribution for the rate 
at which services are performed. The exponential postulate for service time holds 
for a majority of cases, even when the assumption is rather questionable that the 
probability that servicing will end at any instant is independent of what has 
happened previously. When the servicing time is exponentially distributed, the 
mean service rate, or the expected number of services performed per unit of time, and 
the standard deviation of servicing times are identical and may be denoted as /x- 
Note, also, that the reciprocal 1/ju is the mean servicing time , or the expected time 

per service. . : u 

When the preceding conditions are satisfied, we have what is called the 
mathematical model for single service-station, with first come, first served, queu¬ 
ing problems .” Governing equations for this model can then be derived or estab¬ 
lished as given in the following section. 


22.3 

Equations Governing 
Queues for the Single 
S e rv ic e-St at i o n Model 


There are a number of important prop¬ 
erties that we must know in evaluating a queuing system. The first question to 
come to mind is whether or not the service station can handle the customers’ 
demand. Obviously, the answer here can be given by comparing X (the mean 
number of arrivals per unit of time) with ix (the average number of services per 
unit of time). It is easy to see that if more customers arrive than can be serviced 
per unit of time, the waiting line will increase continuously and the system will 
break down. When X > ji, we are headed for trouble and drastic measures are 
called for without further analysis. Thus, in our system, we must have X < m in 
order to be functional. The ratio 

U = ~ (22.1) 

is called the utilization parameter, since it measures the degree of the capacity of 
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the service station that is utilized. For example, if customers of a repair shop 
arnve at a rate of 7 per hour and receive service at an average rate of 10 per hour, 
then U ~ 0.7. It means that the repair shop is kept busy 70 percent of the time! 
I he utilization parameter can also be interpreted as the proportion of arrivals who 
must wait. If the service station is kept busy 70 percent of the time when U = 0.7, 
then the probability that a customer must wait for service upon his random 
arrival must be 0.7. 

The second question we may ask is this: What is the proportion of time that 
the service station is idle? The answer to this is very simple. If U is the proportion 

of time that the service station is kept busy, then the proportion of time it remains 
tale must be 


As 7, the percentage of time the service station remains idle, is defined, it is 
clearly also the probability that a customer , upon his random arrival, will not have 
watt at all for service. This probability is denoted as P 0 in (22.2). 

. f rom (22,2) > we can derive a formula for the probability of having n customers 
m the system as follows: 

Pn = (1 ~ U)(V)» (22 . 3) 

which includes those in the waiting line and the one being serviced. We sometimes 
also call P n the probability of n customers in the system , for n > 0. Note, as has 
already been indicated, that this equation is valid only if X < 

In addition to 1/X and l/g, there are various expected values of a waiting line, 
presenting different aspects, of importance for solving queuing problems. For our 
present model, they are 

(1) The mean number of customers in the system, E(n), both waiting and in 
service: 


E{n) 


X/u 


1 X/u ~ n — X (22 ‘ 4) 

(2) The mean length of the waiting line, E(L), excluding the customer in service: 

X 2 


E<i> - © C-©) - 


(22 - 5) 

(3) The average waiting time of an arrival in the queue, E(W): 

E(W) = ^ 

(4) The average time an arrival spends in the system, E(T): 

1 


E(T) 


U ~ X 


(22.7) 


With these seven basic equations, many questions concerning waiting lines 
can be answered and solutions to many queuing problems can be obtained. Let 
us now turn to some illustrative applications of this simple queuing model. 
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22.4 


Applications of the 
Single Service-Station 
Queuing Model 


As the first illustration, let us consider 
the problem of determining the optimum number of phone booths. The owner of 
a restaurant observed that, in the long run, customers used his single phone booth 
every five minutes during rush hours and that the average length of conversation 
was four minutes. Suppose that the arrivals follow the Poisson pattern and that 
the service time is exponentially distributed; then we can outline the following 
relevant values of this system: 

(1) The average number of arrivals and the average number of servicings, 
respectively, are 

X = 0.20 arrival per minute 
ju = 0.25 servicing per minute 

(2) With the values of X and g determined, we see that the phone booth is 
kept busy 


0.20 




0.25 


0.80 


or 80 percent of the time. 

(3) The probability of forming a queue of length n with n = 0, 1, 2, • • • 
becomes 

P 0 = (1 - U)(U) 0 = (1 - 0.8)(0.8)° = 0.2 
Pi = (1 - 0.8) (0.8) = 0.16 
P 2 = (1 - 0.8)(0.8) 2 = 0.128 
P 3 = (0.2) (0.8) 3 - 0.1024 


Thus, when a customer arrives at the booth he has a probability of 0.2 of making 
the phone call immediately, a probability of 0.16 of standing in the queue alone, 
a probability of 0.128 of being second in the waiting line, and so on. In general, 
the probability that a customer will be in the nth position decreases when n 
increases. 

(4) The expected number of customers in the system is 

E(n) = o.d^oT2 = 4 persons 

In general, E(n) varies directly with U, since, as it can be seen, E(ri) = U/ 
(1 _ if) = X/(ju — X). When U approaches unity, E(n) grows rapidly and 
approaches infinity. 

(5) The average length of the queue is 

E(L) = 0 . 25 ( 0 ( 0 25 2 - 0 . 2 ) = 3 ' 2 P6rS0nS 
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Note that E(n) differs from E (L) in that the former includes, but the latter does 
not include, the customer in service. We note also that E(L) = E(ri)U. 

(6) The average time a customer spends in the system is 

E(T) = 0725 - 0.2 = 20 minUteS 

(7) The average waiting time a customer spends in the queue is 


E(W) = 


0.2 


= 16 minutes 


0.25(0.25 - 0.2) 

It follow's from definitions that E(W) = E(T) V. We can also state, in view of our 
present illustration, that the average time a customer spends in the system is the 
sum of the average waiting time in the queue and the average time a customer 
spends in service. 


What conclusions can we make from the foregoing calculations? We observe 
that the value of U is rather high and, as a consequence E(n) and E(T) are quite 
large. In order to reduce the traffic intensity and waiting time, the owner perhaps 
should consider the installation of a second telephone booth in the restaurant if 
space is available. 

In our second illustration, a manager has to decide which of the two repairmen, 
X and Y, is to be hired. The frequency of machine repairs in his shop is known to 
follow the Poisson law, with an average of one breakdown per hour. The nonpro¬ 
ductive cost of each idle machine is estimated as $25 per hour. Repairman X asks 
for $20, and Y asks for $12, per hour respectively. It is also known that the aver¬ 
age repair rates of X and Y are 2 and 1.2 machines per hour, respectively. The 
manager would like to know if it is wise for him to hire the more expensive but 
faster X. 

To solve this problem, we only need to compare the total expected daily cost 
for both repairmen. This cost is clearly the total wage per day plus the cost of 
those machines waiting to be, and being, repaired. The expected nonproductive 
time per hour is the mean repair time multiplied by the expected number of 
machines in the system, both those being repaired and those in the queue. We 
note also that the mean number of machine arrivals is X = ] and that the service 
rate per hour is /z. = 2 for X, and = 1.2 for Y. Thus, the expected numbers 
of machines in the system for X and Y, respectively, are 

E(n) = = 1 for X 

and ” 

E(n) = — = 5 for Y 

Thus, if X is hired, the expected nonproductive machine time in an 8-hour day 
is (1) (8) = 8. The total daily cost in this case becomes 

Labor costs + cost of nonproductive machine time 

= (8) ($20) + (8) ($25) = $360.00 
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If Y is hired, the nonproductive machine time per day is (5) (8) - 40, and the 
total daily cost becomes 

(8) ($12) + (40) ($25) = $1096.00 

It is obvious that the cheaper repairman would cost almost three times as 
much as the more expensive repairman. The right decision is for the manager to 

hire X. . . 

As our last example, let us consider a problem of investment decision. A manu¬ 
facturing firm which produces a high-quality product has an average of 24 pieces 
of equipment to be repaired each week. The probability of the breakdown of a 
piece of equipment is approximately constant, so that the arrivals are distributed 
as under the Poisson law. The repair time is close to an exponential distribution. 
The opportunity cost of having an equipment breakdown is estimated as 1150 

per day. . * 

The firm has two repair facilities, A and B, from which to choose, facility A 

requires $20,000 to install, but Facility B costs $60,000. Both facilities require an 
annual labor cost of $8000 to operate. Furthermore, A can repair machines at a 
rate of 30 per week, and B at a rate of 60. Finally, both investments are estimated 
to have economic lives of four years. For the sake of simplicity, we shall ignore 
interest charges and returns to investment. Under these circumstances, which 
facility should the firm decide to purchase? 

The solution to this problem can be obtained by comparing the total annual 
costs of the two facilities. For each facility, the total annual cost consists of three 
parts: (1) annual capital recovery cost, which is U °f the total investment expen¬ 
diture, (2) annual labor cost, and (3) annual cost of lost production-equipment 
time. Component (3) may be thought to be based.on the sum of time waiting to be 
repaired and time being repaired. The former is to be computed on the basis of 
E(W) —the mean waiting time of an arrival, and the latter is to be evaluated on 
the basis of the average service time per repair, which is the reciprocal of the mean 
service rate per unit of time, 1 /m* 

Now, for Facility A, we have 

(1) Annual capital recovery cost = 15,000.00 

(2) Annual labor cost = $8000.00 

(3) Cost of lost production-equipment time 

a. Time waiting to be repaired 

i. Average waiting time of an arrival: 

24 

E(W) = -= 0.133333 week 

{ } 30(30 -24) 

ii. Total waiting time per year = (24) (52) (0.133333) = 166.4 weeks 

b. Time being repaired: 


i. Mean time per repair = - = ~ 
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ii. Total repair time per year = (24)(52)(J+ 0 ) = 41.6 week 

c. Total lost time per year = 166.4 + 41.6 = 208 weeks 

d. Total cost of lost production-equipment time = (5) ($150) (208) = 

$156,000.00 

(4) Total annual cost for Facility A = 5000 + 8000 + 156,000 = $169,000.00 
For Facility B, we have 


(1) Annual capital recovery cost = $15,000.00 

(2) Annual labor cost = $8000.00 

(3) Cost of lost production-equipment time 

a. Time waiting to be repaired 


i. E(W) = 


60(60 - 24) 


0.011111 week 


n. Total waiting time per year = (24) (52) (0.011111) = 13.87 weeks 

b. Time being repaired 

i. Mean time per repair = 3+ 0 week 

ii. Total repair time per year = (24) (52) (Mo) = 20.8 weeks 

c. Total lost time per year = 13.87 + 20.8 = 34.67 week 

d. Total cost of lost production-equipment time = (5) ($150) (34.67) = 
$26,002.50 

(4) Total annual cost for Facility B = 15,000 + 8000 + 26 002 50 = 

$49,002.50 ,o.uo 


. l' hus ’ the more ex Pensive investment proves to be less costly in the long run 
m this case. The firm should purchase Facility B in order to minimize total cost 
incidental to repair of production equipment. 


22.5 


A Note on 
Priority Rules 


. ^ ar we have been discussing the single 

service-station queuing model under the assumption that customers are served 
in order of arrival. This rule is quite appropriate if “unfairness” will be resented, 
or if customers are of equal importance and require the same amount of service 
on the average. In many situations, however, there may be strong reasons for the 
practice of priority rules. For the sake of courtesy, women and children may be 
served first. Whenever there are customers for whom the waiting costs are high, 
for example, where waiting represents a “bottleneck,” we may adopt the rule of 
most important, first.” There are also such rules as “random order” or “nearest 
calling unit, first.” We shall be concerned, however, with this rule: Quickest 
returned to operation, first. Usually, servicing first the customer needing the least 
service minimizes the length of the waiting line. If the cost of waiting time for all 
units is the same, this rule also minimizes total costs of waiting and servicing. 
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To apply the rule of “quickest returned to operation, first/’ we may classify 
customers into two groups, referred to as fast and slow customers , each having an 
average servicing time. According to this rule, as soon as a customer is serviced, 
his place is taken by the customer who arrived first. When there are no fast cus¬ 
tomers, the place is taken by the slow customer who arrived first. When there are 
fast customers, the place is taken by the fast customer who arrived first. All fast 
customers are serviced in order of their arrivals before the slow customers are 
serviced. Under this priority rule, we have, in effect, two queues: one for the fast, 
and another for the slow, customers. Of course, once a slow customer is being 
serviced, he is not interrupted even though a fast customer may have arrived in 
the mean time. 

A moment’s thought would lead us to see why this rule would tend to reduce 
the expected waiting time. For example, if there are two customers, fast A and 
slow B, waiting to be serviced, and if A requires only 5 minutes and B requires 
10 minutes, then B has to wait for only five minutes if A is serviced first, but A 
has to wait for ten minutes if B is serviced first. The saving in waiting time, when 
fast A is serviced first, is 10 — 5 = 5 minutes. Be sure to note, however, that 
there is no gain for slow B, who actually has to wait five minutes longer. The 
gain—ten minutes—is for fast A only. Also, the total time required to service 
both is fifteen minutes, regardless of who is served first. Namely, the service time 
is not affected by changes in the queuing discipline. Or, the utilization parameter 
remains the same whatever priority rule is employed. 

The relative reduction of the average waiting time by our new queue discipline 
depends upon three factors: 

(1) The utilization parameter. 

(2) The ratio of the average servicing time of the fast customers to that of the 
slow customers. Let the average service time for fast customers be s/and that for 
the slow customers be s 2 ; then we may denote this ratio as R = s\/s 2 which 
obviously ranges from 0 to 1. 

(3) The fraction F of the total number of fast customers, /, to the total number 
of customers, n; namely, F = f/n. Again F ranges from 0 to 1. 

With these three quantities determined, the percentage reduction of the 
expected waiting time, denoted as D, becomes 


= 100F(1 - F)(l - R)U 
1 - F + FR( 1 - U) 

For example, if U = 0.5, si = 5, s 2 = 10, and F = 0.5, then 


100(0.5)(1 - 0.5)(1 - (5/10))(0.5) 
1 - 0.5 + (0.5)(5/10)(1 - 0.5) 


= 10 percent 


Similarly, if U = 0.95, §i = 3, s 2 = 10, and F = 0.8, then 


100(0.7) (1 - 0.7) (1 - 3/10) (0.95) 
1 - 0.7 + (0.7) (3/10) (1 - 0.95) 


44.9 percent 


Generally, D increases with increases in F. However, when F approaches 1, 
the gain decreases. Also, other things being equal, the greater U is the greater 






716 QUEUING THEORY AND MONTE CARLO SIMULATION 


D is. This is a very important property; since when U is large, the queue tends 
to be very long. The reduction of the average waiting time is therefore of supreme 
importance in the case of great U. In many situations the reduction in average 
time has led to proportional reduction in costs. 


22.6 

The Analytical 
Multiple 
S ervice-S tation 
Queuing Model 


A multiple service-station queuing model 
exists when customers in a single waiting line can be serviced by more than one 
service station equally well. Here, all the k, k > 2, service stations have identical 
servicing capacity, and the queue is single in the sense that each customer, with¬ 
out any external pressure, decides on one station to serve him. 

When there are k parallel stations and n customers, there will be no waiting 
line if n < k. When n > k (the number of arrivals in the system, waiting and/or 
in service, being more than the number of stations) the system is said to be in 
state E n . In such a state, a waiting line is created with n — k as the length of the 
queue. 

For this model, given the mean number of arrival rate, X, and the mean service 
rate per unit of time for each station f ., the utilization parameter of the system 
is defined as 

U k = for kfi, > X (22.9) 

kfx 

Again, if we let the queuing discipline be first come, first served, the probability 
that there are n customers in the system , either being serviced or waiting, becomes 



In these two equations, P o stands for the probability that there is no customer in the 
system or the probability that all the k service stations are idle. It is defined, for 
Uk < 1 or for kfi > X, as 



i = 0 


( 22 . 12 ) 
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Now, the probability that an arrival at random has to ivait for service is the same 
as the probability that there are k or more customers in the systevn. Denoting the 
number of customers between k and n as m, we have this probability: 


Pn> = 


p(h/p.y 


P 0 


(22.13) 


(k - l)!(fcju - X) 

If we multiply P m by the ratio \/{k\x - X), we obtain the mean length of the 


qdeue, excluding customers being serviced, as 

Xju (\/n) k 


E(L) = 


(k — 1) !(/cju — X) 2 

The mean number of customers in the system, given E{L), becomes 

E(n) = - + E(L) 

u 

The average waiting time of an arrival in the queue is: 

F(w) = Pfo/g)* p 

The average time a customer spends in the system, given E(W), is defined as 


(22.14) 


(22.15) 


(22.16) 


E(T) = - + E(W) 

u 


(22.17) 


Equations (22.9) through (22.17) govern the behaviors of waiting lines in the 
multiple service-station queuing model. 


22.7 

Applications of the 
Multiple 
Service-Station 
Queuing Model 


A textile manufacturing firm has a large 
number of identical machines whose breakdown rate is estimated at 60 per day. 
It has now three service stations for repair, each having a mean service rate of 25 
per day. For this system, answers to these questions constitute an evaluation: 

(a) How many hours, for an 8-hour day, is a service station kept busy? 

(b) What is the probability that all three stations are idle at any instant? two 
are idle? one is idle? 

(c) What is the expected number of idle service stations from time to time? 
The mean idle time per station? 

(d) What is the probability that a machine arrives and has to wait to be 
serviced? 
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(e) What is the mean length of the queue from time to time? 

(f) What is the average waiting time of machine arrivals? 

(g) What over-all conclusion can we reach about this system? 

Answers are easily obtained with the equations governing multiple service-station 
models. 

(a) Since for this system, U k = 60/3(25) = 0.8, the expected number of hours 
a service station is kept busy each day becomes 8 ( 0 . 8 ) = 6.4 hours. 

(b) The probability that all three stations are idle at any instant is the proba¬ 
bility that there is no customer in the system. It is 


where 


V - 4- ri / 6 q v/ 3 ( 25) v 

Li i\ \ 2 5/ J [_3! \25/ \3(25) - 60 A 


Y 1/60 

L( i\ \25 


tAk) = 1 + 2.4 +- (2.4)»- 6.28 


Therefore 


1 /60 V/ 3(25) \ 1 

lib) (8^Teo)= 5 (2-4)'(5)-ll.S2 


p 0 = J- OQ i „ro = 0.0562 
6.28 + 11.52 


This indicates that about less than 6 percent of the time three or fewer breakdowns 
can be repaired immediately, without waiting in the queue. 

The probability that two stations are idle is the probability that there is only 
one customer in the system. Therefore, 

„ 1 /60\ 

Pi = ( 25 ) (0.0562) = 0.13488 

The probability that one station is idle or that there are two customers in the 
system is 


1 /60\^ 

?2 = 2! (25) (a0562) = °* 16186 


(c) The expected number of idle stations can be computed in the usual way 
for expectations. Namely, denoting this quantity as E(I), we have 

E(I) — kP 0 + (k ~ l)P\ + (k — 2)P 2 + • • • + (l)P„_i 

= 3(0.0562) + 2(0.13486) + 0.16186 = 0.6 station 


The mean idle time per station is E(I)/k = 0 . 6/3 = 0 . 2 , or 20 percent of the 
time. This checks with the fact that the average idle time per station is 1 — U k = 
1 - 0.8 — 0 . 2 . 
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(d) The probability that a machine arrival will ha^e to wait is (i 


(e) 


25(«% 5) 3 
(3 - 1) ![3 (25) - 

The mean length of the queue is 

(60)(25)(%)» 

{ } (3 - 1)! [3 (25) - 60] 2 


^ (0.0562) = 0.65 

(0.0562) = 2.59 machines 


With this value given, we can also determine the mean number of machines in the 
system as ( 6 % 5 ) + 2.59 = 4.99 machines. 

(f) The average waiting time of a machine which has arrived in the system is 


E(W) 


25(e% 6 ) 


(3 - 1) ![3 (25) - 60] 2 


(0.0562) = 0.04316 day 


Given this, the average time a machine spends in the system is E(T) = Ks + 
0.04316 = 0.08316 day. " 

(g) At first glance, this system seems quite satisfactory, since the mean number 
of idle service stations is only 0.6 station, or the average idle time per station is 
as small as 0.2 (or 20 percent of the time). In other words, the service stations are 
kept quite busy most of the time, and we seem to have got our money’s worth. 
However, looking at the system from the point of view of waiting time, we notice 
these aspects: a machine waits to be repaired 65 percent of the time; the mean 
number of machines in the system is nearly as large as five; and the average time 
a machine spends in the system is greater than 0.04 of an 8-hour workday. These 
values are unusually high if the opportunity cost of lost production time is high 
relative to total daily operating costs of service stations. 

Now, suppose that the lost production time is estimated at $200 per day per 
machine; then the total cost of lost production time becomes 


\(E(T))( 100) = 60(0.08316) (200) = $997.92 

In addition, let us assume that the total operating cost of each station is $100 per 
day, then the total cost of this system is 


3(100) + 997.20 = $1297.92 per day 


At this point, the management might consider adding another service station 
similar to those in operation. This would be the right move to make, since with 
four identical service stations, we would have 


U k 


60 

4(25) 


= 0.6 


which indicates that the proportion of time during which the service facilities are 
idle is 1 — 0.6 = 0.4, and that the expected number of idle service stations is 
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4(0.4) -1.6 stations. However, we would also have 


P 


0 



1 


' 1_ /60V / 4(25) \ 

_4! \25/ \4(25) - 60/ 


f(l + 2.4 + (Y 2 )(2AY + (M)(2.4) 3 ] + KM 4 )(2.4) 4 (io% 0 )] 
25 (<% 5 )* 


ECW) = 


and 


(4 - 1) ![4(25 - 60)] 2 (0 -° 831) = °- 008 day 


0.0831 


E(T) — Us + 0.008 = 0.048 day 

The total cost with four service stations becomes, then, 

4(100) + 60(0.048)(200) = 1976.00 per day 

Thus we see that with four stations, while the proportion of time of idle facili¬ 
ties, or the expected number of idle stations, has increased considerably, the 
average time a nonproductive machine spends in the system has been correspond¬ 
ingly reduced. The reduction of E(T) from 0.08316 to 0.048 has made it possible 

despite an increase of E(I) from 0.2 to 0.4, to reduce total cost incidental to 
repair by 

1,297.92 — 976.00 = $321.92 per day 
This is clearly an economy of large-scale production in the operation! 


22.8 

Monte Carlo 
Simulation 


We have now learned what the essence of 
queuing problems is, namely, that when customers need services at arbitrary 
moments, there can arise two unpleasant situations: either a customer has to wait 
to be served, or a service station is idle. Both circumstances cost money. The 
problem is to find the optimum size of service capacity, or the optimum number of 
service stations, that will minimize costs, given certain probabilities of arrivals 
and servicing time. 

Solutions have been given to a number of waiting problems, mathematically, 
under the assumptions that arrivals follow the Poisson probability law and that 
the service time is exponentially distributed. With such a judiciously selected set 
of premises, we have presented computations that might have given the impression 
t at queuing problems are quite simple. However, we must remind the reader that 
the appearance of simplicity is due to the fact that our assumptions were deliber- 
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ately chosen to make calculations amenable to relatively simple algebraic manipu¬ 
lations. When models become more complex and realistic, the level of mathematics 
required becomes quite involved. It is even possible that sometimes a queuing 
problem may be so complicated that it frustrates a competent mathematician. 
Again, even when an analytical solution is possible, that solution may be objec¬ 
tionable—on the grounds that it is difficult or impossible to understand—to 
people who are in the position of making final decisions. In such situations, the 
best tactic is to run a “simulation” study of the problem. We shall call such a study 
the Monte Carlo simulation because simulation is a statistical method related to 
probabilities of chance. 

; Monte Carlo simulation is the friend of unsophisticated mathematicians. To 
understand and to use it, little mathematical training is needed. It can be easily 
adapted to any situation, provided that alternatives can be specified quantitatively 
and that data required can be predicted with acceptable confidence. 

Monte Carlo is a process of solving a problem by simulating original data 
with random-number generators. Its application requires only two basic things. 
First, we must have a model that represents an image of reality as we sec it. The 
model here is nothing more than the probability distribution of the variable under 
consideration. The significant merit of simulation is that it can be applied even 
when the probability distributions cannot be expressed explicitly in any of the 
theoretical forms which have been introduced in this text. All that is required is 
a table or a graph of a cumulative probability distribution of a variable, which may 
be obtained either by direct observation (such as an appropriate survey to deter¬ 
mine the actual behavior of, say, arrivals) or, indirectly, by the use of past records. 

The second thing needed is a mechanism to simulate the model. The mechanism 
can be any such random-number generator as a pair of dice, a spinning pointer, a 
roulette wheel, a table of random digits, or a high-speed computer properly 
instructed. In short, the Monte Carlo method is to simulate, via random devices, 
real-world situations that are probabilistic in nature. 

The use of cumulative probability distributions and random-number generators 
enables us to obtain almost the same probability distribution that occurs, or would 
occur, in the real world. For example, suppose that, on the basis of past experience, 
the cumulative probability distribution of assembling time for a certain mechanism 
is as shown by Figure 22.1; then we may simulate this process by using, say, a 
table of random numbers. Each random number selected is considered a proba¬ 
bility value, and we enter it on the vertical scale of our diagram. We then obtain 
the corresponding value of the variable, X , by drawing a line perpendicular to the 
horizontal axis, from the point where the curve meets the horizontal line that we 
used to indicate the probability given by the selected random number. If we 
proceed in this fashion for a large number of times, we would have many X values 
and their corresponding probabilities. If we organize these sample values into a 
cumulative distribution, we would expect it to represent the actual future behavior 
of the assembling process. It is easy to see that the representation, or prediction, 
of the real-world event—assembling time, becomes more accurate the larger the 
number of trials in our simulation. We also note that the larger the sample from 
which the original empirical distribution, Figure 22.1, has been secured, the more 
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Figure 22.1 Cumulative probabilities from an experimental distribution. 

reliable is its representation of the true state of nature and, therefore, the better 
is the result of simulated sampling. 

Let us consider another simple example of simulation. Suppose it is known that 
a machine is out of order and requires repair % 1 of the time, and that the break¬ 
downs are independent. We may, in this case, conveniently simulate the future 
breakdowns of the machine by spinning a roulette wheel. We may use any 3 of 
the 37 numbers, such as 0, 1, and 2, to represent breakdowns. When any one of 
these numbers comes up, we say that the machine is out of order, and when any 
of the other 37 numbers turns up, we say that the machine is functioning properly. 
Furthermore, we may arbitrarily prescribe that each spin of the wheel represents 
the state of the machine for, say, 30 minutes. We could then proceed to simulate 
the machine breakdowns by examining a sample of three time periods (1J^ hours) 
by spinning the roulette wheel three times. The binomial probabilities, b(x; 
can then be approximated by observing relative frequencies, with x = 0, 1, 2, and 
3 breakdowns in a large number of such trials. The fraction of cases in which a 
given number of breakdowns—say, in 10,000 such trials, or in the next 5000 hours 
of operation—will differ negligibly from the number expected in the long run 
according to the law of large numbers. 

The Monte Carlo technique can be applied in many economic and business 
situations. It can be used to forecast sales demand, cost of production, or which 
team is going to win in the World Series; to evaluate production schedules, inven¬ 
tory policies, or plans for pricing, advertising, distribution, and installment; and 
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to. solve complicated queuing problems. In all these, and many other, situations, 
the general procedure of simulation is the same. We shall, in next two sections, 
present two illustrative applications of Monte Carlo methods to waiting-line 
problems. 


22.9 

Monte Curio Solution: 
The Optimum Number 
of Truchs 


Due to a rise in its sales, a manufacturing 
firm needs more factory space. One alternative solution being considered is the 
purchase of a warehouse, ten miles from the manufacturing site, for storing finished 
goods. This plan requires the moving of finished items from the plant to the ware¬ 
house at the end of each workday. Management must determine the optimum 
number of trucks to be hired or bought. In order to do this, it must estimate, 
assuming various numbers of trucks, the average amount of finished goods which 
will remain unmoved each day and the daily average of truck capacity which will 
remain unused. 

In this case, clearly, a knowledge of the weight of the output produced and the 
weight of the output that can be moved each day is essential. Daily production 
volumes in pounds, according to past data, are distributed as shown in Table 22.1. 

■ The type of truck which should be used for moving this output is known to 
have an average loading capacity of 4,500 pounds. The number of trips which can 
be made each 8-hour day depends on loading and unloading time as well as on the 
time required to travel the ten miles between the plant and the warehouse. The 
distribution of the number of pounds of product a fully loaded truck can move 
from the plant to the warehouse during an 8-hour period is estimated as shown in 
Table 22.2. 

From data given in Table 22.1, we find that the expected number of pounds 
of product produced per day is 

410,000(0.08) + 430,000(0.12) + 450,000(0.25) + 470,000(0.40) 

+ 490,000(0.10) + 510,000(0.05) = 459,400 pounds 


TABLE 22.1 DISTRIBUTION OF DAILY PRODUCTION 


Pounds Produced 

Daily 

Relative 

Frequency 

Cumulative 

Frequency 

400,000-419,999 

0.08 

0.08 

420,000-439,999 

0.12 

0.20 

440,000-459,999 

0.25 

0.45 

460,000-479,999 

0.40 

0.85 

480,000-499,999 

0.10 

0.95 

500,000-519,999 

0.05 

1.00 
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TABLE 22.2 DISTRIBUTION OF POUNDS OF PRODUCT MOVED PER ,8-HOUR DAY PER TRUCK 


Pounds Moved 

Relative Frequency 

Cumulative Frequency 

38,000-39,999 

0.15 

0.15 

40,000-41,999 

0.25 

0.40 

42,000-43,999 

0.35 

0.75 

44,000-45,999 

0.15 

0.90 

46,000-47,999 

0.06 

0.96 

48,000-49,999 

0.04 

1.00 


From data in Table 22.2, we find that the expected number of pounds of 
product moved per day per truck is 

39,000(0.15) + 41,000(0.25) + 43,000(0.35) + 45,000(0.15) 

+ 47,000(0.06) + 49,000(0.04) = 42,680 pounds 

Suppose that we wish to use ten identical trucks; then the expected total 
number of pounds to be moved per day would be 42,680(10) = 426,800 pounds, 
which is smaller than the expected number of pounds of product produced per day. 

We can now simulate what will happen on any number of days we desire to 
sample. Of course, the more days we sample, the more reliable our results will be. 
However, merely for the purpose of illustration, we shall take a sample of only 
20 days. 

The first step in our simulation is to construct a cumulative probability graph 
for each of the two variables now under consideration. The graph for production 
data is given by Figure 22.2, and that for data on quantities moved is given by 
Figure 22.3. We note that in both diagrams, class marks are used on the horizontal 
scales. Also, the horizontal scale for Figure 22.3 is 10 times the class marks in 
Table 22.2, since 10 identical trucks are being simulated. 

To simulate production, we enter the Table of Random Digits (A-XVI) and 
select 20 three-digit numbers, each for a day's production. These numbers are 
given in column (1) of Table 22.3. Note that the first number selected is 095. We 


Cumulative 

frequency 



Figure 22.2 Cumulative distribution of daily production. 
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Cumulative 

frequency 



Figure 22.3 Cumulative distribution of produet moved. 

then enter the cumulative distribution in Figure 22.2 on the vertical axis at 0.095 
and draw a horizontal line across until it meets the cumulative probability curve. 
Finally, we drop a vertical line from this point to the abscissa, and read off the 
sample value, which is 430,000 pounds. This value is our first predicted daily 
production figure. All the production figures in column (2) are so determined with 
the corresponding random numbers in column (1). 


TABLE 22.3 SIMULATED DAILY PRODUCTION AND MOVED QUANTITY 


Random 


Random 

Quantity 

Quantity 

Idle truck 

Number 

Production 

Number 

Moved 

Unmoved 

Capacity 

(1) 

(2) 

(3) 

(4) 

""(5) 

(6.) 

095 

430,000 

601 

430,000 

.— 

— 

973 

510,000 

889 

450,000 

60,000 

— 

410 

450,000 

882 

450,000 

— 

— 

176 

430,000 

245 

410,000 

20,000 

■— 

030 

410,000 

230 

410,000 

— 

— 

164 

430,000 

842 

450,000 

— 

20,000 

676 

470,000 

839 

450,000 

20,000 

— 

879 

490,000 

443 

430,000 

60,000 

— 

954 

510,000 

996 

490,000 

20,000 

— 

328 

450,000 

080 

390,000 

60,000 

— 

505 

470,000 

552 

430,000 

40,000 

— 

871 

490,000 

109 

390,000 

100,000 

— 

075 

410,000 

938 

470,000 

— 

60,000 

453 

470,000 

866 

450,000 

20,000 

— 

839 

470,000 

358 

410,000 

60,000 

— 

930 

490,000 

077 

390,000 

100,000 

— 

480 

470,000 

977 

490,000 

— 

20,000 

190 

430,000 

947 

470,000 

— 

40,000 

514 

470,000 

992 

490,000 

— 

20,000 

180 

430,000 

386 

410,000 

20,000 

— 

Total 

— 

— 

— 

580,000 

160,000 

Average 

— 

— 

— 

29,000 

8,000 
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Following the procedure described above, we obtain the values in columns (3) 
and (4), which are our simulated quantities of products moved daily for 20 days. 

Using these simulated quantities of output produced and output moved, we 
can compare readily these two sets of values, thus obtaining values for quantities 
produced that are unmoved, and for truck capacities that are unused. These are 
given in columns (5) and (6). The results of these calculations reveal that the 
daily average unmoved finished product amounts to 29,000 pounds, and the daily 
average idle truck capacity is 8000 pounds. How can we use these summary values? 

In answering the question just posed, we note that these figures take on new 
dimensions if they are translated into monetary values. The daily cost of unmoved 
items, due to inconvenience or other reasons, can be estimated. The daily cost of 
using ten trucks can be determined quite easily. The total daily combined costs 
of using ten trucks can then be calculated. Employing the same simulation pro¬ 
cedure and calculations, we can estimate the total daily combined costs of using, 
say, 8, 9, 11, or 12 trucks. By comparing total costs per day at various levels of 
truck utilization, we can finally ascertain the optimum number of trucks to be 
hired or purchased. 

The example just presented is capable of simple mathematical solution. It has 
been employed merely for the purpose of making clear the basic methodology 
of Monte Carlo simulation. In actual practice, Monte Carlo models are much 
more complicated in order to be realistic, and simulated Samples are much greater 
in order to be reliable. In our illustration, for example, more reliable results would 
be obtained if we had simulated 100 days, or even 1000 days. When large simu¬ 
lated samples are used, even a table of random digits becomes a slow and clumsy 
aid. The efficient way is to turn to high-speed computers which, when properly 
instructed, can generate 5000 three-digit random numbers in less than 2 minutes. 
Recently there has been a growing interest in simulation methods, mainly due to 
the development and popularization of computer technology. 


22.10 

Monte Carlo Solution: 
The Optimum Size 
of a Service Team 


A new manufacturing firm, having been 
in business for 3000 operating hours, has a large number of identical machines 
in use. It has a single service station with a team of repairmen. The repair of any 
machine is a joint effort by the team. When the service station is occupied by a 
machine and other breakdowns occur, a waiting line is created. Data concerning 
the number of breakdowns per hour and the number of repairs requiring various 
time periods for servicing have been carefully recorded for the past 3000 hours. 
Probabilities (relative frequencies) of these two sets of events based on past data 
are shown in Tables 22.4 and 22.5, respectively. 

The manager now wishes to evaluate whether the existing repair facility is of 
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TABLE 22.4 DATA ON BREAKDOWNS 


Breakdowns 
per Hour 

Probability 

Cumulative 

Probability 

Interval of Three-Digit 
Random Numbers 

0 

0.900 

0.900 

000-899 

1 

0.090 

0.990 

900-989 

2 

0.008 

0.998 

'990-997 

3 

0.002 

1.000 

998-999 


the optimum size, or whether it actually minimizes both the waiting machine cost 
and the idle time of the service team. We can easily do this by predicting, by 
Monte Carlo simulation, what can be expected in the future. In order to have 
reliable results, it would be best to simulate the next 250 (or even more) break¬ 
downs. However, due to the limitation of manual facility, we shall simulate only 
the first 24 breakdowns as an illustration of the procedure involved. We should, 
of course, bear in mind that our conclusion may be somewhat distorted due to 
the smallness of the simulated sample. 

The first thing we should do is to assign intervals of random numbers to 
machine breakdowns per hour and to numbers of hours required for repairing 
the machines. These intervals are given in the last columns of Table 22.4 and 22.5. 
Observe that in both cases the intervals of random numbers assigned are propor¬ 
tional to probabilities of occurrences of the respective events. 

Simulated data and various summary values are shown in Table 22.6. The 
meanings of the symbols in the columns and the calculations are explained as 
follows: 

Column (1) contains numbers of machine breakdowns, We plan to simulate 
a total of 24 breakdowns. 

Column (2) contains random numbers selected to simulate breakdowns, RNB. 
These numbers are chosen from Table A-XVI. We have started from the first row 
and the first three columns (three-digit numbers). These numbers are used to 
simulate two types of events as given in columns (3) and (4). Note that random 
numbers in the interval 000-899 are ignored since they indicate 0 breakdown. 

Column (3) contains simulated occurrence time of breakdowns, O t . Each figure 
here corresponds to the position of RNB in Table A-XYI. For example, the first 
RNB 977 is in the second row (or the second place) in Table A-XVI, and thus we 
say that the first breakdown occurs at the second hour. Similarly, the second RNB 


TABLE 22.5 DATA ON TIME REQUIRED FOR REPAIR 


Hours of 
Repair 

Probability 

Cumulative 

Probability 

Interval of Three-Digit 
Random Numbers 

1 

0.251 

0.251 

000-250 

2 

0.375 

0.626 

251-625 

3 

0.213 

0.839 

626-838 

4 

0.124 

0.963 

839-962 

5 

0.037 

1.000 

963-999 
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994 is in the 18th place in the table, and we say that the second breakdown occurs 
at the 18th hour. And so on. 

Column (4) gives the randomly selected breakdowns per hour, Ah. These values 
are simulated by RNB in (2) with reference to Table 22.4. For instance, the first 
random number in (2) is 977, and from Table 22.4 we find that this number cor¬ 
responds to one breakdown since 977 falls in the interval 900-989. 

The first 24 breakdowns have thus been simulated as shown in columns (1) 
through (4). It is interesting to note that the total number of hours simulated is 
207—206 extractions of random numbers in (2), and that the number of 2 break¬ 
downs per hour occurs four times in total of 24 even though it has a probability of 
only 0.008 to happen. Also, we note that there is not a single occurrence of 3 break¬ 
downs per hour although this is quite possible. Such distortions can obviously be 
corrected to a great extent by the use of larger samples. 

Column (5) gives idle machine time, due to waiting, Wi. Each idle machine 
time due to waiting is obtained by taking the difference between the ending time 
of the repair of the previous breakdown, (10) and the current time that a 

breakdown occurs, 0*, in (3); that is, Wi = — 0*. 

Column (6) comprises three-digit random numbers which are employed to 
simulate repair time, RNR. These numbers are selected by starting from the first 
row and the eighth column in Table A-XVI. 

Column (7) consists of randomly selected repair time, Ri. These values are 
determined by RNR in (6) with reference to Table 22.5. For instance, the first 
RNR 386 in (6) refers to a 2-hour repair time in Table 22.5. 

Column (8) presents the repair team’s idle time, A, and A = Oi — iC_i. 

Column (9) shows starting time of repair, Si. The Si is either 0* or E i} depending 
on whichever is smaller. 

Column (10) contains ending time of repair, Ei. It is the sum of starting time 
of repair and randomly selected repair time; that is, Ei = Si + Ri. 

Column (11) gives total idle machine time for repairing, Ti, which is simply the 
sum of Wi and Ri. 

To summarize the relationships among 0 ? , E i} Wi , A, and Si, we may note three 
different cases: 

(a) If < Oi, then Si = Oi. In this case, Wi = OandA = O t - — Ak_i. 

(b) If Ei-! > O h then Si = E^. In this case, Wi = E t _ ± - Oi and A = 0. 

(c) If Ei _i = Oi, then Si = JA-i. In this case, Wi — A = 0 and Ei = Si + Ri. 

These three cases are identified by heavy vertical bars on the left side of Table 

22 . 6 . 

From simulated data and quantities already computed in Table 22.6, we can 
now determine various mean values of interest. They are 

(1) Average repair time: 


R = 


Total repair time 


n 


Total number of breakdowns 
(2) Average idle machine time due to waiting: 

Total waiting time 'LWi 


W = 


Total number of breakdowns 


57 

24 


33 

24 


2.375 hours 


= 1.375 hours 
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(3) Total average idle machine time: 


T = 


VTi 


S + U-." 

24 


2.375 + 1.375 = 3.750 hours 


(4) Average idle time of the repair team, 
breakdowns: 


or average ivaiting time between 


1 


VI i 154 

— = — = 6.417 hours 


All the preceding average values may be interpreted as mean values per break- 
down viewed from different angles. 

Our calculations reveal that the average idle time of the repairing team is 
almost twice as large as the total average idle machine time. Do these results indi¬ 
cate that the service capacity is too large for the demand for service? To answer 
is question, we must compare the cost of the wasted time for machines and that 
, the wasted time of the repair team. Now, suppose we assume that the cost of 
lost production due to idle machines is estimated at $25 per hour, and that the 
repair team consists of 5 repairmen, each being paid an hourly wage rate of $8 • 
then we would have ’ 

(1) Pure repair cost = 2^(25 + 5(8)) = 57(65) = $3705.00 

(2) Inefficiency cost due to 

a. Cost of idle machine time = 2TF<(25) = (33) (25) = $825.00 

b. Cost of repair team idle time = 2T(40) = 154(40) = $6160.00 

These calculations may be considered as expected future expenses. Since the 

cost of waste time of the repairmen for a 207-hour simulation is extremely high 
compared to the cost of waste time of the machines, the manager should probably 
reduce the number of the repairmen on the service team in order to reduce the 
idle time of the repair team. The reader must be reminded again that this decision 
is based on 24 simulated breakdowns. In practice, as we mentioned earlier 
computation for problems of this kind should perhaps be based on 250 or more 
rea {downs. With the use of high-speed computers, such large samples can be 
simulated and summary values computed in less than 10 minutes! 


22.11 


Concluding 

Remarks 


f ,, . We have in this chapter presented some 

of the essential aspects of the queuing theory. This theory has the objective of 
ndrng optimum solutions to waiting-line problems. The analysis of queues has 
as its focus the utilization parameter. The proportion of time that service facilities 
remain completely idle decreases as the utilization factor increases. The average 
waiting time of arrivals increases sharply as the arrival rate approaches the total 
capacity of the service facility. The mean length of the waiting line increases 
sharply, too, as the utilization factor approaches unity. 
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We often find that more repairmen, or more expensive equipment for repa , 
are actually cheaper in the long run in terms of total service and waiting costs. 
These observations lead us to see economies of large-scale production m ti 
operation. In this respect, it is also easy to see why waiting lines and capacity re¬ 
quirements can be favorably affected by centralization of certain service opera¬ 
tions—such as filing, reporting, stenographic services, and many functions in 
selling and manufacturing. This is so because, if the efficiency of each 
station remains the same after centralization, we would have a single queue m 
c“,” w«itins line tee** ,™ ,U«o» ,« betee, wb.eh ebonld m,U. 

imDrovements in service possible. Why? 

P As to the comparative merits of analytical and Monte Carlo solutions t 
waiting-line problems, we note that the use of the former requires theoretical 
models whose strict assumptions must be approximately met e 
The Monte Carlo method for simulating risk has the advantage of flexib >, 
it can be applied to theoretical distributions, as well as to empirical distributio _ , 
which may not satisfy the properties of any theoretica model. ly-Jffi^’tical 
Monte Carlo technique is capable of solving many problems or w ic a 
have not A been developed. or te 

tions are far too involved. Above all, it is a powerful tool available to research 

workers who are not mathematicians. t , 

We must realize, however, that with Monte Carlo simulation we have the same 
problems of statistical variations and experimental design as with leal-life -an 
pling or direct experimentation. Frequently, very large samples arc “ d 

simulation must continue for a long time to reach stable conditions, The efoie, 
when a mathematical model is realistic and can be manipulated with simple algebra 
to obtain the optimum solution, it possesses a definite advantage over Monte Carlo 

simulation.^^ 0 ^, ^ ^ ^ ^ ^ whiJe both Ration and (greet^experi- 

mentation are subject to sampling error, the former is more destrjj ^ 

latter on many accounts. With direct experimentation, we must hold the same 
conditions, a thing quite difficult to achieve, in repeated sampling;„ 
mav also disrupt actual operations and be very expensive. Monte Carlo simulation 
however can be conducted continuously “on paper” with little cost. It permits us, 
therefore, to evaluate many alternatives which we could not attempt to do in rea - 
life experimentation. 


Glossary of Formulas 


r- x- non +hmiiah (77 7\ govern the single service-station queuing model. For these 

sss «" <—*b«.. - »-«“«»— 

the Poisson and exponential probability laws, respectively. 

(22.1) V = - This is the definition of the utilization parameter. It is also called the traffic 

intensity or utilization factor. Here, X is the mean number of arrivals per unit of li ™’'V* 
the mean number servicings per unit of time. The U measures ^Proportion ° f time that 
service station is kept busy or the probability that a random arrival has to wa . 
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(22.4) E(n) = 


IX — \ 


This expression is the definition of the mean number of customers i 


-in 

the system at any instant. It includes both those customers in the queue and those in service. 

X 2 

(22 - 5) E(L) = This is the expected length of the waiting line. The reader should 

note the relationship between E(n) and E(L). 


(22.6) E(W) = 


A 

1(!X - X) This defines the avera s e waiting time of a customer in the queue 
Note that E(W) = (\/n)E(T). What does it mean? 

(22.7) E(T) - —— This gives the average time a customer spends in the system. Again, 
the reader should observe the relationship between E(W) and E(T). What is it? 


(22.8) D 


100F(1 ~ F)( 1 - R)U 

+ FRii^Jj) This equation gives the percentage reduction in the 


(22 ' 9) Vi ~ jfc The utilization Parameter of k parallel service stations is so defined It is 

be7o"s pl^ "hme 'T* ° f ^ * is ™ a " num- 

station. ’ " ' S the mean number of servicings per unit of time per 


(22.10) P 


•A(p 


(22.11) P 


W 


th , at there are » cust ° mers - ^ c2 2 .io> is 

tortheprobabliitrS^ 


(22.12) Po = 


FYiAYl . L 1 AY/ \i 


Being the probability that there is no 
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customer in the system, P. also stands for the probability that all the * service stations are idle. 

The probability that a customer arriving at random in a 


(22.13) P„ = 


(fc - l)l(fcM - X) 


.yvf* * v 

arrivals from k up to n. 

_ X M(X/At) fc p y h j s expression gives the mean length of the queue. 

( 22 . 14 ) E{L) - __ l)Uka __ x) 2 

Since E(L) excludes those customers in service, it is equal to [X/(^ - X)]P*, Can you explain 
why verbally? 

(22.15) E(n) = - + E(L) This defines the mean number of customers in the system. You 
may wish to explain in your own way the relationship between E(n) and E(L). 

m(Vm)‘ d 

(22.16) E(W) -^T 

given by this equation. Observe the differences among the expressions forE(L), P„,and E(W). 

How are they related to each other? 

(22 17) E(T) = - + E(W ) The average time a customer or element spends in the system 

i. HofinBd here. Give a verbal statement of the relationship between E(W) and E(T). 


The average waiting time of an arrival in the queue is 


Problems 


22.1 Do you recall how the exponential dis¬ 
tribution is related to the Poisson distribution? 

22.2 Why do we require that the mean arrival 
rate must be less than the mean service rate 
per unit of time in queuing problems? 

22.3 Under what condition or conditions is a 
queuing problem considered as multichannel? 

22.4 In the single service-station queuing 
model it is required that X < m- Discuss why, 
and in what form, this requirement is present 
in the multiple service-station model. 

22.5 What are the queue disciplines men¬ 
tioned in the text? Indicate situations in which 
each of these disciplines is appropriate. 

22.6 What do we mean by Monte Carlo 
simulation? What are two basic things required 
for simulation? 

22.7 What are the comparative merits or 
demerits of analytical and Monte Carlo solu¬ 
tions to queuing problems? 

22.8 In what do we say that simulated sam¬ 
pling is superior to direct experimentation? 


22.9 The mean arrival rate of customers at a 
repair shop is 20 per hour, and the shop has a 
mean service rate of 40 per hour. 

a. What is the utilization factor of this system? 

b. What is the probability of forming a waiting 
line of length n in this system, for n = 0, 1, 2, 

3, and 4? 

c. What is the average number of customers 
in the system at any instance? 

d. What is the mean time between arrivals? 

e. What is the mean service time per servicing? 

22.10 The mean arrival rate of machine break¬ 
downs in a factory is 80 per week, and the 
factory's service station can repair 120 ma¬ 
chines per week. For this system, 

a. What is the proportion of time that the 
service station remains idle? 

b. What is the probability that there are n 
down machines in the queue, for n = 0,1, 2, 
3, and 4? 

c. What is the expected number of broken- 
down machines in the system? 

d. What is the mean waiting time of an arrival? 

e. What is the average time a broken-down 
machine spends in the system? 
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22.11 Arrivals at an information desk that has 
one information clerk are considered to be 
Poisson, with an average time of 10 minutes 
between one arrival and the next. The time 
that customers spend in seeking information 
of one kind or another is assumed to be ex¬ 
ponential, with a mean of 3 minutes. 

a. What is the probability that a person arriving 
at the desk will have to wait? 

b. What is the average number of elements in 
the system? 

c. The manager of the organization will hire a 
second clerk if convinced that an arrival would 
expect to have to wait at least 3 minutes for 
receiving information. By how much must the 
flow of arrivals be increased in order to justify 
a second clerk? 

22.12 The owner of a gas station expects a 
customer every 5 minutes. Services takes, on 
the average, 4 minutes. 

a. What are the mean arrival rate and mean 
service time, respectively? 

b. What is the probability that a customer will 
not have to wait? 

c. What is the probability that there will be a 
waiting line? 

d. The owner would hire an additional attend- 
ant if he found that a customer had to wait for 
2 minutes or longer before being serviced. 
Would the current arrival rate justify such an 
addition? 

22.13 In a manufacturing firm, machines 
break down at a rate of 0.8 per hour, and the 
nonproductive cost of each machine waiting 
to be repaired and being repaired is estimated 
at $25 per hour. There are two repairing teams 
available to the firm. Team A asks for $25 per 
hour and guarantees that it can easily repair 
1.5 machines per hour. Team B asks for $20 
per hour and informs the firm that it can fix 
1 machine per hour. Given that the service 
(time) rates of the two teams are reliable 
which team should the firm employ? 

22.14 In the preceding problem, if Team A 
asks for $30 per hour and Team B asks for 
$15 per hour, which team should be employed? 

22.15 A clothing factory has a large number of 
identical machines; the mean breakdown rate 
is 1 per hour and the cost of idle time is $10 
per hour. The manager of this firm is consider¬ 
ing two organizations, X and Y, for the job of 
providing maintenance of his machines. Orga¬ 
nization X is known to have a repairing rate 


of 2 machines per hour and a charge of $20 
per hour; Organization Y is known to have 
a repairing rate of 1.5 machines per hour and a 
oharge of $12 per hour. Which organization 
should be given the contract? 

22.16 Arrivals at a watch repair shop occur 
at a rate of 10 per 8-hour day, and the watch 
repairman has mean service time of 30 minutes 
per repair. If he repairs watches in the order 
of arrivals, what is the repairman’s expected 
idle time per day? How many watches are 
ahead of the average number of watches just 
arrived? 

22.17 Assuming the rule of “quickest return 
to operation, first" and assuming R = 0.3, 
calculate the percentage reduction in the 
average waiting time as a function of F and U 
as indicated by the following table: 


0.7 0.85 0.99 


0.1 3 

0.2 ? 

0.3 10 

0.4 ? 

0.5 7 

0.6 
0.7 
0.8 
0.9 


22.18 Comment on D in relation to F and U 
as revealed by calculations in the preceding 
problem. 

22.19 The arrival rate at a repair shop is 180 
per day. The shop has three service stations, 
each having a service rate of 100 per day. 

a. What is the probability that the repair shop 
is empty of customers? 

b. What is the probability that an arrival must 
wait? 

c. What is the probability that two stations are 
idle? one station is idle? 

d. What is the average proportion of time any 
station is idle? 

e. What is the average waiting time of arrivals? 
f - What is the average length of waiting line? 
22.20 There are four officials on the main 
floor of a bank to receive customers who may 
inquire about financial operations and other 
matters. The average arrival is 60 persons in 
a 6-hour service day. Each station, that is, 


7 

7 

? 

14 

7 

7 

7 

7 

7 

7 
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official, spends an irregular amount of time in 
serving customers, with an average service 
time of 20 minutes. Customers are served in 
order of their arrivals. The manager responsi¬ 
ble for this service function wishes answers to 
these questions: 

a. How many hours, for each 30-hour service 
week, does an official spend in performing his 
job? 

b. What is the average time a customer is 

kept in the system? . . 

c. What is the probability that an official is 

waiting for a customer? 

d. What is the expected number of idle offi¬ 
cials at any instant? 

22.21 Suppose that, in the preceding problem, 
each official is paid $5 an hour, and the 
manager believes that the goodwill and busi¬ 
ness lost because customers have to wait for 
service is worth at least 25 cents per minute. 

In view of these cost data, should the number 
of officials be reduced to three or increased to 
five? 

22.22 A bank has two tellers during slack 
periods. One handles demand deposit ac¬ 
counts and the other takes care of savings 
accounts. The service rate of each teller is 25 
customers per hour. The arrival rate at the 
demand deposit window is 20 per hour, while 
that at the savings window is only 15 per hour. 
What are the average waiting times for the 
two kinds of customers? Suppose that each 
teller handles both types of customers while 
the service rates remain as before; what effect 
could be expected on the average waiting time 
of customers? What would be the effect if the 
integraton can be achieved only by reducing 
each teller's mean service rate to 22 per hour. 

22.23 In the children's clothing department 
of a department store, there are one sales¬ 
clerk, one wrapper, and one cashier. The 
salesclerk serves a customer in an average of 
1.5 minutes. The wrapper takes 1 minute to 
wrap, on the average. The mean time of the 
cashier to receive payment is 0.5 minute. 
Customers arrive at a rate of 30 per hour. 

a. What is the mean number of customers 
being served by the three clerks? 

b. What is the mean number of customers in 
the waiting line of the whole system? 

c. What is the total number of customers in 
the whole system, including those waiting and 
those being serviced? 

d. What is the probability of having 3 cus¬ 


tomers waiting to be served by the salesclerk, 

2 customers waiting for the wrapper, and 1 
customer waiting for the cashier, at any 
instant? 

22.24 Consider the preceding problem again. 

a. What is total average time a customer 
spends in the complete system? 

b. What would be the effects on the average 
lengths of waiting lines and average waiting 
times if each of the three clerks were to per¬ 
form all the three functions of serving, wrap¬ 
ping, and receiving payments (i) under the 
assumption that the average total time for 
servicing, wrapping, and receiving payment 
is 3 minutes? (ii) under the assumption that 
the total average time for servicing has in¬ 
creased to 3.5 minutes? 

22.25 Write down the numbers 0, 1, • • • » 8, 
and 9 on ten identical physical objects and 
put them in an urn. Generate a series of 50 
four-digit random numbers. 

22.26 Calculate relative frequencies and 
cumulative relative frequencies for the follow¬ 


ing data: 



No. of months in 

Class on monthly 

which corresponding 

orders in 100-month 

quantity of orders 

period 

has been received 

000-199 

10 

200-399 

21 

400-599 

32 

600-799 

15 

800-999 

10 

1000-1199 

8 

1200-1399 

4 


loo 


--- 


22.27 Simulate a possible distribution of 
orders for the next 20 months for data in 
Problem 22.26 with random numbers generated 
in Problem 22.25. 

22.28 Simulate production data and quantity 
moved for 15 days with data in Tables 22.1 and 
22.2, assuming that 11 trucks are used. Also 
calculate the daily averages of quantities un¬ 
moved and idle truck capacities. 

22.29 Use the random-number generator in 
Problem 22.25 to simulate 14 more breakdowns 
for the illustration in Section 22.10. Combine 
your simulated data with those in Table 22.6. 
Do the computations again, as in the illustra¬ 
tion, with the combined data. 
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A 


The 

Summation 

Sign 


A.i _ 

Single. finable. and 
Triple Summation 
_ Signs _ 

The Greek capital letter sigma, 2, is a 
shorthand notation for designating a sum. For instance, the sum 


2l T &2 T ' ‘ ' d ~ Xn 


may be conveniently written with the single summation sign as 


n 



i — 1 


which is read as “the summation of from i = 1 to ? = n.” Here, i is called te 
index of summation and is a variable ranging over the integers 1, 2, • • • , n. The 
symbol i = 1 below the 2 sign indicates that 1 is the initial value taken on by t, 
and the n above the 2 sign indicates the terminal value of i. The symbol is 
called the summand; it is a function of i which takes on values x u x 2l ' ' ’ > *»> 
respectively, as i takes on values 1, 2, • • • , n. The sign 2 says that the values 

taken by the summand are to be added. 

The symbol used for the index of summation is sometimes callpd a dummy 
index for the reason that it is completely arbitrary. For example, 


X\ T #2 "f" ■ * ’ T 




x k = ■ * * 


Another arbitrariness of the summation index is that the initial value of the index 
can be altered in a compensating way so that the net sum remains unchanged. 

Namely, 


1. 


n — 1 


1 = 1 % = o 


Xi -\-1 


n + 1 



i = 2 


2 . 


25-2 

n = 0 n = l 


O - 1)! 



(n + 1)! 
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As illustrations, we see that 


i = 1 + 2 + 3 = 6 


* 2 = l 2 + 2 2 + 3 2 = 14 


yi-i+±+i 

Lf 2 i 2 ° 2 1 ^ 2 2 


2 - 

i = 1 

2 - 




^6 + X 7 + X 8 + Xi 


and from the last two examples, we can readily appreciate that 

Xl + x 2 + • • • + z 9 = ^ Xi + y x < = y Xi 

i=l t = 6 t = i 

Before proceeding any further, we may point out that if the range of summi 
tmn ls completely clear by the context, the index of summation can be onXI 

Thus, we can use 2* to replace J, *, Similarly, z x * - ( 2 *). can be used in plaC0 

i=i i =i 

tableaus 6 " VariabIe the SUmmand ’ are arran ^ ed as a tw^-way 
table, that.is, when there are cj groups, each of which contains % individual values 

isregTrdedasa 6 7““ ° f ^ gr ° Ups by a d ° uMe summ ^on sign, which 

egarded as a single summation on one subscript followed by a single summation 

on a second summation. Namely, we can evaluate a double summation “ on 
by applying the single summation twice, as follows: nation notation 


c m j 

2 2 Xij = 2 ( Xij ++ • • • + x» 

3 = 1 i = 1 «• - i 


(*11 + Xu + ■ • • + Xn,l) 

+ (Xu + x 22 + • • • + Xtli j + 
+ Ole + X 2c + ■ ■ • + XncC ) 
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The above double summation is interpreted as: “Take a particular group c 
and sum the values over all the n, different observations in that group, having 
done this for each of the c groups, sum the results over all the groups, 

Consider now the case of the triple summation sign, the largest such symbo 
used If the values of a variable X are arranged in a table which consists of r rows, 
c columns, and rc cells, where each individual value belongs to one and only one 
row one and only one column, and one and only one cell in the table, then the ith 
observation in the jkth cell is denoted as x<*. Also, we denote the number of 
observations in cell jfc as n jk . The notation of the sum of the observations in such 

a table is symbolized as 


112 , 

j = 1 k = 1 % = 1 


Xij]c 


which states: “Take a particular cell, jk, and sum all the individual values in that 

cell; then, still in column j. sum the results of doing this’’ A1Ittie 
the rows; finally, sum the results for each column,? over all the columns. A little 
reflection will reveal that this is simply the sum of all the individual va ues in 

the table. 


A.2 


Theorems 
of Summation 


THEOREM I 

If a is some constant value over the n different observations i, then 

n 

2 - 


na 


i — i 


since 


it 


na 


n terms 

Extending this rule to double and triple summations? we have 

c n/ e 

X X a = Z ^ a 


and 


j = 1 i = 1 3 = 1 


c r njk 


i 2 i a={nik)a 

k=l i=l fe=l 
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THEOREM II 

Given the value a, which is a constant over all individual values which enter into 
the summation, then 

n n 

^ axi = a y Xi 

. 1=1 1=1 
since 

n 

2 aXi = aXl ax ' 2 H - ' * * + ax n 

l‘ = l 

= a(x i + x 2 + • • • x n ) 

n 

= a ^ Xi 
1 = 1 

This rule can also be applied to several sums; namely, 
and so forth. 


THEOREM III 


If the only operation to be carried out before a sum is taken is itself a sum (or 
difference), then the summation may be distributed; that is, 

X (*< + Vi ~ «.') = ^ Xi + ^ y ( - ^ 2j 

. 1 i i i 

since 


^ (?i + Vi Zi) - ( x i + yi — Zi) + (x 2 + y 2 — z 2 ) 

i 

+ •■•+(*„ + y n - z n ) 

= (xi + + • • • + Xn ) + ( 2/1 + y% + • • • + Vn ) 

— («1 + 22 + ■ • ■ + Z„) 

= X ^ + 2 yi ~ 2 Zi 

» i i 

. Th ® orem 111 a vef y handy tool for algebraic manipulations on summation 
signs. For example, 

^ ^ fa} ~ a ) 2 = ^ ^ fe/ ~ + a 2 ) 

J 1 i » i » 

= X Z ^ ~ 2a Z Z 0/2 ^ 




THE SUMMATION SIGN 743 


THEOREM IV 


If some operation is to be carried out on the individual values of * before the 
this is indicated by mathematical punctuation, or symbols having 
ZC 3 X S Sel the summation notation is included with,n this 
punctuation P the summation is to be made after the other operation. For instance, 


whereas 

Also, 

whereas 


2 (x ) 2 = 2 (£l 2 + x 2 + * ' ' + x n 2 ) 
(zx ) 2 = (xi + % 2 + *' ■ + Xn y 

2 Vxi = Vxi + Vx 2 + • • • + V: 


\Zxx = Vxi + x 2 + * * * + a» 

This rule is especially important where multiple summation signs are involved. 


For example, 


X Q»’ = l <*'' + « 


+ 


X n j) ‘ 


THEOREM V 

If both limits on the summation signs are constants, then the order of summation 
may be interchanged; that is, 

b a a b 

i=li=l 

THEOREM VI 

XXiyi = Xiyi + X21I2 + • • * + XnVn) 'ZXi'lji 9^ 2^(27/») 


THEOREM VII 


XSaXiVi = aZlXiVi 


THEOREM VIII 


2(axi + by l ) = aZxi + bZyi 


where a and b are both constants. 


THEOREM IX 
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Problems 


Let 


n l 

t.i = ^ x n be sum of sample values drawn from population 1; 

nz 

t.i = 2 x a be sum of sample values drawn from population 2- 

i } 

nj 

0 = £ *0 be sum of sample values drawn from populations; 


X.1 

- 1. i/»i, x. 2 = t. 2 /m, x.i = t.j/n„ and x. . = t. ./Zn< = 

Prove that 

T Tlj 

L 2 2 ( Xi > ~ s -i> = 0 

and 

y=it=i 


2 . 2 

j = i i = i 77 N 

answers : 



i. Zl^-^-11,,,-12*., 

but 

J * />' A 2^ 

^ J t 



Therefore, 

J 1 i i i 


X ^ ~ = 0 

y » 

2. 

Z X ^ ~ = ^ ^ ^' 2 ~ 2:g - + L - 2 ) 

3 1 y * 


~ Z Z ~ Z Z 2 ^- ^ y z- 

but 

3 1 y » j i 


2 2 2x ■ ^= 2 z. -22 Xii = 2< y •/ Ar ) < - • = 2 (t. }/n) 

and 

3 1 y i 


22 x -- = Nx -? = N{t. ./NY = t. }/N 

3 i 
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Therefore, 




t. 2 t. 2 
“ 2 'N + N 


t. 2 
N 




B 


Suggestions 

for 

Further 

Reading 


, . . This book is an introduction to hn^nPQQ 

text “m d5sc atlBtie t S ; Tl if the reader haS fully mastered the contents in this 
in twn 1 d S ° 0Ve J tllat the more advanced statistical methods he might find 

"" **“ - --W 

-issasr * •*—<■*<—» 

hnnt he -n rS i g T P °, f b °° kS recommen ded is at the introductory level These 

presenu x Tht^ ^ to ‘“PP^t ^ in 2 

p esent text This group may be divided into two categories: (1) general textbooks 

and (2) textbooks in economic and business statistics. 

General Textbooks 

*t£ts^srsii R ' « h -• **= 

c 1:^Zt s ;^zs. * w ^ vo rt : 


746 
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Croxton, Frederick E., and Dudley J. Cowden. Applied General Statistics, 2d ed. 

Englewood Cliffs, N.J.: Prentice-Hall, Inc., 1967. 

Freund, John E. Modern Elementary Statistics. Englewood Cliffs, N.J.: Prentice- 

Hall, Inc., 1952. - 'p>‘ v j- 

Griffin, John I. Statistics: Methods and Applications. New York: Holt, Rinehart 

and Winston, Inc., 1962. 

Guenther W. C. Concepts of Statistical Inference. New York: McGraw-Hill Book 


Company, Inc., 1965. 

McMarthy, Philip J. Introduction to Statistical Reasoning. New York: McGraw- 
Hill Book Company, Inc., 1957. 

Rosander, A. C. Elementary Principles of Statistics. Princeton, N.J.: D. Van 
Nostrand Company, Inc., 1951. 

Yamane, Toro. Statistics: An Introductory Analysis, 2d ed. New York: Harper & 
Row, Publishers, 1967. 

Snedecor, G. W. Statistical Methods, 5th ed. Ames, Iowa: Collegiate Press, Inc., 

Tippett, L. H. C. Statistics. New York: Oxford University Press, 1953. 

Walker,' Helen M., and Joseph Lev. Elementary Statistical Methods. New York: 

Holt, Rinehart and Winston, Inc., 1958. 

Wallis, W. Allen, and Harry Y. Roberts. Statistics: A New Approach. New York: 

The Free Press, 1956. 

Yule, G. Udny, and M. G. Kendall. An Introduction to the Theory of Statistics, 
14th ed. London: Charles Griffin & Co., Ltd., 1950. 


Textbooks in Economic and Business Statistics 

Allen R G D. Statistics for Economists. London: Hutchinson & Co,, Ltd., 1949. 
Bryant, Edward C. Statistical Analysis, 2d ed. New York: McGraw-Hill Book 
Company, Inc., 1966. 

Croxton, F. E., and D. J. Cowden. Practical Business Statistics, 3d ed. Englewood 
Cliffs, N.J.: Prentice-Hall, Inc., 1960. 

Davis, George R., and Dale Yoder. Business Statistics. New York: John Wiley & 

Sons, Inc., 1950. . , 

Freund, J. E., and F. J. Williams. Elementary Business Statistics: The Modern 

Approach. Englewood Cliffs, N.J.: Prentice-Hall, Inc., 1964. 

Kurnow, E., G. J. Glasser, and F. R. Ottman. Statistics for Business Decisions. 

Homewood, Ill.: Richard D. Irwin, Inc., 1959. 

Lewis, Edward E. Methods of Statistical Analysis in Economics and Business . 

Boston: Houghton Mifflin Company, 1953. 

Mills, Frederick C. Statistical Methods, 3d ed. New York: Holt, Rinehart and 
Winston, Inc., 1955. 

Neiswanger, William A. Elementary Statistical Methods, 3d ed. New York: Ihe 
Macmillan Company, 1960. 

Neter, John, and William Wassermann. Fundamental Statistics for Business and 
Economics, 3d ed. Boston: Allyn and Bacon, 1966. 
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Pa 9 d f n ^ D M na!< l W ;’ ^ E ’ F ' Lindc l uist - Statistics for Economics and Business, 
2d ed. New York: McGraw-Hill Book Company, Inc., 1956. 

Stockton, John R. Business Statistics, 2d ed. Cincinnati: South-Western Publish- 
mg Co., 1962. 

A few standard reference books on statistics are useful to keep at hand. 

Arkin, Herbert, and Raymond R. Colton. Tables for Statisticians. New York • 
Barnes & Noble, Inc., 1950. 

Bunngton, Rl chard S., and D. C. May. Handbook of Probability and Statistics. 
New York: McGraw-Hill Book Company, Inc., 1953. 

Cox, E. B. Basic Tables in Business and Economics. New York: McGraw-Hill 
Book Company, Inc., 1966. 

Hauser Philip M„ and William R. Leonard. Government Statistics for Business Use 
2d ed. New York: John Wiley & Sons, Inc., 1956. 

Kendall, M. G., and W. R. Buckland. A Dictionary of Statistical Terms. New 
York: Hafner Publishing Co., 1957. 

Writings in statistics at the intermediate level are essentially concerned with 
special topics. References that follow are grouped for convenience; in some 
instances a reference pertains to several topics but is shown only once under a 
part division. 

SURVEY techniques, and data flow These references discuss methods of data 
collection, organization of the collection procedure, and methods of processing 
and presenting data, with particular stress on studies of human population. 

Blankenship Albert B. Consumer and Opinion Research: The Questionnaire 
lechnique. New York: Harper & Row, Publishers, 1943. 

Goode, W., and P. Hatt. Methods in Social Research. New York: McGraw-Hill 
Book Company, Inc., 1952. 

Jenkinson Bruce L. Bureau of the Census Manual of Tabular Presentation. 
Washington, D.C.: Government Printing Office, 1949. 

Modley, Rudolph. How to Use Pictorial Statistics. New York: Harper & Row 
Publishers, 1937. ? 

Myers John H. Statistical Presentation. Patterson, N.J.: Littlefield, Adams & Co 
1956. ? 

Parten, Mildred B. Surveys, Polls and Samples. New York: Harper & Row 
Publishers, 1950. 


INDUCTIVE statistics For most of the references in this group, in addition to a 

knowledge of basic statistical methods, some acquaintance with beginning calculus 
is assumed. 

Cochran, William G. Sampling Techniques. New York: John Wiley & Sons, Inc., 
iyoo* 

Deming, William E. Some Theory of Sampling. New York: John Wiley & Sons 
Inc., 1950. ‘ ? 
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Deming, William E. Sample Design in business Research. New York: John Wiley 
& Sons, Inc., 1960. 

Hansen, Morris H., William N. Hurwitz, and William G. Madow. Sample Survey 
Methods and Theory. New York: John Wiley & Sons, Inc., Vol. I, 1953. 

Jastram, Roy W. Elements of Statistical Inference. Berkeley: California Book Co., 
Ltd., 1947. 

Vanee, Lawrence L., and John Neter . Statistical Sampling for Auditors and 
Accountants. New York: John Wiley & Sons, Inc., 1956. 

Walker, Helen M., and Joseph Lev. Statistical Inference. New York: Holt, 
Rinehart and Winston, Inc., 1953. 

Weiss, Lionel. Statistical Decision Theory. New York: McGraw-Hill Book Com- 
pany, Inc., 1961. 

Yates, Frank. Sampling Methods for Censuses and Surveys. New York: Hafner 
Publishing Co., 1953. 


quality control Clear discussion on the construction of control charts and 
their use can be found in the following. 

A.S.T.M. Manual on Quality Control Materials. Philadelphia: American Society 
for Testing and Materials, 1951. 

American Standard, Z1.3—1958, Control Chart Method for Controlling Quality 
during Production. New York: American Standards Association, Inc., 1958. 
Cowden, Dudley J. Statistical Methods in Quality Control. New York: McGraw- 
Hill Book Company, Inc., 1957. 

Duncan, Acheson J. Quality Control and Industrial Statistics. Homewood, Ill.: 
Richard D. Irwin, Inc., 1959. 

Feigenbaum, A. V. Quality Control—Principles, Practice, and Administration. 

New York: McGraw-Hill Book Company, Inc., 1951. 

Grant, Eugene L. Statistical Quality Control. New York: McGraw-Hill Book Com¬ 
pany, Inc., 1952. 

Shewhart, W. A. Economic Control of Quality of Manufactured Product. Princeton, 
N.J.: D. Van Nostrand Company, Inc., 1931. 

Association Analysis 


Anderson, T. W. Introduction to Multivariate Statistical Analysis. New York: 
John Wiley and Sons, Inc., 1958. 

Deming, William E. Statistical Adjustment of Data. New York: John Wiley & 
Sons, Inc., 1941. 

Ezekiel, Mordecai. Methods of Correlation Analysis. New York: John Wiley & 
Sons, Inc., 1941. 

Ferber, Robert. Statistical Techniques in Market Research. New York: McGraw- 
Hill Book Company, Inc., 1949. 

Schultz, Henry. The Theory and Measurement of Demand. Chicago: The University 
of Chicago Press, 1938. 
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Operation's Research 


Brabb, George. Introduction to Quantitative Management . New York: Holt, 
Rinehart and Winston, Inc. 1968. 

Churchman, C. West, and others. Introduction to Operations Research. New York: 
John Wiley & Sons, 1957. 

Goetz, Billy E. Quantitative Methods. New York: McGraw-Hill Book Co., 1965. 
Horowitz, Ira. An Introduction to Quantitative Business Analysis. New York: 
McGraw-Hill, 1965. 

Sasieni, Maurice, and others. Operations Research. New York: John Wiley & Sons 
1964. 

Index Numbers 

Fisher, Irving. The Making of Index Numbers. Boston: Houghton Mifflin Com¬ 
pany, 1927. 

Joint Economic Committee, 87th Congress, 1st Session. Government Price Statis¬ 
tics: Hearings before the Subcommittee on Economic Statistics. Washington, D.C.: 
Government Printing Office, 1961. 

Mitchell, Wesley C. The Making and Using of Index Numbers. Washington, D.C.: 
Government Printing Office, 1938. 

Mudgett, Bruce D. Index Numbers. New York: John Wiley & Sons, Inc., 1951. 
Persons, Warren M. The Construction of Index Numbers. Boston: Houghton 
Mifflin Company, 1928. 

Time Series Analysis and Forecasting 

Abramson, Adolph G., and Russell H. Mack (Eds.). Business Forecasting in 
Practice; Principles and Cases. New York: John Wiley & Sons, Inc., 1956. 
Burns, Arthur F. Production Trends in the United States Since 1870. New York: 

National Bureau of Economic Research, 1934. 

Burns, Arthur F., and Wesley C. Mitchell. Measuring Business Cycles. New York: 

National Bureau of Economic Research, 1946. 

Kuznets, Simon. Seasonal Variations in Industry and Trade. New York: National 
Bureau of Economic Research, 1933. 

National Bureau of Economic Research, Conference on Research in Income and 
Wealth. Short-Term Economic Forecasting (Studies in Income and Wealth). 
Princeton, N.J.: Princeton University Press, Vol. XVII, 1955. 

National Bureau of Economic Research, Conference on Research in Income and 
Wealth. Long-Range Economic Projections (Studies in Income and Wealth). 
Princeton, N.J.: Princeton University Press, Vol. XVI, 1954. 

Newbury, Frank D. Business Forecasting: Principles and Practices. New York: 
McGraw-Hill Book Company, Inc., 1952. 

Snyder, Richard M. Measuring Business Changes. New York: John Wiley & Sons, 
Inc., 1955. 



SUGGESTIONS FOR FURTHER READING 751 


Spencer Milton H„ Colin G. Clark, and Peter W. Hoguet. Bustness and Economic 
Forecasting. Homewood, Ill.: Richard D. Irwin, Inc., 1961. 

Wolfe, Henry Dean. Business Forecasting Methods. New York: Holt, Rinehart and 

Winston, Inc., 1966. 

probability and mathematical statistics Although studies of more advanced 
theorems of probability and mathematical theory of statistics usua ly require a 
considerable ^amount of higher mathematics, references on *he» given 

below pre-suppose beginning calculus with only one exception. Seven of these 
references—Cramer, Feller, Fry, Goldberg, Kolmogorov, Parzen, and Munro 
deal primarily with probability theory and only secondarily with statistics Of 
these Cramir Goldberg, and Munroe are designed for beginning students of 
probability. Feller’s is a definitive treatment for probability theory in the discrete 
else Frv Ts a pioneering work on applications of probability to engineering prob¬ 
lems Kolmogorov is concerned with the postulational or axiomatic approach t 
‘ “t.Mly and i, . standard fat in thi. area. I. «, however ext,am.ly compact 
and the entire book is suitable only for the advanced student 

Books by Alexander, Brunk, Fraser, Hoel, and Hogg and Craig are introduc¬ 
tions to mathematical statistics. Both Cramer and Wilks are thorough 
mathematical statistics and basic references for the reader who wl ^es to pursue 
the subiect Mood demands more mathematical background than elementa y 
ih, .indent .held hod hi. per.i.i.ncc nnd tfort £ 

Cramer includes, in the first section of his book, a comprehensive survey of the 
mathematical tools necessary for the pursuit of advanced^mattemataoal statoUcs, 
which includes set theory, measure theory, Lebesgue integration, matrix theory, 
and a variety of special integrals and formulas. . . , 

Dixon and Massey is an elementary textbook on statisticaltables 
exceptionally broad in its coverage and comprehensive for its collection of tables. 

Alexander, Howard Wi Elements of Mathematical Statistics. New York: John 

Wiley & Sons, Inc., 1961. j midc NT T ■ 

Brunk, H. D. An Introduction to Mathematical Statistics. Englewood Clifts, N.J.. 

Cramer, 1 ^Mathematical Methods of Statistics. Princeton, N.J.: Princeton Um- 

CrIm6r, y iH r rl S e Elements of Probability Theory and Some of Its Applications. New 

York: John Wiley & Sons, Inc., 1955. . . 9rl . Npw 

Dixon, W. J., and F. J. Massey. Introduction to Statistical Analysis, 2d ed. He 

York: McGraw-Hill Book Company, Inc., 1957. , , N 

Feller, W. An Introduction to Probability Theory and Its Applications, 2d ed. New 
York- John Wiley & Sons, Inc., 1957. 

Fraser, D. A. S. Statistics: An Introduction. New York: John Wiley & Sons, nc., 

Fry 9 T.' C. Probability and Its Engineering Uses. Princeton, N.J.: D. Van Nostrand 

Goldberg, 11 ^! Probability: An Introduction. Englewood Cliffs, N.J.: Prentice-Hall, 
Inc., 1960. 
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HO &So P n S G In^ r i £f° n Mathematical 2d ed. New York: John Wiley 

H Tt MalmUkt Comp C anv g 1959 0rfWC ^ *° Mathematical New York: 

K ?ZS t%% WdaHmiS 0/ the <* New York: Chelsea 

Mack, S. F. Elementary Statistics. New York: Holt, Rinehart and Winston, Inc., 

The ° rV 0/ “ CS ' Y ° rk: McGraw-HUl 

M I U nc r ! e i 9 S E ' The ° ry ° f Pr0haUlU y- New York: McGraw-Hill Book Company, 

The ° ry ** * New York: 

Wilks, S. S. Mathematical Statistics. Princeton, N.J.: Princeton University Press, 

Interpretation 


p f ublic ’ stress the inter - 

and can be read with profit by all students of statistics miSUSeS StatiSti ° S 

H Inc. D r954 1 ' H ° W t0 Ue Wm StaHsHCS ' NeW Y ° rk: W ‘ W ' Norton & Company, 
Winson Horace C. Chance, Luck, and Statistics, 2d ed New York- D„, 
ChanceT™’ ^ ^ Under the title The S ^e of 




c 

Statistical Tables 


TABLE A-l* SQUARES AND SQUARE ROOTS 


F 

h 2 

wm 

ms 

ifm 

1.0000 

1.00000 

3.16228 

1.01 

1.02 

1.03 

1.04 

1.05 

1.06 

1.07 

1.08 

1.09 

1.0201 

1.0404 

1.0609 

1.0816 

1.1025 

1.1236 

1.1449 

1.1664 

1.1881 

1.00499 

1.00995 

1.01489 

1.01980 

1.02470 

1.02956 

1.03441 

1.03923 

1.04403 

3.17805 

3.19374 

3.20936 

3.22490 

3.24037 

3.25576 

3.27109 

3.28634 

3.30151 

1.10 

1.2100 

1.04881 

3.31662 

1.11 

1.12 

1.13 

1.14 

1.15 

1.16 

1.17 

1.18 
1.19 

1.2321 

1.2544 

1.2769 

1.2996 

1.3225 

1.3456 

1.3689 

1.3924 

1.4161 

1.05357 

1.05830 

1.06301 

1.06771 

1.07238 

1.07703 

1.08167 

1.08628 

1.09087 

3.33167 

3.34664 

3.36155 

3.37639 

3.39116 

3.40588 

3.42053 

3.43511 

3.44964 

1.20 

1.4400 

1.09545 

3.46410 

1.21 

1.22 

1.23 

1.24 

1.25 

1.26 

1.27 

1.28 
1.29 

1.4641 

1.4884 

1.5129 

1.5376 

1.5625 

1.5876 

1.6129 

1.6384 

1.6641 

1.10000 

1.10454 

1.10905 

1.11355 

1.11803 

1.12250 

1.12694 

1.13137 

1.13578 

3.47851 

3.49285 

3.50714 

3.52136 

3.53553 

3.54965 

3.56371 

3.57771 

3.59166 

1.30 

1.6900 

1.14018 

3.60555 

1.31 

1.32 

1.33 

1.34 

1.35 

1.36 

1.37 

1.38 

1.39 

1.7161 

1.7424 

1.7689 

1.7956 

1.8225 

1.8496 

1.8769 

1.9044 

1.9321 

1.14455 

1.14891 

1.15326 

1.15758 

1.16190 

1.16619 

1.17047 

1.17473 

1.17898 

3.61939 

3.63318 

3.64692 

3.66060 

3.67423 

3.68782 

3.70135 

3.71484 

3.72827 

1.40 

1.9600 

1.18322 

3.74166 

1.41 

1.42 

1.43 

1.44 

1.45 

1.46 

1.47 

1.48 

1.49 

1.9881 

2.0164 

2.0449 

2.0736 

2.1025 

2.1316 

2.1609 

2.1904 

2.2201 

1.18743 

1.19164 

1.19583 

1.20000 

1.20416 

1.20830 

1.21244 

1.21655 

1.22066 

3.75500 

3.76829 

3.78153 

3.79473 

3.80789 

3.82099 

3.83406 

3.84708 

3.86005 


tL 


n 

n 2 



1.50 

2.2500 

1.22474 

3.87298 

1.51 

1.52 

1.53 

1.54 

1.55 

1.56 

1.57 

1.58 

1.59 

2.2801 

2.3104 

2.3409 

2.3716 

2.4025 

2.4336 

2.4649 

2.4964 

2.5281 

1.22882 

1.23288 

1.23693 

1.24097 

1.24499 

1.24900 

1.25300 

1.25698 

1.26095 

3.88587 

3.89872 

3.91152 

3.92428 

3.93700 

3.94968 

3.96232 

3.97492 

3.98748 

1.60 

2.5600 

1.26491 

4.00000 

1.61 

1.62 

1.63 

1.64 

1.65 

1.66 

1.67 

1.68 
1.69 

2.5921 

2.6244 

2.6569 

2.6896 

2.7225 

2.7556 

2.7889 

2.8224 

2.8561 

1.26886 

1.27279 

1.27671 

1.28062 

1.28452 

1.28841 

1.29228 

1.29615 

1.30000 

4.01248 

4.02492 

4.03733 

4.04969 

4.06202 

4.07431 

4.08656 

4.09878 

4.11096 

1.70 

2.8900 

1.30384 

4.12311 

1.71 

1.72 

1.73 

1.74 

1.75 

1.76 

1.77 

1.78 

1.79 

2.9241 

2.9584 

2.9929 

3.0276 

3.0625 

3.0976 

3.1329 

3.1684 

3.2041 

1.30767 

1.31149 

1.31529 

1.31909 

1.32288 

1.32665 

1.33041 

1.33417 

1.33791 

4.13521 

4.14729 

4.15933 

4.17133 

4.18330 

4.19524 

4.20714 

4.21900 

4.23084 

1.80 

3.2400 

1.34164 

4.24264 

1.81 

1.82 

1.83 

1.84 

1.85 

1.86 

1.87 

1.88 
1.89 

3.2761 

3.3124 

3.3489 

3.3856 

3.4225 

3.4596 

3.4969 

3.5344 

3.5721 

1.34536 

1.34907 

1.35277 

1.35647 

1.36015 

1.36382 

1.36748 

1.37113 

1.37477 

4.25441 

4.26615 

4.27785 

4.28952 

4.30116 

4.31277 

4.32435 

4.33590 

4.34741 

1.90 

3.6100 

1.37840 

4.35890 

1.91 

1.92 

1.93 

1.94 

1.95 

1.96 

1.97 

1.98 

1.99 

3.6481 
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3.7249 

3.7636 

3.8025 

3.8416 

3.8809 

3.9204 

3.9601 

1.38203 

1.38564 

1.38924 

1.39284 

1.39642 

1.40000 

1.40357 

1.40712 

1.41067 

4.37035 

4.38178 

4.39318 

4.40454 

4.41588 

4.42719 

4.43847 

4.44972 

4.46094 


* Reprinted with permission of The Macmillan Company from Macmillan Selected Mathematics Tables 
Hedrick. Copyright <£) 1936 by The Macmillan Company, renewed by Dorothy H. McWilliams, Clvde L 
and Elisabeth B. Miller. 
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APPENDIX C 


TABLE A-l SQUARES AND SQUARE ROOTS (Continued) 


n 

n 2 

y/rt 

vTOn 

2.00 

4.0000 

1.41421 

4.47214 

2.01 

2.02 

2.03 

2.04 

2.05 

2.06 

2.07 

2.08 

2.09 

4.0401 

4.0804 

4.1209 

4.1616 

4.2025 

4.2436 

4.2849 

4.3264 

4.3681 

1.41774 

1.42127 

1.42478 

1.42829 

1.43178 

1.43527 

1.43875 

1.44222 

1.44568 

4.48330 

4.49444 

4.50555 

4.51664 

4.52769 

4.53872 

4.54973 

4.56070 

4.57165 

2.10 

4.4100 

1.44914 

4.58258 

2.11 

2.12 

2.13 

2.14 

2.15 

2.16 

2.17 

2.18 
2.19 

4.4521 

4.4944 

4.5369 

4.5796 

4.6225 

4.6656 

4.7089 

4.7524 

4.7961 

1.45258 

1.45602 

1.45945 

1.46287 

1.46629 

1.46969 

1.47309 

1.4764 S 

1.47986 

4.59347 

4.60435 

4.61519 

4.62601 

4.63681 

4.64758 

4.65833 

4.66905 

4.67974 

2.20 

4.8400 

1.48324 

4.69042 

2.21 

2.22 

2.23 

2.24 

2.25 

2.26 

2.27 

2.28 
2.29 

4.8841 

4.9284 

4.9729 

5.0176 

5.0625 

5.1076 

5.1529 

5.1984 

5.2441 

1.48661 

1.48997 

1.49332 

1.49666 

1.50000 

1.50333 

1.50665 

1.50997 

1.51327 

4.70106 

4.71169 

4.72229 

4.73286 

4.74342 

4.75395 

4.76445 

4.77493 

4.78539 

2.30 

5.2900 

1.51658 

4.79583 

2.31 

2.32 

2.33 

2.34 

2.35 

2.36 

2.37 

2.38 

2.39 

5.3361 

5.3824 

5.4289 

5.4756 

5.5225 

5.5696 

5.6169 

5.6644 

5.7121 

1.51987 

1.52315 

1.52643 

1.52971 

1.53297 

1.53623 

1.53948 

1.54272 

1.54596 

4.80625 

4.81664 

4.82701 

4.83735 

4.84768 

4.85798 

4.86826 

4.87852 

4.88876 

2.40 

5.7600 

1.54919 
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2.41 

2.42 

2.43 

2.44 

2.45 

2.46 

2.47 

2.48 

2.49 

5.8081 

5.8564 

5.9049 

5.9536 

6.0025 

6.0516 

6.1009 

6.1504 

6.2001 

1.55242 

1.55563 

1.55885 

1.56205 

1.56525 

1.56844 

1.57162 

1.57480 

1.57797 

4.90918 

4.91935 

4.92950 

4.93964 

4.94975 

4.95984 

4.96991 

4.97996 

4.98999 


n 

n 2 

y/n 

VIo^ 

2.50 

6.2500 

1.58114 

5.00000 

2.51 

2.52 

2.53 

2.54 

2.55 

2.56 

2.57 

2.58 

2.59 

6.3001 

6.3504 

6.4009 

6.4516 

6.5025 

6.5536 

6.6049 

6.6564 

6.7081 

1.58430 

1.58745 

1.59060 

1.59374 

1.59687 

1.60000 

1.60312 

1.60624 

1.60935 

5.00999 

5.01996 

5.02991 

5.03984 

5.04975 

5.05964 

5.06952 

5.07937 

5.08920 

2.60 

6.7600 

1.61245 

5.09902 

2.61 

2.62 

2.63 

2.64 

2.65 

2.66 

2.67 

2.68 
2.69 

6.8121 

6.8644 

6.9169 

6.9696 

7.0225 

7.0756 

7.1289 

7.1824 

7.2361 

1.61555 

1.61864 

1.62173 

1.62481 

1.62788 

1.63095 

1.63401 

1.63707 

1.64012 

5.10882 

5.11859 

5.12835 

5.13809 

5.14782 

5.15752 

5.16720 

5.17687 

5.18652 

2.70 

7.2900 

1.64317 

5.19615 

2.71 

2.72 

2.73 

2.74 

2.75 

2.76 

2.77 

2.78 

2.79 

7.3441 

7.3984 

7.4529 

7.5076 

7.5625 

7.6176 

7.6729 

7.7284 

7.7841 

1.64621 

1.64924 

1.65227 

1.65529 

1.65831 

1.66132 

1.66433 

1.66733 

1.67033 

5.20577 

5.21536 

5.22494 

5.23450 

5.24404 

5.25357 

5.26308 

5.27257 

5.28205 

2.80 

7.8400 

1.67332 

5.29150 

2.81 

2.82 

2.83 

2.84 

2.85 

2.86 

2.87 

2.88 
2.89 

7.8961 

7.9524 

8.0089 

8.0656 

8.1225 

8.1796 

8.2369 

8.2944 

8.3521 

1.67631 

1.67929 

1.68226 

1.68523 

1.68819 

1.69115 

1.69411 

1.69706 

1.70000 

5.30094 

5.31037 

5.31977 

5.32917 

5.33854 

5.34790 

5.35724 

5.36656 

5.37587 

2.90 

2.91 

2.92 

2.93 

2.94 

2.95 

2.96 

2.97 

2.98 

2.99 

8.4100 

8.4681 

8.5264 

8.5849 

8.6436 

8.7025 

8.7616 

8.8209 

8.8804 

8.9401 

1.70294 

5.38516 

1.70587 

1.70880 

1.71172 

1.71464 

1.71756 

1.72047 

1.72337 

1.72627 

1.72916 

5.39444 

5.40370 

5.41295 

5.42218 

5.43139 

5.44059 

5.44977 

5.45894 

5.46809 
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TABLE A-i SQUARES AND SQUARE ROOTS (Continued) 


n 

n 2 

\/n 

VlOra 

3.00 

9.0000 

1.73205 

5.47723 

3.01 

3.02 

3.03 

3.04 

3.05 

3.06 

3.07 

3.08 

3.09 

9.0601 

9.1204 

9.1809 

9.2416 

9.3025 

9.3636 

9.4249 

9.4864 

9.5481 

1.73494 

1.73781 

1.74069 

1.74356 

1.74642 

1.74929 

1.75214 

1.75499 

1.75784 

5.48635 

5.49545 

5.50454 

5.51362 

5.52268 

5.53173 

5.54076 

5.54977 

5.55878 

3.10 

9.6100 

1.76068 

5.56776 

3.11 

3.12 

3.13 

3.14 

3.15 

3.16 

3.17 

3.18 

3.19 

9.6721 

9.7344 

9.7969 

9.8596 

9.9225 

9.9856 

10.0489 

10.1124 

10.1761 

1.76352 

1.76635 

1.76918 

1.77200 

1.77482 

1.77764 

1.78045 

1.78326 

1.78606 

5.57674 

5.58570 

5.59464 

5.60357 

5.61249 

5.62139 

5.63028 

5.63915 

5.64801 

3.20 

10.2400 

1.78885 

5.65685 

3.21 

3.22 

3.23 

3.24 

3.25 

3.26 

3.27 

3.28 

3.29 

10.3041 

10.3684 

10.4329 

10.4976 

10.5625 

10.6276 

10.6929 

10.7584 

10.8241 

1.79165 

1.79444 

1.79722 

1.80000 

1.80278 

1.80555 

1.80831 

1.81108 

1.81384 

5.66569 

5.67450 

5.68331 

5.69210 

5.70088 

5.70964 

5.71839 

5.72713 

5.73585 

3.30 

10.8900 

1.81659 

5.74456 

3.31 

3.32 

3.33 

3.34 

3.35 

3.36 

3.37 

3.38 

3.39 

3.40 

10.9561 

11.0224 

11.0889 

11.1556 

11.2225 

11.2896 

11.3569 

11.4244 

11.4921 

1.81934 

1.82209 

1.82483 

1.82757 

1.83030 

1.83303 

1.83576 

1.83848 

1.84120 

5.75326 

5.76194 

5.77062 

5.77927 

5.78792 

5.79655 

5.80517 

5.81378 

5.82237 

11.5600 

1.84391 

5.83095 

3.41 

3.42 

3.43 

3.44 

3.45 

3.46 

3.47 

3.48 

3.49 

11.6281 

11.6964 

11.7649 

11.8336 

11.9025 

11.9716 

12.0409 

12.1104 

12.1801 

1.84662 

1.84932 

1.85203 

1.85472 

1.85742 

1.86011 

1.86279 

1.86548 

1.86815 

5.83952 

5.84808 

5.85662 

5.86515 

5.87367 

5.88218 

5.89067 

5.89915 

5.90762 


n 

n 2 

■\/n 

\/ l 0 n 

3.50 

12.2500 

1.87083 

5.91608 

3.51 

3.52 

3.53 

3.54 

3.55 

3.56 

3.57 

3.58 

3.59 

12.3201 

12.3904 

12.4609 

12.5316 

12.6025 

12.6736 

12.7449 

12.8164 

12.8881 

1.87350 

1.87617 

1.87883 

1.88149 

1.88414 

1.88680 

1.88944 

1.89209 

1.89473 

5.92453 

5.93296 

5.94138 

5.94979 

5.95819 

5.96657 

5.97495 

5.98331 

5.99166 

3.60 

12.9600 

1.89737 

6.00000 

3.61 

3.62 

3.63 

3.64 

3.65 

3.66 

3.67 

3.68 

3.69 

13.0321 

13.1044 

13.1769 

13.2496 

13.3225 

13.3956 

13.4689 

13.5424 

13.6161 

1.90000 

1.90263 

1.90526 

1.90788 

1.91050 

1.91311 

1.91572 

1.91833 

1.92094 

6.00833 

6.01664 

6.02495 

6.03324 

6.04152 

6.04979 

6.05805 

6.06630 

6.07454 

3.70 

13.6900 

1.92354 

6.08276 

3.71 

3.72 

3.73 

3.74 

3.75 

3.76 

3.77 

3.78 

3.79 

13.7641 

13.8384 

13.9129 

13.9876 

14.0625 

14.1376 

14.2129 

14.2884 

14.3641 

1.92614 

1.92873 

1.93132 

1.93391 

1.93649 

1.93907 

1.94165 

1.94422 

1.94679 

6.09098 

6.09918 

6.10737 

6.11555 

6.12372 

6.13188 

6.14003 

6.14817 

6.15630 

3.80 

14.4400 

1.94936 

6.16441 

3.81 

3.82 

3.83 

3.84 

3.85 

3.86 

3.87 

3.88 

3.89 

14.5161 

14.5924 

14.6689 

14.7456 

14.8225 

14.8996 

14.9769 

15.0544 

15.1321 

1.95192 

1.95448 

1.95704 

1.95959 

1.96214 

1.96469 

1.96723 

1.96977 

1.97231 

6.17252 
6.18061 
6.18870 
6.19677 
6.20484 
; 6.21289 
! 6.22093 
! 6.22896 
6.23699 

3.90 

15.2100 

1.97484 

6.24500 

3.91 

3.92 

3.93 

3.94 

3.95 

3.96 

3.97 

3.98 

3.99 

15.2881 

15.3664 

15.4449 

15.5236 

15.6025 

15.6816 

15.7609 

15.8404 

15.9201 

1.97737 

1.97990 

1.98242 

1.98494 

1.98746 

1.98997 

1.99249 

1.99499 

1.99750 

6.25300 

6.26099 

6.26897 

6.27694 

6.28490 

6.29285 

6.30079 

6.30872 

6.31664 
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APPENDIX C 


TABLE A-l SQUARES AND SQUARE ROOTS (Continued) 


n 

n 2 

•\fn 

\/l0 n 

4.00 

16.0000 

2.00000 

6.32456 

4.01 

4.02 

4.03 

4.04 

4.05 

4.06 

4.07 

4.08 

4.09 

16.0801 

16.1604 

16.2409 

16.3216 

16.4025 

16.4836 

16.5649 

16.6464 

16.7281 

2.00250 

2.00499 

2.00749 

2.00998 

2.01246 

2.01494 

2.01742 

2.01990 

2.02237 

6.33246 

6.34035 

6.34823 

6.35610 

6.36396 

6.37181 

6.37966 

6.38749 

6.39531 

4.10 

16.8100 

2.02485 

6.40312 

4.11 

4.12 

4.13 

4.14 

4.15 

4.16 

4.17 

4.18 

4.19 

16.8921 

16.9744 

17.0569 

17.1396 

17.2225 

17.3056 

17.3889 

17.4724 

17.5561 

2.02731 

2.02978 

2.03224 

2.03470 

2.03715 

2.03961 

2.04206 

2.04450 

2.04695 

6.41093 

6.41872 

6.42651 

6.43428 

6.44205 

6.44981 

6.45755 

6.46529 

6.47302 

4.20 

17.6400 

2.04939 

6.48074 

4.21 

4.22 

4.23 

4.24 

4.25 

4.26 

4.27 

4.28 

4.29 

17.7241 

17.8084 

17.8929 

17.9776 

18.0625 

18.1476 

18.2329 

18.3184 

18.4041 

2.05183 

2.05426 

2.05670 

2.05913 

2.06155 

2.06398 

2.06640 

2.06882 

2.07123 

6.48845 

6.49615 

6.50384 

6.51153 

6.51920 

6.52687 

6.53452 

6.54217 

6.54981 

4.30 

18.4900 

2.07364 

6.55744 

4.31 

4.32 

4.33 

4.34 

4.35 

4.36 

4.37 

4.38 

4.39 

18.5761 

18.6624 

18.7489 

18.8356 

18.9225 

19.0096 

19.0969 

19.1844 

19.2721 

2.07605 

2.07846 

2.08087 

2.08327 

2.08567 

2.08806 

2.09045 

2.09284 

2.09523 

6.56506 

6.57267 

6.58027 

6.58787 

6.59545 

6.60303 

6.61060 

6.61816 

6.62571 

4.40 

19.3600 

2.09762 

6.63325 

4.41 

4.42 

4.43 

4.44 

4.45 

4.46 

4.47 

4.48 

4.49 

19.4481 
19.5364 
19.6249 
19.7136 
19.8025 
19.8916 
19.9809 
20.0704 
20 1601 

2.10000 

2.10238 

2.10476 

2.10713 

2.10950 

2.11187 

2.11424 

2.11660 

2.11896 

6.64078 

6.64831 

6.65582 

6.66333 

6.67083 

6.67832 

6.68581 

6.69328 

6.70075 


n 

n 2 

VS 

VlOre 

4.50 

20.2500 

2.12132 

6.70820 

4.51 

4.52 

4.53 

4.54 

4.55 

4.56 

4.57 

4.58 

4.59 

20.3401 

20.4304 

20.5209 

20.6116 

20.7025 

20.7936 

20.8849 

20.9764 

21.0681 

2.12368 

2.12603 

2.12838 

2.13073 

2.13307 

2.13542 

2.13776 

2.14009 

2.14243 

6.71565 

6.72309 

6.73053 

6.73795 

6.74537 

6.75278 

6.76018 

6.76757 

6.77495 

4.60 

21.1600 

2.14476 

6.78233 

4.61 

4.62 

4.63 

4.64 

4.65 

4.66 

4.67 

4.68 

4.69 

21.2521 

21.3444 

21.4369 

21.5296 

21.6225 

21.7156 

21.8089 

21.9024 

21.9961 

2.14709 

2.14942 

2.15174 

2.15407 

2.15639 

2.15870 

2.16102 

2.16333 

2.16564 

6.78970 

6.79706 

6.80441 

6.81175 

6.81909 

6.82642 

6.83374 

6.84105 

6.84836 

4.70 

22.0900 

2.16795 

6.85565 

4.71 

4.72 

4.73 

4.74 

4.75 

4.76 

4.77 

4.78 

4.79 

22.1841 

22.2784 

22.3729 

22.4676 

22.5625 

22.6576 

22.7529 

22.8484 

22.9441 

2.17025 

2.17256 

2.17486 

2.17715 

2.17945 

2.18174 

2.18403 

2.18632 

2.18861 

6.86294 

6.87023 

6.87750 

6.88477 

6.89202 

6.89928 

6.90652 

6.91375 

6.92098 

4.80 

23.0400 

2.19089 

6.92820 

4.81 

4.82 

4.83 

4.84 

4.85 

4.86 

4.87 

4.88 

4.89 

23.1361 

23.2324 

23.3289 

23.4256 

23.5225 

23.6196 

23.7169 

23.8144 

23.9121 

2.19317 

2.19545 

2.19773 

2.20000 

2.20227 

2.20454 

2.20681 

2.20907 

2.21133 

6.93542 

6.94262 

6.94982 

6.95701 

6.96419 

6.97137 

6.97854 

6.98570 

6.99285 

4.90 

24.0100 

2.21359" 

7.00000 

4.91 

4.92 

4.93 

4.94 

4.95 

4.96 

4.97 

4.98 

4.99 

24.1081 

24.2064 

24.3049 

24.4036 

24.5025 

24.6016 

24.7009 

24.8004 

24.9001 

2.21585 

2.21811 

2.22036 

2.22261 

2.22486 

2.22711 

2.22935 

2.23159 

2.23383 

7.00714 

7.01427 

7.02140 

7.02851 

7.03562 

7.04273 

7.04982 

7.05691 

7.06399 



Ot O* Oi 


statistical tables 


TABLE A-l SQUARES AND SQUARE ROOTS (Continued) 


n 

n 2 

\/n 

\/l0 n 

5.00 

5.01 

5.02 

5.03 

5.04 

5.05 

5.06 

5.07 

5.08 

5.09 

25.0000 

2.23607 

7.07107 

25.1001 

25.2004 

25.3009 

25.4016 

25.5025 

25.6036 

25.7049 

25.8064 

25.9081 

2.23830 

2.24054 

2.24277 

2.24499 

2.24722 

2.24944 

2.25167 

2.25389 

2.25610 

7.07814 

7.08520 

7.09225 

7.09930 

7.10634 

7.11337 

7.12039 

7.12741 

7.13442 

5.10 

26.0100 

2.25832 

7.14143 

5.11 

5.12 

5.13 

5.14 

5.15 

5.16 

5.17 

5.18 

5.19 

26.1121 

26.2144 

26.3169 

26.4196 

26.5225 

26.6256 

26.7289 

26.8324 

26.9361 

2.26053 

2.26274 

2.26495 

2.26716 

2.26936 

2.27156 

2.27376 

2.27596 

2.27816 

7.14843 

7.15542 

7.16240 

7.16938 

7.17635 

7.18331 

7.19027 

7.19722 

7.20417 

5.20 

27.0400 

2.28035 

7.21110 

5.21 

5.22 

5.23 

5.24 

5.25 

5.26 

5.27 

5.28 

5.29 

27.1441 

27.2484 

27.3529 

27.4576 

27.5625 

27.6676 

27.7729 

27.8784 

27.9841 

2.28254 

2.28473 

2.28692 

2.28910 

2.29129 

2.29347 

2.29565 

2.29783 

2.30000 

7.21803 

7.22496 

7.23187 

7.23878 

7.24569 

7.25259 

7.25948 

7.26636 

7.27324 

5.30 

28.0900 

2.30217 

7.28011 

5.31 

5.32 

5.33 

5.34 

5.35 

5.36 

5.37 

5.38 

5.39 

28.1961 

28.3024 

28.4089 

28.5156 

28.6225 

28.7296 

28.8369 

28.9444 

29.0521 

2.30434 

2.30651 

2.30868, 

2.31084 

2.31301 

2.31517 

2.31733 

2.31948 

2.32164 

7.28697 

7.29383 

7.30068 

7.30753 

7.31437 

7.32120 

7.32803 

7.33485 

7.34166 

5.40 

29.1600 

2.32379 

7.34847 

5.41 

5.42 

5.43 

5.44 

5.45 

5.46 

5.47 

5.48 

5.49 

29.2681 

29.3764 

29.4849 

29.5936 

29.7025 

29.8116 

29.9209 

30.0304 

30.1401 

2.32594 

2.32809 

2.33024 

2.33238 

2.33452 

2.33666 

2.33880 

2.34094 

2.34307 

7.35527 

7.36206 

7.36885 

7.37564 

7.38241 

7.38918 

7.39594 

7.40270 

7.40945 


n 

n 2 

\/n 

\/ l 0 n 

5.50 

30.2500 

2.34521 

7.41620 

5.51 

5.52 

5.53 

5.54 

5.55 

5.56 

5.57 

5.58 

5.59 

30.3601 

30.4704 

30.5809 

30.6916 

30.8025 

30.9136 

31.0249 

31.1364 

31.2481 

2.34734 

2.34947 

2.35160 

2.35372 

2.35584 

2.35797 

2.36008 

2.36220 

2.36432 

7.42294 

7.42967 

7.43640 

7.44312 

7.44983 

7.45654 

7.46324 

7.46994 

7.47663 

5.60 

31.3600 

2.36643 

7.48331 

5.61 

5.62 

5.63 

5.64 

5.65 

5.66 

5.67 

5.68 

5.69 

31.4721 

31.5844 

31.6969 

31.8096 

31.9225 

32.0356 

32.1489 

32.2624 

32.3761 

2.36854 

2.37065 

2.37276 

2.37487 

2.37697 

2.37908 

2.38118 

2.38238 

2.38537 

7.48999 

7.49667 

7.50333 

7.50999 

7.51665 

7.52330 

7.52994 

7.53658 

7.54321 

5.70 

32.4900 

2.38747 

7.54983 

5.71 

5.72 

5.73 

5.74 

5.75 

5.76 

5.77 

5.78 

5.79 

32.6041 

32.7184 

32.8329 

32.9476 

33.0625 

33.1776 

33.2929 

33.4084 

33.5241 

2.38956 

2.39165 

2.39374 

2.39583 

2.39792 

2.40000 

2.40208 

2.40416 

2.40624 

7.55645 

7.56307 

7.56968 

7.57628 

7.58288 

7.58947 

7.59605 

7.60263 

7.60920 

5.80 

33.6400 

2.40832 

7.61577 

5.81 

5.82 

5.83 

5.84 

5.85 

5.86 

5.87 

5.88 

5.89 

33.7561 

33.8724 

33.9889 

34.1056 

34.2225 

34.3396 

34.4569 

34.5744 

34.6921 

2.41039 

2.41247 

2.41454 

2.41661 

2.41868 

2.42074 

2.42281 

2.42487 

2.42693 

7.62234 

7.62889 

7.63544 

7.64199 

7.64853 

7.65506 

7.66159 

7.66812 

7.67463 

5.90 

34.8100 

2.42899 

7.68115 

5.91 

5.92 

5.93 

5.94 

5.95 

5.96 

5.97 

5.98 

5.99 

34.9281 

35.0464 

35.1649 

35.2836 

35.4025 

35.5216 

35.6409 

35.7604 

35.8801 

2.43105 

2.43311 

2.43516 

2.43721 

2.43926 

2.44131 

2.44336 

2.44540 

2.44745 

7.68765 

7.69415 

7.70065 

7.70714 

7.71362 

7.72010 

7.72658 

7.73305 

7.73951 
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TABLE A-l SQUARES AND SQUARE ROOTS (Continued) 


rt 

7 t 2 

\/n 

VTOre 

6.00 

36.0000 

2.44949 

7.74597 

6.01 

6.02 

6.03 

6.04 

6.05 

6.06 

6.07 

6.08 

6.09 

36.1201 

36.2404 

36.3609 

36.4816 

36.6025 

36.7236 

36.8449 

36.9664 

37.0881 

2.45153 

2.45357 

2.45561 

2.45764 

2.45967 

2.46171 

2.46374 

2.46577 

2.46779 

7.75242 

7.75887 

7.76531 

7.77174 

7.77817 

7.78460 

7.79102 

7.79744 

7.80385 

6.10 

37.2100 

2.46982 

7.81025 

6.11 

6.12 

6.13 

6.14 

6.15 

6.16 

6.17 

6.18 
6.19 

37.3321 

37.4544 

37.5769 

37.6996 

37.8225 

37.9456 

38.0689 

38.1924 

38.3161 

2.47184 

2.47386 

2.47588 

2.47790 

2.47992 

2.48193 

2.48395 

2.48596 

2.48797 

7.81665 

7.82304 

7.82943 

7.83582 

7.84219 

7.84857 

7.85493 

7.86130 

7.86766 

6.20 

38.4400 

2.48998 

7.87401 

6.21 

6.22 

6.23 

6.24 

6.25 

6.26 

6.27 

6.28 
6.29 

38.5641 
38.6884 
38.8129 
38.9376 
39.0625 
39.1876 
39.3129 
39.4384 

39.5641 

2.49199 

2.49399 

2.49600 

2.49800 

2.50000 

2.50200 

2.50400 

2.50599 

2.50799 

7.88036 

7.88670 

7.89303 

7.89937 

7.90569 

7.91202 

7.91833 

7.92465 

7.93095 

6.30 

39.6900 

2.50998 

7.93725 

6.31 

6.32 

6.33 

6.34 

6.35 

6.36 

6.37 

6.38 

6.39 

39.8161 

39.9424 

40.0689 

40.1956 

40.3225 

40.4496 

40.5769 

40.7044 

40.8321 

2.51197 

2.51396 

2.51595 

2.51794 

2.51992 

2.52190 

2.52389 

2.52587 

2.52784 

7.94355 

7.94984 

7.95613 

7.96241 

7.96869 

7.97496 

7.98123 

7.98749 

7.99375 

6.40 

40.9600 

2.52982 

8.00000 

6.41 

6.42 

6.43 

6.44 

6.45 

6.46 

6.47 

6.48 

6.49 

41.0881 

41.2164 

41.3449 

41.4736 

41.6025 

41.7316 

41.8609 

41.9904 

42.1201 

2.53180 

2.53377 

2.53574 

2.53772 

2.53969 

2.54165 

2.54362 

2.54558 

2.54755 

8.00625 

8.01249 

8.01873 

8.02496 

8.03119 

8.03741 

8.04363 

8.04984 

8.05605 


n 

n 2 

' s/n 

VlOre 

6.50 

42.2500 

2.54951 

8.06226 

6.51 

6.52 

6.53 

6.54 

6.55 

6.56 

6.57 

6.58 

6.59 

42.3801 

42.5104 

42.6409 

42.7716 

42.9025 

43.0336 

43.1649 

43.2964 

43.4281 

2.55147 

2.55343 

2.55539 

2.55734 

2.55930 

2.56125 

2.56320 

2.56515 

2.56710 

8.06846 

8.07465 

8.08084 

8.08703 

8.09321 

8.09938 

8.10555 

8.11172 

8.11788 

6.60 

43.5600 

2.56905 

8.12404 

6.61 

6.62 

6.63 

6.64 

6.65 

6.66 

6.67 

6.68 

6.69 

6.70 

43.6921 

43.8244 

43.9569 

44.0896 

44.2225 

44.3556 

44.4889 

44.6224 

44.7561 

2.57099 

2.57294 

2.57488 

2.57682 

2.57876 

2.58070 

2.58263 

2.58457 

2.58650 

8.13019 

8.13634 

8.14248 

8.14862 

8.15475 

8.16088 

8.16701 

8.17313 

8.17924 

44.8900 

2.58844 

8.18535 

6.71 

6.72 

6.73 

6.74 

6.75 

6.76 

6.77 

6.78 

6.79 

45.0241 

45.1584 

45.2929 

45.4276 

45.5625 

45.6976 

45.8329 

45.9684 

46.1041 

2.59037 

2.59230 

2.59422 

2.59615 

2.59808 

2.60000 

2.60192 

2.60384 

2.60576 

8.19146 

8.19756 

8.20366 

8.20975 

8.21584 

8.22192 

8.22800 

8.23408 

8.24015 

6.80 

46.2400 

2.60768 

8.24621 

6.81 

6.82 

6.83 

6.84 

6.85 

6.86 

6.87 

6.88 
6.89 

46.3761 

46.5124 

46.6489 

46.7856 

46.9225 

47.0596 

47.1969 

47.3344 

47.4721 

2.60960 

2.61151 

2.61343 

2.61534 

2.61725 

2.61916 

2.62107 

2.62298 

2.62488 

8.25227 

8.25833 

8.26438 

8.27043 

8.27647 

8.28251 

8.28855 

8.29458 

8.30060 

6.90 

47.6100 

2.62679 

8.30662 

6.91 

6.92 

6.93 

6.94 

6.95 

6.96 

6.97 

6.98 

6.99 

47.7481 ‘ 

47.8864 

48.0249 

48.1636 

48.3025 

48.4416 

48.5809 

48.7204 

48.8601 

2.62869 

2.63059 

2.63249 

2.63439 

2.63629 

2.63818 

2.64008 

2.64197 

2.64386 

8.31264 

8.31865 

8.32466 

8.33067 

8.33667 

8.34266 

8.34865 

8.35464 

8.36062 
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TABLE A'l SQUARES AND SQUARE ROOTS (Continued) 
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TABLE A-l SQUARES AND SQUARE ROOTS (Continued) 






















































































STATISTICAL TABLES 761 


TABLE A-l SQUARES AND SQUARE ROOTS (Concluded) 


\/I6 n 


81.0000 _ 
81.1801 
81.3604 
81.5409 
81.7216 
81.9025 
82.0836 
82.2649 
82.4464 
82,6281 
82.8100 
82.9921 
83.1744 
83.3569 
83.5396 
83.7225 
83.9056 
84.0889 
84.2724 
84,4561 
84.6400 
84.8241 
85.0084 
85.1929 
85.3776 
85.5625 
85.7476 
85.9329 
86.1184 
86.3041 ! 
86.4900 
86.6761 
86.8624 
87.0489 
87.2356 
87.4225 
87.6096 
87.7969 
87.9844 
88.1721 
88.3600 
‘ 88.5481 
88.7364 
, 88.9249 


3.00000 
3.00167 
3.00333 
3.00500 
3.00666 
3.00832 
3.00998 
3.01164 
3.01330 
3.01496 _ 
3.01662 “ 
3.01828 ' 
3.01993 
3.02159 
3.02324 
3.02490 
3.02655 
3.02820 
3.02985 
3.03150 
3.03315 ' 
3.03480 
3.03645 
3.03809 
3.03974 
3.04138 
3.04302 
3.04467 
3.04631 
3.04795 
3.04959 
3.05123 
3.05287 
3.05450 
3.05614 
3.05778 
3.05941 
3.06105 
3.06268 
3.06431 
> 3.06594 
. 3.06757 
t 3.06920 
) 3.07083 


9.48683 
9.49210 
9.49737 
9.50263 
9.50789 
9.51315 
9.51840 
9.52365 
9.52890 
9.53415 
9.53939 
9.54463 
9.54987 
9.55510 
9.56033 
9.56556 
9.57079 
9.57601 
9.58123 
9.58645 
9.59166 
9.59687 
9.60208 
9.60729 
9.61246 
9.61769 
9.62289 
9.62808 
9.63328 
9.63846 
9.64365 
9.64883 
9.65401 
9.6591! 
9.66437 
9.66954 
9.67471 
9.67988 
, 9.68504 
9.69020 
r 9.69536 
r 9.70052 
) 9.70567 
5 9.71082 



90.2500 3.08221 


90.4401 

90.6304 

90.8209 

91.0116 

91.2025 

91.3936 

91.5849 

91.7764 

91.9681 

92.1600 

92.3521 

92.5444 

92.7369 

92.9296 

93.1225 

93.3156 

93.5089 

93.7024 

93.8961 


94.2841 
94.4784 
94.6729 
94.8676 
95.0625 
95.2576 
95.4529 
! 95.6484 
95.8441 


3.08383 

3.08545 

3.08707 

3.08 S 69 

3.09031 

3.09192 

3.09354 

3.09516 

3.09677 

3.09839 

3.10000 

3.10161 

3.10322 

3.10483 

3.10644 

3.10805 

3.10966 

3.11127 

3.11288 


3.11609 

3.11769 

3.11929 

3.12090 

3.12250 

3.12410 

3.12570 

3.12730 

3.12890 


96.0400 3.13050 


89.3025 3.07409 
89.4916 3.07571 


y.rzm 

9.72625 

9.73139 


89.6809 3.07734 9.73139 
89.8704 3.07896 9.73653 
90.0601 3.08058 9.74166 


96.2361 

96.4324 

96.6289 

96.8256 

97.0225 

97.2196 

97.4169 

97.6144 

97.8121 

98.0100 


98.2081 

98.4064 

98.6049 

98.8036 

99.0025 

99.2016 

99.4009 

99.6004 

99.8001 


3.13209 
3.13369 
3.13528 
3.13688 
3.13847 
3.14006 
3.14166 
3.14325 
j 3.14484 


3.14643 


3.14802 1 
3.14960 
3.15119 
3.15278 
3.15436 
3.15595 
3.15753 
3.15911 
i 3.16070 


9.74679 | 

9.75192 

9.75705 

9.76217 

9.76729 

9.77241 

9.77753 

9,78264 

9.78775 

9.79285 

9.79796 

9.80306 

9.80816 

9.81326 | 

9.81835 

9.82344 

9.82853 

9.83362 

9.83870 

9.84378 


9.85393 
9.85901 
9.86408 
9.86914 
9.87421 
9.87927 
9.88433 
9.88939 
9.89444 
9.89949 
9.90454 
9.90959 
9.91464 
9.91968 
9.92472 
9.92975 
9.93479 
9.93982 
9.94485 
" 9.94987 


! 9.954901 

> 9.95992 

> 9.96494 
5 9,96995 

> 9.97497 
3 9.97998 
3 9.98499 
1 9.98999 
0 9.99500 
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STATISTICAL TABLES 763 


TABLE A-ll COMMON LOGARITHMS (Concluded) 


7404 7412 7419 7427 7435 
7482 7490 7497 7505 7513 
7559 7566 7574 7582 7589 
7634 7642 7649 7657 7664 
7709 7716 7723 7731 7738 

7782 7789 7796 7803 7810 
7853 7860 7868 7875 7882 
7924 7931 7938 7945 7952 
7993 8000 8007 8014 8021 
8062 8069 8075 8082 8089 

8129 8136 8142 8149 8156 
8195 8202 8209 8215 8222 
8261 8267 8274 8280 8287 
8325 8331 8338 8344 8351 
8388 8395 8401 8407 8414 

8451 8457 8463 8470 8476 
8513 8519 8525 8531 8537 
8573 8579 8585 8591 8597 
8633 8639 8645 8651 8657 
8692 8698 8704 8710 8716 

8751 8756 8762 8768 8774 
8808 8814 8820 8825 8831 
8865 8871 8876 8882 8887 
8921 8927 8932 8938 8943 
8976 8982 8987 8993 8998 

9031 9036 9042 9047 9053 
9085 9090 9096 9101 9106 
9138 9143 9149 9154 9159 
9191 9196 9201 9206 9212 
9243 9248 9253 9258 9263 

9294 9299 9304 9309 9315 
9345 9350 9355 9360 9365 
9395 9400 9405 9410 9415 
9445 9450 9455 9460 9465 
9494 9499 9504 9509 9513 

9542 9547 9552 9557 9562 
9590 9595 9600 9605 9609 
9638 9643 9647 9652 9657 
9685 9689 9694 9699 9703 
9731 9736 9741 9745 9750 

9777 9782 9786 9791 9795 
9823 9827 9832 9836 9841 
9868 9872 9877 9881 9886 
9912 9917 9921 9926 9930 
9956 9961 9965 9969 9974 


6 

7 

8 

» 


7451 

7459 

7466 

7474 

7528 

7536 

7543 

7551 

7604 

7612 

7619 

7627 

7679 

7686 

7694 

7701 

7752 

7760 

7767 

7774 

7825 

7832 

7839 

7846 

7896 

7903 

7910 

7917 

7966 

7973 

7980 

7987 

8035 

8041 

8048 

8055 

8102 

8109 

8116 

8122 

8169 

8176 

8182 

8189 

8235 

8241 

8248 

8254 

8299 

8306 

8312 

8319 

8363 

8370 

8376 

8382 

8426 

8432 

8439 

8445 

8488 

8494 

8500 

8506 

8549 

8555 

8561 

8567 

8609 

8615 

8621 

8627 

8669 

8675 

8681 

8686 

8727 

8733 

8739 

8745 

8785 

8791 

8797 

8802 

8842 

8848 

8854 

8859 

8899 

8904 

8910 

8915 

8954 

8960 

8965 

8971 

9009 

9015 

9020 

9025 

9063 

9069 

9074 

9079 

9117 

9122 

9128 

9133 

9170 

9175 

9180 

9186 

9222 

9227 

9232 

9238 

9274 

9279 

9284 

9289 

9325 

9330 

9335 

9340 

9375 

9380 

9385 

9390 

9425 

9430 

9435 

9440 

9474 

9479 

9484 

9489 

9523 

9528 

9533 

9538 

9571 

9576 

9581 

9586 

9619 

9624 

9628 

9633 

9666 

9671 

9675 

9680 

9713 

9717 

9722 

9727 

9759 

9763 

9768 

9773 

9805 

9809 

9814 

9818 

9850 

9854 

9859 

9863 

9894 

9899 

9903 

9908 

9939 

9943 

9948 

9952 

9983 

9987 

9991 

9996 

6 

~ 

”sP 

9 
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TABLE A-lll THE CUMULATIVE BINOMIAL DISTRIBUTION* 


P = .10 


p = .20 


P = .25 


10 


15 


20 


0 

1 

2 

3 

4 

5 

0 

1 

2 

3 

4 

5 

6 

7 

8 
9 

10 

0 

1 

2 

3 

4 

5 

6 

7 

8 
9 

10 

11 

12 

13 

14 

15 

0 

1 

2 

3 

4 

5 

6 

7 

8 
9 

10 

11 

12 

13 


.59049 
.91854 
.99144 
.99954 
.99999 
1 . 00000 

.34868 
.73610 
.92981 
.98720 
.99837 
.99985 
.99999 
1 . 00000 


.20589 
.54904 
.81594 
.94444 
.98728 
.99775 
.99969 
.99997 
1.00000 


.12158 
.39175 
.67693 
.86705 
.95683 
.98875 
.99761 
.99958 
.99994 
.99999 
1 . 00000 


.32768 
.73728 
.94208 
.99328 
.99968 
1 . 00000 

.10737 
.37581 
.67780 
.87913 
.96721 
.09363 
.99914 
.99992 
1.00000 


.03518 
.16713 
.39802 
.64816 
.83577 
.93895 
.98194 
.99576 
.99921 
.99989 
.99999 
1.00000 


.01153 
.06918 
.20608 
.41145 
.62965 
.80421 
.91331 
.96786 
.99002 
.99741 
.99944 
.99990 
.99998 
1.00000 


.23730 
.63281 
.89648 
.98437 
.99902 
1 . 00000 

.05631 
.24403 
.52559 
.77588 
.92187 
.98027 
.99649 
.99958 
.99997 
1.00000 


.01336 
.08018 
.23609 
.46129 
.68649 
.85163 
.94338 
.98270 
.99581 
.99921 
.99988 
.99999 
1.00000 


.00317 
.02431 
.09126 
.22516 
.41484 
.61717 
.78578 
.89819 
.95907 
.98614 
.99606 
.99906 
.99982 
.99997 


P ° isson ' s Bin°miaf Exponential Limit (Princeton, 
pp. 276-280. Courtesy of D. Van Nostrand Company, Inc. 


P = .30 

* 

© 

P = .50 

.16807 

.07776 

.03125 

.52822 

.33696 

.18750 

.83692 

.68256 

.50000 

.96922 

.91296 

.81250 

.99757 

.98976 

.96875 

1 . 00000 

1 . 00000 

1 . 00000 

.02825 

.00605 

.00098 

.14931 

.04636 

.01074 

.38278 

.16729 

.05469 

.64961 

.38228 

.17187 

.84973 

.63310 

.37695 

.95265 

.83376 

.62305 

.98941 

.94524 

.82812 

.99841 

.98771 

.94531 

.99986 

.99832 

.98926 

.99999 

.99990 

.99902 

1 . 00000 

1 . 00000 

1.00000 

.00475 

.00047 

.00003 

.03527 

.00517 

.00049 

.12683 

.02711 

.00369 

.29687 

.09050 

.01758 

.51549 

.21728 

.05923 

.72162 

.40322 

.15088 

. 86886 

.60981 

.30362 

.94999 

.78690 

.50000 

.98476 

.90495 

.69638 

.99635 

.96617 

.84912 

.99933 

.99065 

.94077 

.99991 

.99807 

.98242 

.99999 

.99972 

.99631 

L .00000 

.99997 

.99951 


1.00000 

.99997 

1 . 00000 

.00080 

.00004 

.00000 

.00764 

.00052 

.00002 

.03548 

.00361 

.00020 

.10709 

.01596 

.00129 

.23751 

.05095 

.00591 

.41637 

.12560 

. 02069 

.60801 

.25001 

.05766 

.77227 

.41589 

.13159 

.88667 

.59560 

.25172 

.95204 

.75534 

.41190 

.98286 

.87248 

.58810 

. 99486 

.94347 

.74828 

. 99872 

.97897 

.86841 

. 99974 

.99353 

.94234 


N. J.: D. Van Nostrand Company, Inc., 1949), 
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p = .10 


20 


25 


50 


14 

15 

16 

17 

18 
19 

0 

1 

2 

3 

4 

5 

6 

7 

8 
9 

10 

11 

12 

13 

14 

15 

16 

17 

18 

19 

20 
21 
22 
23 

0 

1 

2 

3 

4 

5 

6 

7 

8 
9 

10 

11 

12 

13 

14 

15 

16 
17 


.07179 
.27121 
.53709 
.76359 
.90201 
.96660 
.99052 
.99774 
.99954 
.99992 
.99999 
1.00000 


.00515 
.03379 
.11173 
.25029 
.43120 
.61612 
.77023 
.87785 
.94213 
.97546 
.99065 
.99678 
.99900 
.99971 
.99993 
.99998 
1.00000 


THE CUMULATIVE BINOMIAL 

DISTRIBUTION 

(Continued) 


P — *20 p — .25 

P - .30 

P = .40 

p = .50 

1.00000 

.99996 

.99839 

.97931 


.99999 

.99968 

.99409 


1.00000 

.99995 

.99871 



.99999 

.99980 



1.00000 

.99998 




1.00000 


.00378 
.02739 
.09823 
.23399 
.42067 
.61669 
.78004 
.89088 
.95323 
.98267 
.99445 
.99846 
.99963 
.99992 
.99999 
1.00000 


.00001 
.00019 
.00129 
.00566 
.01850 
.04803 
.10340 
.19041 
.30733 
.44374 
.58356 
.71067 
.81394 
.88941 
.93928 
.96920 
.98556 
.99374 


.00075 
.00702 
.03211 
.09621 
.21374 
.37828 
.56110 
.72651 
.85056 
.92867 
.97033 
.98027 
.99663 
.99908 
.99979 
.99996 
.99999 
1.00000 


.00013 
.00157 
.00896 
.03324 
.09047 
.19349 
.34065 
.51185 
.67693 
.81056 
.90220 
.95575 
.98253 
.99401 
.99822 
.99955 
.99990 
.99998 


.00000 
.00005 
.00043 
.00237 
.00947 
.02936 
.07357 
.15355 
.27353 
.42462 
.58577 
.73228 
.84623 
.92220 
.96561 
.98683 
.99567 
.99879 


. 00000 
.00000 
.00001 
.00008 
.00046 
.00204 
.00732 
.02164 
.05388 
.11476 
.21218 
.34502 
.50000 
.65498 
.78782 
.88524 
.94612 
.97836 



1.00000 

.99972 

.99268 



.99995 

.99796 



.99999 

.99954 



1.00000 

.99992 




.99999 




1.00000 

.00000 

.00000 



.00001 

.00000 



.00009 

. 00000 



.00050 

.00003 



.00211 

.00017 



.00705 

.00072 

. 00000 


.01939 

.00249 

.00001 


.04526 

.00726 

.00006 


.09160 

.01825 

.00023 


.16368 

.04023 

.00076 

.00000 

.26220 

.07885 

.00220 

.00001 

.38162 

.13904 

.00569 

.00005 

.51099 

.22287 

.01325 

.00015 

.63704 

.32788 

.02799 

.00047 

.74808 

.44683 

.05396 

.00130 

.83692 

.56918 

.09550 

.00330 

.90169 

.68388 

.15609 

.00767 

.94488 

.78219 

.23688 

.01642 
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TABLE A-III THE CUMULATIVE BINOMIAL DISTRIBUTION (Continued) 


p = .20 

p — .25 

p = .30 

p = .40 

.99749 

.97127 

.85944 

.33561 

.99907 

.98608 

.91520 

.44648 

.99968 

.99374 

.95224 

.56103 

.99990 

.99738 

.97491 

.67014 

.99997 

.99898 

.98772 

.76602 

.99999 

.99963 

.99441 

.84383 

1 . 00000 

.99988 

.99763 

.90219 


.99996 

.99907 

.94266 


.99999 

.99966 

.96859 


1.00000 

.99988 
.99996 
.99999 

1 . 00000 

.98397 
.99238 
.99664 
.99863 
.99948 
.99982 
.99994 
.99998 
1.00000 


p = .50 


.03245 
.05946 
.10132 
.16112 
.23994 
.33591 
.44386 
.55614 
.66409 
.76006 
.83888 
.89868 
.94054 
.96755 
.98358 
.99233 
.99670 
.99870 
.99953 
.99985 
.99995 
.99999 
1.00000 


7 

8 

9 

10 

.20605 
.32087 
.45129 
.58316 

.00028 

.00086 

.00233 

.00570 

.00000 
.00001 
.00004 
.00014 

.00000 


11 

.70303 

.01257 

.00039 

.00001 


12 

.80182 

.02533 

.00103 

.00002 


13 

.87612 

.04691 

.00246 

.00006 


14 

.92743 

.08044 

.00542 

.00016 


15 

.96011 

.12851 

.01108 

.00040 


16 

.97940 

.19234 

.02111 

.00097 


17 

.98999 

.27119 

.03763 

.00216 

.00000 

18 

.99542 

.36209 

.06301 

.00452 

19 

.99802 

.46016 

.09953 

.00889 

.00001 

20 

.99919 

.55946 

.14883 

.01646 

.00002 

21 

.99969 

.65403 

.21144 

.02883 

.00004 

22 

.99989 

.73893 

.28637 

.04787 

.00011 

23 

.99996 

.81091 

.37018 

.07553 

.00025 

24 

.99999 

.86865 

.46167 

.11357 

.00056 

25 

1.00000 

.91252 

.55347 

.16313 

.00119 
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TABLE A-H. THE CUMULATE BINOMIAL D.STR.BOT.ON (Concluded, 


26 

27 

28 

29 

30 

31 

32 

33 

34 

35 

36 

37 

38 

39 

40 

41 

42 

43 

44 

45 

46 

47 

48 

49 

50 

51 

52 

53 

54 

55 

56 

57 

58 

59 

60 
61 
62 

63 

64 

65 

66 

67 

68 

69 

70 

71 

72 


.94417 
.96585 
.97998 
.98875 
.99394 
.99687 
.99845 
.99926 
.99966 
.99985 
.99994 
.99998 
.99999 
1.00000 


- .25 

p = .30 

64174 

.22440 

.72238 

.29637 

. 79246 

.37678 

. 85046 

.46234 

.89621 

.54912 

.93065 

.63311 

.95540 

.71072 

.97241 

.77926 

.98357 

.83714 

.99059 

.88392 

.99482 

.92012 

.99725 

.94695 

.99860 

.96602 

.99931 

,97901 

.99968 

.98750 

.99985 

.99283 

.99994 

.99603 

.99997 

.99789 

.99999 

.99891 

1.00000 

.99946 


.99974 
.99988 
.99995 
.99998 
.99999 
1.00000 


00240 
. 00460 
. 00843 
.01478 
. 02478 
.03985 
.06150 
.09125 
.13034 
.17947 
.23861 
.30681 
.38219 
.46208 
.54329 
.62253 
.69674 
.76347 
.82110 
.86891 
.90702 
.93621 
.95770 
.97290 
.98324 
.98999 
.99424 
.99680 
.99829 
.99912 
.99956 
.99979 
.99990 
.99996 
.99998 
.99999 
1.00000 


.00000 
.00001 
.00002 
.00004 
.00009 
.00020 | 
.00044 
.00089 
.00176 
.00332 
.00602 
.01049 
.01760 
.02844 
.04431 
.06661 
.09667 
.13563 
.18410 
.24206 
.30865 
.38218 
.46021 
.53979 
.61782 
.69135 
.79794 
.81590 
.86437 
.90333 
.93339 
.95569 
.97156 
.98240 
.98951 
.99398 
.99668 
.99824 
.99911 ' 
.99956 
.99980 
.99991 
.99996 
.99998 
.99999 
1.00000 
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table a-iv the hypergeometric distribution 


k r or x P( r ) 


p(x) 


10 

10 

10 

10 

10 

10 

10 

10 

10 

10 


10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 


3 

4 
4 
4 
4 

4 

4 

4 

4 

4 

4 

4 

4 

4 

4 

5 
5 
5 
5 
5 


10 3 2 
10 3 2 
10 3 3 
10 3 3 
10 3 3 


3 

1 

1 

2 

2 

2 

3 

3 

3 

3 

4 
4 
4 
4 
4 

1 

1 

2 

2 

2 


1 

2 

0 

1 

2 

3 

0 

1 

0 

1 

2 

0 

1 

2 

3 

0 

1 

2 

3 

4 

0 

1 

0 

1 

2 


0.900000 
1.000000 
0.800000 
1.000000 
0.622222 

0.977778 
1.000000 
0.700000 
1.000000 
0.466667 

0.933333 

1.000000 

0.291667 

0.816667 

0.991667 

1.000000 
0.600000 
1.000000 
0.333333 
0.866667 

1.000000 
0.166667 
0.666667 
0.966667 
1.000000 

0.071429 

0.452381 

0.880952 

0.995238 

1.000000 

0.500000 

1.000000 

0.222222 

0.777778 

1.000000 


0.900000 
0.100000 
0.800000 
0.200000 
0.622222 

0.355556 

0.022222 

0.700000 

0.300000 

0.466667 


N 

10 

10 

10 

10 

10 

10 

10 

10 

10 

10 


k r or x P(r) 


! 0.466667 

10 

> 0.066667 

10 

0.291667 

10 

0.525000 

10 

0.175000 

10 

0.008333 

10 

0.600000 

10 

0.400000 

10 

0.333333 

10 

0.533333 

10 

0.133333 

10 

0.166667 

10 

0.500000 

10 

0.300000 

! 10 

0.033333 

10 

0.071429 

10 

0.380952 

10 

0.428571 

10 

0.114286 

10 

0.004762 

10 

0.500000 

10 

0.500000 

10 

0.222222 

10 

0.555556 

10 

0.222222 

10 


o 

5 

5 

5 

5 

5 

5 

5 

6 
6 
6 
6 
6 

6 

6 

6 

6 

6 


6 

6 

6 

6 

6 

6 

6 

6 

6 


3 
3 
3 

3 

4 

4 
4 
4 

4 

5 

5 

5 

5 

5 

5 

1 

1 

2 

2 

2 

3 

3 

3 

3 

4 

4 

4 

4 

4 

5 

5 
5 
5 

5 

6 


1 

2 

3 

4 

5 

0 

1 

0 

1 

2 

0 

1 

2 

3 

0 

1 

2 

3 

4 
1 

2 

3 

4 

5 
2 


0.083333 
0.500000 
0.916667 
1.000000 
0.023810 

0.261905 
0.738095 
0.976190 
1.000000 
0.003968 

0.103175 
0.500000 
0.896825 
0.996032 
1.000000 

0.400000 
1.000000 
0.133333 
0.666667 
1.000000 

0.033333 
0.333333 
0.833333 
1.000000 
0.004762 

0.119048 
0.547619 
0.928571 
1.000000 
0.023810 

0.261905 
0.738095 
0.976190 
1.000000 
0.071429 


p(x) 

0.083333 
0.416667 
0.416667 
0.083333 
0.023810 

0.238095 

0.476190 

0.238095 

0.023810 

0.003968 


0.099206 
0.396825 
0.396825 
0.099206 
0.003968 

0.400000 

0.600000 

0.133333 

0.533333 

0.333333 

0.033333 

0.300000 

0.500000 

0.166667 

0.004762 

0.114286 
0.428571 
0.380952 
0.071429 
0.023810 

0.238095 

0.476190 

0.238095 

0.023810 

0.071429 


"TMes of , h e Hy P er g e ome ( ,/c 
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TABLE A-IV THE HYPERGEOMETRIC DISTRIBUTION (Concluded) 


JV n k r or x 


10 6 6 3 
10 6 6 4 



P(r) 

p(x) 

N 

n 

0.452381 

0.380952 

10 

8 

0.880952 

0.428571 

10 

8 

0.995238 

0.114286 

10 

8 

1.000000 

0.004762 

10 

8 

0.300000 

0.300000 

10 

8 

1.000000 

0.700000 

10 

8 

0.066667 

0.066667 

10 

8 

0.533333 

0.466667 

10 

8 

1.000000 

0.466667 

10 

8 

0.008333 

0.008333 

10 

8 

0.183333 

0.175000 

10 

8 

0.708333 

0.525000 

10 

8 

1.000000 

0.291667 

10 

8 

0.033333 

0.033333 

10 

8 

0.333333 

0.300000 

10 

8 

0.833333 

0.500000 

10 

8 

1.000000 

0.166667 

10 

8 

0.083333 

0.083333 

10 

9 

0.500000 

0.416667 

10 

9 

0.916667 

0.416667 

10 

9 

1.000000 

0.083333 

10 

9 

0.166667 

0.166667 

10 

9 

0.666667 

0.500000 

10 

9 

0.966667 

0.300000 

10 

9 

1.000000 

0.033333 

10 

9 

0.291667 

0.291667 

10 

9 

0.816667 

0.525000 

10 

9 

0.991667 

0.175000 

10 

9 

1.000000 

0.008333 

10 

9 

0.200000 

0.200000 

10 

9 

1.000000 

0.800000 

10 

9 

0.022222 

0.022222 

10 

9 

0.377778 

0.355556 

10 

9 

1.000000 

0.622222 

; 10 

9 

0.066667 

0.066667 

10 

9 


k r or x P { r ) p ( x ) 

3 2 0.533333 0.466667 

3 3 1.000000 0.466667 

4 2 0.133333 0.133333 

4 3 0.666667 0.533333 

4 4 1.000000 0.333333 

5 3 0.222222 0.222222 

5 4 0.777778 0.555556 

5 5 1.000000 0.222222 

6 4 0.333333 0.333333 

6 5 0.866667 0.533333 

6 6 1.000000 0.133333 

7 5 0.466667 0.466667 

7 6 0.933333 0.466667 

7 7 1.000000 0.066667 

8 6 0.622222 0.622222 

8 7 0.977778 0.355556 

8 8 1.000000 0.022222 
1 0 0.100000 0.100000 

1 1 1.000000 0.900000 

2 1 0.200000 0.200000 

2 2 1.000000 0.800000 

3 2 0.300000 0.300000 

3 3 1.000000 0.700000 

4 3 0.400000 0.400000 

4 4 1.000000 0.600000 | 

5 4 0.500000 0.500000 

5 5 1.000000 0.500000 

6 5 0.600000 0.600000 

6 6 1.000000 0.400000 

7 6 0.700000 0.700000 

7 7 1.000000 0.300000 

8 7 0.800000 0.800000 

8 8 1.000000 0,200000 
9 8 0.900000 0.900000 

9 9 1.000000 0.100000 
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TABLE A-V THE CUMULATIVE POISSON DISTRIBUTION 


A = .1 

M = .2 

.90484 

.81873 

.99532 

.98248 

.99985 

.99885 

1.00000 

.99994 
1.00000 

A = .6 

A = .7 

.54881 

.49658 

.87810 

.84419 

.97688 

.96586 

. 99664 

.99425 

.99961 

.99921 

.99996 

.99991 

1.00000 

.99999 
1.00000 

A = 2 

A = 3 

.13534 

.04979 

.40601 

.19915 

.67668 

.42319 

.85712 

.64723 

.94735 

.81526 

.98344 

.91608 

.99547 

.96649 

.99890 

.98810 

.99976 

.99620 

.99995 

.99890 

.99999 

.99971 

1.00000 

.99993 
.99998 

1.00000 


.74082 
.96306 
.99640 
.99973 
.99998 
1.00000 


.44933 
.80879 
.95258 
. 99092 
. 99859 
. 99982 
. 99998 
. 00000 


.01832 
.09158 
.23810 
. 43347 
.62884 
.78513 
.88933 
.94887 
.97864 
.99187 
.99716 
.99908 
.99973 
.99992 
.99998 
1.00000 


.67302 
.93845 
.99207 
.99922 
.99994 


.00674 
.04043 
.12465 
.26503 
.44049 
.61596 
.76218 
.86663 


.60653 
.90980 
.98561 
.99825 
.99983 


1 . 00000 

.99999 


1.00000 

A = .9 

A = 1.0 

.40657 

.36788 

.77248 

.73576 

.93714 

.91970 

.98654 

.98101 

.99766 

. 99634 

.99966 

.99941 

.99996 

.99992 

1 . 00000 

.99999 | 
1.00000 


.00248 
.01735 
.06197 
.15120 
.28506 
.44568 
.60630 
.74398 


.93191 

.84724 

.96817 

.91608 

.98630 

.95738 

.99455 

.97991 

.99798 

.99117 

.99930 

.99637 

.99977 

.99860 

.99993 

.99949 

.99998 

.99982 

1.00000 

.99994 


.99998 


1.00000 


Pa,,. ,„c. ^ 




STATISTICAL TABLES 771 


TABLE A-V THE CUMULATIVE POISSON DISTRIBUTION (Concluded) 


.00091 
.00730 
.02964 
.08176 
.17299 
.30071 
.44971 
,59871 
.72909 
.83050 
.90148 
.94665 
.97300 
.98719 
.99428 
.99759 
.99904 
.99964 
.99987 
.99996 
.99999 
1.00000 


.00033 
.00302 
.01375 
.04238 
.09963 
.19124 
.31337 
.45296 
.59255 
.71662 
.81589 
.88808 
.93620 
.96582 
.98274 
.99177 
.99628 
.99841 
.99935 
.99975 
.99991 
.99997 
.99999 
1.00000 


.00012 
.00123 
.00623 
.02123 
.05496 
.11569 
.20678 
.32390 
.45565 
.58741 
.70599 
.80301 
.87577 
.92615 
.95853 
.97796 
.98889 
.99468 
.99757 
.99894 
.99956 
.99982 
.99993 
.99998 
.99999 
1.00000 


00004 
00050 
.00277 
.01034 
. 02925 
. 06709 
.13014 
.22022 
.33282 
.45793 
.58304 
.69678 
.79156 
.86446 
.91654 
.95126 
.97296 
.98572 
.99281 
.99655 I 
.99841 
.99930 
.99970 
.99988 
.99995 
,99998 
.99999 
1.00000 
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TABLE A-VII VALUES OF THE STANDARD NORMAL DISTRIBUTION FUNCTION 



2.9 

2.8 

2.7 

2.6 

2.5 

2.4 

2.3 

• 2.2 

• 2.1 

- 2.0 

- 1.9 

- 1.8 

- 1.7 


0013 .0010 


0007 . 0005 ' .0003 .0002 .0002 .0001 .0001 .0000 


0019 

0026 

,0035 

.0047 

.0062 

.0082 

.0107 

.0139 

.0179 

.0228 

.0287 

.0359 

.0446 


.0018 

.0025 

.0034 

.0045 

.0060 

.0080 

.0104 

.0136 

.0174 

.0222 

.0281 

.0352 

.0436 


- 1.6 

.0548 

.0537 

- 1.5 

.0668 

.0655 

- 1.4 

.0808 

.0793 

- 1.3 

.0968 

.0951 

- 1.2 

.1151 

.1131 

- 1.1 

.1357 

.1335 

- 1.0 

.1587 

.1562 

- .9 

.1841 

.1814 

- .8 

.2119 

.2090 

- .7 

.2420 

.2389 

- .6 

.2743 

.2709 

- .5 

.3085 

.3050 

- .4 

.3446 

.3409 

- .3 

.3821 

.3783 

- .2 

.4207 

.4168 

- .1 

.4602 

.4562 

- .0 

. 5000 

.4960 


.0017 

.0024 

.0033 

.0044 

.0059 

.0078 

.0102 

.0132 

.0170 

.0217 

.0274 

.0344 

.0427 

.0526 

.0643 

.0778 

.0934 

.1112 

.1314 

.1539 

.1788 

.2061 

.2358 

.2676 

.3015 

.3372 

.3745 

.4129 

.4522 

.4920 


.0017 

.0023 

.0032 

.0043 

.0057 

.0075 

.0099 

.0129 

.0166 

.0212 

.0268 

.0336 

.0418 

.0516 

.0630 

.0764 

.0918 

.1093 

.1292 

.1515 

.1762 

.2033 

.2327 

.2643 

.2981 

.3336 

.3707 

.4090 

.4483 

.4880 


.0016 

.0023 

.0031 

.0041 

.0055 

.0073 

.0096 

.0126 

.0162 

.0207 

.0262 

.0329 

.0409 

.0505 

.0618 

.0749 

.0901 

.1075 

.1271 

.1492 

.1736 

.2005 

.2297 

.2611 

.2946 

.3300 

.3669 

.4052 

.4443 

.4840 


.0016 

.0022 

.0030 

.0040 

.0054 

.0071 

.0094 

.0122 

.0158 

.0202 

.0256 

.0322 

.0401 

.0495 

.0606 

.0735 

.0885 

.1056 

.1251 

.1469 

.1711 

.1977 

.2266 

.2578 

.2912 

.3264 

.3632 

.4013 

.4404 

.4801 


,0015 

.0021 

.0029 

.0039 

.0052 

.0069 

.0091 

.0119 

.0154 

.0197 

.0250 

.0314 

.0392 

.0485 

.0594 

.0722 

.0869 

.1038 

.1230 

.1446 

.1685 

.1949 

.2236 

.2546 

.2877 

.3228 

.3594 

.3974 

.4364 

.4761 


0015 
, 0021 
. 0028 
.0038 
.0051 
.0068 
.0089 
.0116 
.0150 
.0192 
.0244 
.0307 
.0384 
.0475 
.0582 
.0708 
.0853 
. 1020 
.1210 
.1423 
.1660 
.1922 
.2206 
.2514 
.2843 
.3192 
.3557 
.3936 
.4325 
.4721 


,0014 
.0020 
.0027 
.0037 
.0049 
.0066 
.0087 
0113 
.0146 
.0188 
.0238 
.0300 
.0375 
.0465 
.0570 
.0694 
. 0838 
.1003 
.1190 
.1401 
; 1635 
.1894 
.2177 
. 2483 
.2810 
.3156 
.3520 
.3897 
.4286 
.4681 


.0014 
.0019 
. 0026 
.0036 
.0048 
.0064 
.0084 
.0110 
. 0143 
.0183 
.0233 
.0294 
.0367 
.0455 
.0559 
.0681 
.0823 
.0985 
. 1170 
.1379 
.1611 
.1867 
.2148 
.2451 
.2776 
.3121 
.3483 
.3859 
.4247 
.4641 


(Table concluded on next page.) 
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TABLE A-VUI THE CHI-SQUARE DISTRIBUTION 




Probability that chi 

.-square value will b< 
.950 .050 .025 

3 exceeded 

df 

.995 

.990 

.975 

.010 

.005 

1 




.004 

3.84 

5.02 

6.63 

7.88 

2 

.01 

.02 

.05 

.10 

5.99 

7.38 

9.21 

10.60 

3 

.07 

.11 

.22 

.35 

7.81 

9.35 

11.34 

12.84 

4 

.21 

.30 

.48 

.71 

9.49 

11.14 

13.28 

14.86 

5 

.41 

.55 

.83 

1.15 

11.07 

12.83 

15.09 

16.75 

6 

.68 

.87 

1.24 

1.64 

12.59 

14.45 

16.81 

18.55 

7 

.99 

1.24 

1.69 

2.17 

14.07 

16.01 

18.48 

20.28 

8 

1.34 

1.65 

2.18 

2.73 

15.51 

17.53 

20.09 

21.96 

9 

1.73 

2.09 

2.70 

3.33 

16.92 

19.02 

21.67 

23.59 

10 

2.16 

2.56 

3.25 

3.94 

18.31 

20.48 

23.21 

25.19 

n 

2.60 

3.05 

3.82 

4.57 

19.68 

21.92 

24.72 

26.76 

12 

3.07 

3.57 

4.40 

5.23 

21.03 

23.34 

26.22 

28.30 

13 

3.57 

4.11 

5.01 

5.89 

22.36 

24.74 

27.69 

29.82 

14 

4.07 

4.66 

5.63 

6.57 

23.68 

26.12 

29.14 

31.32 

15 

4.60 

5.23 

6.26 

7.26 

25.00 

27.49 

30.58 

32.80 

16 

5.14 

5.81 

6.91 

7.96 

26.30 

28.85 

32.00 

34.27 

17 

5.70 

6.41 

7.56 

8.67 

27.59 

30.19 

33.41 

35.72 

18 

6.26 

7.01 

8.23 

9.39 

28.87 

31.53 

34.81 

37.16 

19 

6.84 

7.63 

8.91 

10.12 

30.14 

32.85 

36.19 

38.58 

20 

7.43 

8.26 

9.59 

10.85 

31.41 

34.17 

37.57 

40.00 

21 

8.03 

8.90 

10.28 

11.59 

32.67 

35.48 

38.93 

41.40 

22 

8.64 

9.54 

10.98 

12.34 

33.92 

36.78 

40.29 

42.80 

23 

9.26 

10.20 

11.69 

13.09 

35.17 

38.08 

41.64 

44.18 

24 

9.89 

10.86 

12.40 

13.85 

36.42 

39.36 

42.98 

45.56 

25 

10.52 

11.52 

13.12 

14.61 

37.65 

40.65 

44,31 

46.93 

26 

11.16 

12.20 

13.84 

15.38 

38.89 

41.92 

45.64 

48.29 

27 

11.81 

12.88 

14.57 

16.15 

40.11 

43.19 

46.96 

49.64 

28 

12.46 

13.56 

15.31 

16.93 

41.34 

44.46 

48.28 

50.99 

29 

13.12 

14.26 

16.05 

17.71 

42.56 

45.72 

49.59 

52.34 

30 

13.79 

14.95 

16.79 

18.49 

43.77 

46.98 

50:89 

53.67 

40 

20.71 

22.16 

24.43 

26.51 

55.76 

59.34 

63.69 

66.77 

50 

27.99 

29.71 

32.36 

34.76 

67.50 

71.42 

76.15 

79.49 

60 

35.53 

37.48 

40.48 

43.19 

79.08 

83.30 

88.38 

91.95 

70 

43.28 

45.44 

48.76 

51.74 

90.53 

95.02 

100.43 

104,22 

80 

51.17 

53.54 

57.15 

60.39 

101.88 

106.63 

112.33 

116.32 

90 

59.20 

61.75 

65.65 

69.13 

113.14 

118.14 

124,12 

128.30 

100 

67.33 

70.06 

74.22 

77.93 

124,34 

129.56 

135.81 

140.17 
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Source: E. S. Pearson and H. O. Hartley, Biometrika Tables for Statisticians, 
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TABLE A-X TABLE OF “STUDENT'S” DISTRIBUTION: VALUE OF t 



Degrees 

of 

freedom 


Probability 


0.9 0.8 0.7 0.6 0.5 0.4 0.3 0.2 0.1 


0.02 0.01 0.001 


0.158 0.325 0.510 0.727 1.000 1.376 1.963 3.078 6.314 12.706 31.821 63.657 636.619 
0.142 0.289 0.445 0.617 0.816 1.001 1.386 1.886 2.920 4.303 6.965 9.925 31.598 

0.137 0.277 0.424 0.584 0.765 0.978 1.250 1.638 2.353 3.182 4.541 5.841 12.924 

0.i34 0.271 0.414 0.569 0.741 0.941 1.190 1.533 2.132 2.776 3.747 4.604 8.610 

0.132 0.267 0.408 0.559 0.727 0.920 1.156 1.476 2.015 2.571 3.365 4.032 6.869 

0.131 0.265 0.404 0.553 0.7180.906 1.134 1.440 1.943 2.447 3.143 3.707 5.959 

0.1300.263 0.402 0.549 0.711 0.896 1.119 1.415 1.895 2.365 2.998 3.499 5.408 

0.1300.2620.399 0.546 0,706 0.889 1.108 1.397 1.860 2.'306 2.896 3.355 5.041 

0.129 0.261 0.398 0.543 0.703 0.883 1.100 1.383 1.833 2.262 2.821 3.250 4.781 

0.129 0.260 0.397 0.542 0.700 0.879 1.093 1.372 1.812 2.228 2.764 3.169 4.587 

0.129 0.260 0.396 0.540 0.697 0.876 1.088 1.363 1.796 2.201 2.718 3.106 4.437 

0.128 0.259 0.395 0.539 0.695 0.873 1.083 1.356 1.782 2.179 2.681 3.055 4.318 

0.128 0.259 0.394 0.538 0.694 0.870 1.079 1.350 1.771 2.160 2.650 3.012 4.221 

0.1280.258 0.3930.537 0.692 0.868 1.076 1.345 1.761 2.145 2.624 2.977 4.140 

0.1280.2580.393 0.5360.691 0.866 1.074 1.341 1.753 2.131 2.602 2.947 4.073 

0 128 0.258 0.392 0.535 0.690 0.865 1.071 1.337 1.746 2.120 2.583 2.921 4.015 

0 128 0.257 0.392 0.534 0.689 0.863 1.069 1.333 1.740 2.110 2.567 2.898 3.965 

0 127 0.257 0.392 0.534 0.688 0.862 1.067 1.330 1.734 2.101 2.552 2.878 3.922 

0.127 0.257 0.391 0.533 0.6880.861 1.066 1.328 1.729 2.093 2.539 2.861 3.883 

0.127 0.257 0.391 0.533 0.687 0.860 1.064 1.325 £725 2.086 2.528 2.845 3.850 


0.127 0.257 0,391 0.532 0.686 0.859 1.063 1.323 1.721 2.080 2.518 2.831 3.819 

0.127 0.2560.3900.532 0.686 0.858 1.061 1.321 1.717 2.074 2.508 2.819 3.792 

0.127 0.256 0.390 0.532 0.685 0.858 1.060 1.319 1.714 2.069 2.500 2.807 3.767 

0.1270.256 0.3900.531 0.6850.857 1.059 1.318 1.711 2.064 2.492 2.797 3.745 

0.127 0.256 0.390 0.531 0.684 0.856 1.058 1.316 1.708 2.060 2.485 2.787 3.725 


0.127 0.256 0.390 0.531 0.684 0.856 1.058 1.315 1.706 2.056 2.479 2.779 3.707 

0.127 0.256 0.389 0.531 0.684 0.855 1.057 1.314 1.703 2.052 2.473 2.771 3.690 

0.127 0.256 0.389 0.530 0.683 0.855 1.056 1.313 1.701 2.048 2.467 2.763 3.674 

0.127 0.256 0.389 0.5300.6830.854 1.055 1.311 1.699 2.045 2.462 2.756 3.659 

0.127 0.256 0.389 0.530 0.683 0.854 1.055 1.310 1.697 2.042 2.457 2.750 3.646 

0.126 0.255 0.388 0.529 0.681 0.851 1.050 1.303 1.684 2.021 2.423 2.704 3.551 

0.126 0.254 0.387 0.527 0.679 0.848 1.046 1.296 1.671 2.000 2.390 2.660 3.460 

0.126 0.254 0.386 0.526 0.677 0.845 1.041 1.289 1.658 1.980 2.358 2.617 3.373 

0.126 0.253 0.385 0.524 0.674 0.842 1.036 1.282 1.645 1.960 2.3?6 2.576 3.291 


This table is abridged from Table II of Fisher & Yates: Statistical Tables for Biological, Agricufiural and Medical 
Research, published by Oliver & Boyd Ltd., Edinburgh, and by permission of the authors and publishers. 
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TABLE A-XI 


Values of 2 



(For negative values of r put a minus sign in front of the tabled numbers.) 


r 

0.00 

0.01 

0.02 

0.03 

0.04 

0.05 

0.06 

0.07 

0.08 

0.09 

0.0 

.00000 

.01000 

.02000 

.03001 

.04002 

.05004 

.06007 

.07012 

.08017 

.09024 

0.1 

.10034 

.11045 

.12058 

.13074 

.14093 

.15114 

.16139 

.17167 

.18198 

.19234 

0.2 

.20273 

.21317 

.22366 

.23419 

.24477 

.25541 

.26611 

.27686 

.28768 

.29857 

0.3 

.30952 

.32055 

.33165 

.34283 

.35409 

.36544 

.37689 

.38842 

.40006 

.41180 

0.4 

.42365 

.43561 

.44769 

.45990 

.47223 

.48470 

.49731 

.51007 

.52298 

.53606 

0.5 

.54931 

.56273 

.57634 

.59014 

.60415 

.61838 

.63283 

.64752 

.66246 

.67767 

0.6 

.69315 

.70892 

. 72500 

.74142 

.75817 

.77530 

.79281 

.81074 

.82911 

.84795 

0.7 

.86730 

.88718 

.90764 

.92873 

.95048 

.97295 

.99621 

1.02033 

1.04537 

1.07143 

0.8 

1.09861 

1.12703 

1.15682 

1.18813 

1.22117 

1.25615 

1.29334 

1.33308 

1.37577 

1.42192 

0.9 

1.47222 

1.52752 

1.58902 

1.65839 

1.73805 

1.83178 

1.94591 

2.09229 

2.29756 

2.64665 


* Extracted by permission from Wilfrid J. Dixon and Frank J. Massey, Jr., Introduction to Statistical Analysis, 
2d ed., p. 468. McGraw-Hill Book Company, New York, 1957. 


TABLE A-XII 5% AND 1% SIGNIFICANCE POINTS FOR THE COEFFICIENT 
OF SERIAL CORRELATION (CIRCULAR DEFINITION)* 


n 

5% 

Positive tail 

1% 

Negative tail 

5% 

1% 

5 

0.253 

0.297 

-0.753 

-0.798 

6 

0.345 

0.447 

0.708 

0.863 

7 

0.370 

0.510 

0.674 

0.799 

8 

0.371 

0.531 

0.625 

0.764 

9 

0.366 

0.533 

0.593 

0.737 

10 

0.360 

0.525 

0.564 

0.705 

11 

0.353 

0.515 

0.539 

0.679 

12 

0.348 

0.505 

0.516 

0.655 

13 

0.341 

0.495 

0.497 

0.634 

14 

0.335 

0.485 

0.479 

0.615 

15 

0.328 

0.475 

0.462 

0.597 

20 

0.299 

0.432 

0.399 

0.524 

25 

0.276 

0.398 

0.356 

0.473 

30 

0.257 

0.370 

0,325 

0.433 

35 

0.242 

0.347 

0,300 

0.401 

40 

0.229 

0.329 

0.279 

0.376 

45 

0.218 

0.314 

0.262 

0.356 

50 

0.208 

0.301 

0.248 

0.339 

55 

0.199 

0.289 

0.236 

0.324 

60 

0.191 

0.278 

0.225 

0.310 

65 

0.184 

0.268 

0.216 

0.298 

70 

0.178 

0.259 

0.207 

0.287 

75 

0.173 

0.250 

-0.199 

-0.276 


For values of n above 75, use the following formulas to determine the significant points: 


For the 5% significance level: 


-1 + 1.645 Vn - 2 
n — 1 


For the 1% significance level: 


-1 + 2.326 Vn - 2 
n — 1 


R. L. Anderson, “Distribution of the serial correlation coefficient,” Annals of Mathematical Statistics, 13, No 1 
1942, pp. 1-13. 

* Reproduced by permission of the editors. 


a 






STATISTICAL TABLES 781 


TABLE A-XIII 5% AND 1% SIGNIFICANCE POINTS FOR THE RATIO 
OF THE MEAN SQUARE SUCCESSIVE DIFFERENCE TO THE VARIANCE* 

52 

Values of — for Different Levels of Significance 
s 2 



Values of k 

Values 

of k' 


Values of k 

Values of k' 

n 

P = .01 

P = .05 

P = .95 P = .99 

n 

P = .01 

P = .05 

P = ,95 P = .99 

4 

.8341 

1.0406 

4.2927 

4.4992 

31 

1.2469 

1.4746 

2.6587 

2.8864 

5 

.6724 

1.0255 

3.9745 

4.3276 

32 

1.2570 

1.4817 

2.6473 

2.8720 

6 

.6738 

1.0682 

3.7318 

4.1262 

33 

1.2667 

1.4885 

2.6365 

2.8583 

7 

.7163 

1.0919 

3.5748 

3.9504 

34 

1.2761 

1.4951 

2.6262 

2.8451 

8 

.7575 

1.1228 

3.4486 

3.8139 

35 

1.2852 

1.5014 

2.6163 

2.8324 

9 

.7974 

1.1524 

3.3476 

3.7025 


1.2940 

1.5075 

2.6068 

2.8202 

10 

.8353 

1.1803 

3.2642 

3.6091 

36 

37 

1.3025 

1.5135 

2.5977 

2.8085 

11 

.8706 

1.2062 

3.1938 

3.5294 

38 

1.3108 

1.5193 

2.5889 

2.7973 

12 

.9033 

1.2301 

3.1335 

3.4603 

39 

1.3188 

1.5249 

2.5804 

2.7865 

13 

.9336 

1.2521 

3.0812 

3.3996 

40 

1.3266 

1.5304 

2.5722 

2.7760 

14 

15 

.9618 

.9880 

1.2725 
1.2914 

3.0352 

2.9943 

3.3458 
3.2977 

41 

1.3342 

1.5357 

2.5643 

2.7658 


42 

1.3415 

1.5408 

2.5567 

2.7560 

16 

1.0124 

1.3090 

2.9577 

3.2543 

43 

1.3486 

1.5458 

2.5494 

2.7466 

17 

1.0352 

1.3253 

2.9247 

3.2148 

44 

1.3554 

1.5506 

2.5424 

2.7376 

18 

1.0566 

1.3405 

2.8948 

3.1787 

45 

1•3620 

1.5552 

2.5357 

2.7289 

19 

1.0766 

1.3547 

2.8675 

3.1456 


1.3684 

1.5596 

2.5293 

2.7205 

20 

1.0954 

1.3680 

2.8425 

3.1151 

46 

47 

1.3745 

1.5638 

2.5232 

2,7125 

21 

1.1131 

1.3805 

2.8195 

3.0869 

48 

1.3802 

1.5678 

2.5173 

2.7049 

22 

1.1298 

1.3923 

2.7982 

3.0607 

49 

1.3856 

1.5716 

2.5117 

2.6977 

23 

1.1456 

1.4035 

2.7784 

3.0362 

50 

1.3907 

1.5752 

2.5064 

2.6908 

24 

1.1606 

1.4141 

2.7599 

3.0133 


1.3957 

1.5787 


2.6842 

25 

1.1748 

1.4241 

2.7426 

2.9919 

51 

2.5013 

52 

1.4007 

1.5822 

2.4963 

2.6777 

26 

1.1883 

1.4336 

2.7264 

2.9718 

53 

1.4057 

1.5856 

2.4914 

2.6712 

27 

1.2012 

1.4426 

2.7112 

2.9528 

54 

1.4107 

1.5890 

2.4866 

2.6648 

28 

1.2135 

1.4512 

2.6969 

2.9348 

55 

1.4156 

1.5923 

2.4819 

2.6585 

29 

1.2252 

1.4594 

2.6834 

2.9177 




2.4773 

2.6524 

30 

1.2363 

1.4672 

2.6707 

2.9016 

56 

1.4203 

1.5955 

57 

1.4249 

1.5987 

2.4728 

2.6465 






58 

1.4294 

1.6019 

2.4684 

2.6407 






59 

1.4339 

1.6051 

2.4640 

2.6350 






60 

1.4384 

1.6082 

2.4596 

2.6294 


* B. I. Hart, "Significance levels for the ratio of the mean square successive difference to the variance,” Annals 
of Mathematical Statistics, 13, No. 4, 1942, pp. 445-447. Reproduced by permission of the editors. 
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TABLE A-XIV CONFIDENCE INTERVALS FOR THE MEDIAN* 


N 

Largest 

k 

a < .05 

Largest 

k 

a < .01 

N 

Largest 

k 

a < .05 

Largest 

k 

a < .01 

6 

1 

.031 



36 

12 

.029 

10 

.004 

7 

1 

.016 



37 

13 

.047 

11 

.008 

8 

1 

.008 

1 

.008 

38 

13 

.034 

11 

.005 

9 

2 

.039 

1 

.004 

39 

13 

.024 

12 

.009 

10 

2 

.021 

1 

.002 

40 

14 

.038 

12 

.006 

11 

2 

.012 

1 

.001 

41 

14 

.028 

12 

.004 

12 

3 

.039 

2 

.006 

42 

15 

.044 

13 

.008 

13 

3 

.022 

2 

.003 

43 

15 

.032 

13 

.005 

14 

3 

.013 

2 

.002 

44 

16 

.049 

14 

.010 

15 

4 

.035 

3 

.007 

45 

16 

.036 

14 

.007 

16 

4 

.021 

3 

.004 

46 

16 

.026 

14 

.005 

17 

5 

.049 

3 

.002 

47 

17 

.040 

15 

.008 

18 

5 

.031 

4 

.008 

48 

17 

.029 

15 

.006 

19 

5 

.019 

4 

.004 

49 

18 

.044 

16 

.009 

20 

6 

.041 

4 

.003 

50 

18 

.033 

16 

.007 

21 

6 

.027 

5 

.007 

51 

19 

.049 

16 

.005 

22 

6 

.017 

5 

.004 

52 

19 

.036 

17 

.008 

23 

7 

.035 

5 

.003 

53 

19 

.027 

17 

.005 

24 

7 

.023 

6 

.007 

54 

20 

.040 

18 

.009 

25 

8 

.043 

6 

.004 

55 

20 

.030 

18 

.006 

26 

8 

.029 

7 

.009 

56 

21 

.044 

18 

.005 

27 

8 

.019 

7 

.006 

57 

21 

.033 

19 

.008 

28 

9 

.036 

7 

.004 

58 

22 

.048 

19 

.005 

29 

9 

.024 

8 

.008 

59 

22 

.036 

20 

.009 

30 

10 

.043 

8 

.005 

60 

22 

.027 

20 

.006 

31 

10 

.029 

8 

.003 

61 

23 

.040 

21 

.010 

32 

10 

.020 

9 

.007 

62 

23 

.030 

21 

.007 

33 

11 

.035 

9 

.005 

63 

24 

.043 

21 

.005 

34 

11 

.024 

10 

.009 

64 

24 

.033 

22 

.008 

35 

12 

.041 

10 

.006 

65 

25 

.046 

22 

.006 


If the observations are arranged in order of size Xi < Xz < X 3 < ■ • • < Xn, then we are 100(1 — a)% confident 
of the population median being between Xh and XN-k+i, where k and a are given above. 

* Reproduced with permission from K. R. Nair, “Table of confidence interval for the median in samples from any 
continuous population,” Sankhya, vol. 4 (1940), Pergamon Press, pp. 551-558. 
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TABLE A-XV DISTRIBUTION OF THE TOTAL NUMBER OF RUNS R IN SAMPLES OF SIZE (-,- 0 ; 
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TABLE A-XV DISTRIBUTION OF THE TOTAL NUMBER OF RUNS (Concluded, 

The values listed on the previous page give the change that 7 ? nr . n 

example^ f £ mZZTs7rt ^ ^ !f“ ** . For 


n i = n 2 0.5 


2.5 


95 


97.5 


99 


99.5 Meai 


11 

12 

13 

14 

15 

16 

17 

18 

19 

20 

25 

30 

35 

40 

45 

50 

55 

60 

65 

70 


75 

80 

85 

90 

95 

100 


5 

6 
7 

7 

8 

9 

10 

10 

11 

12 

16 

20 

24 

29 

33 

37 

42 

46 

50 

55 

59 

64 

68 

73 

77 

82 


6 

7 

7 

8 
9 

10 

10 

11 

12 

13 

17 

21 

25 

30 

34 

38 

43 

47 

52 

56 

61 

65 

70 

74 

79 

84 


7 

7 

8 
9 

10 

11 

11 

12 

13 

14 

18 

22 

27 

31 

36 

40 

45 

49 

54 

58 

63 

68 

72 

77 

82 

86 


7 

8 
9 

10 

11 

11 

12 

13 

14 

15 

19 

24 

28 

33 

37 

42 

46 

51 

56 

60 

65 

70 

74 

79 

84 

88 


16 

16 

17 

17 

18 

18 

18 

19 

20 

19 

20 

21 

20 

21 

22 

22 

22 

23 

23 

24 

25 

24 

25 

26 

25 

26 

27 

26 

27 

28 

32 

33 

34 

37 

39 

40 

43 

41 

46 

48 

50 

51 

54 

55 

57 

59 

61 

63 

65 

66 

68 

70 

72 

74 

75 

77 

79 

81 

83 

85 

86 

88 

90 

91 

93 

96 

97 

99 

101 


Vai 


s.d. 


102 

107 

113 


104 

109 

115 


107 

112 

117 


18 

19 

20 
22 

23 

24 

25 
27 


12 

13 

14 

15 

16 

17 

18 
19 


5.24 

5.74 

6.24 

6.74 

7.24 

7.74 

8.24 

8.74 


2.29 

2.40 

2.50 

2.60 

2.69 

2.78 

2.87 

2.96 


For large values of n x and n 2 , particularly for = 
ti°n ma y be used. The mean and variance are 


28 

20 

9.24 

3.04 

29 

21 

9.74 

3.12 

35 

26 

12.24 

3.50 

41 

31 

14.75 

3.84 

47 

36 

17.25 

4.15 

52 

41 

19.75 

4.44 

58 

46 

22.25 

4.72 

64 

51 

24.75 

4.97 

69 

56 

27.25 

5.22 

75 

61 

29.75 

5.45 

81 

66 

32.25 

5.68 

86 

71 

34.75 

5.89 

92 

76 

37.25 

6.10 

97 

81 

39.75 

6.30 

103 

86 

42.25 

6.50 

108 

91 

44.75 

6.69 

114 

96 

47.25 

6.87 

119 

101 

49.75 

7.05 


2n x n 2 
ni + n 2 


+ 1 and 


n 2 greater than 10, a normal approxima- 

2n x n 2 (2n x n 2 - n x - n 2 ) 

{n x + n 2 ) 2 (n x + n 2 — 1) 


respectively. For example, for n, - p_ = 20 the mean is 21, and the variance is 9.74. The 97.5 

mation is improved if 14 is subtracted tv,.. Y , , 2 J and 14 - 9 - T,ie approxi- 

would then be 26.6 and 14 4 For wo1*1 «>»« values. The resulting percentiles 

is n(n - 1) /(2n - 1). P 6ach ° f SIZe " the mean is » + 1, and the variance 
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TABLE A-XVI EQUIDIST1RIBUTED RANDOM NUMBERS 


03 

47 

43 

73 

86 

36 

96 

47 

36 

61 

46 

98 

63 

71 

62 

33 

26 

16 

80 

45 

60 

11 

14 

10 

95 

97 

74 

24 

67 

62 

42 

81 

14 

57 

20 

42 

53 

32 

37 

32 

27 

07 

36 

07 

51 

24 

51 

79 

89 

73 

16 

76 

62 

27 

66 

56 

50 

26 

71 

07 

32 

90 

79 

78 

53 

13 

55 

38 

58 

59 

88 

97 

54 

14 

10 

12 

56 

85 

99 

26 

96 

96 

68 

27 

31 

05 

03 

72 

93 

15 

57 

12 

10 

14 

21 

88 

26 

49 

81 

76 

55 

59 

56 

35 

64 

38 

54 

82 

46 

22 

31 

62 

43 

09 

90 

06 

18 

44 

32 

53 

23 

83 

01 

30 

30 

16 

22 

77 

94 

39 

49 

54 

43 

54 

82 

17 

37 

93 

23 

78 

87 

35 

20 

96 

43 

84 

26 

34 

91 

64 

84 

42 

17 

53 

31 

57 

24 

55 

06 

88 

77 

04 

74 

47 

67 

21 

76 

33 

50 

25 

83 

92 

12 

96 

76 

63 

01 

63 

78 

59 

16 

95 

55 

67 

19 

98 

10 

50 

71 

75 

12 

86 

73 

58 

07 

44 

39 

52 

38 

79 

33 

21 

12 

34 

29 

78 

64 

56 

07 

82 

52 

42 

07 

44 

38 

15 

51 

00 

13 

42 

99 

66 

02 

79 

54 

57 

60 

86 

32 

44 

09 

47 

27 

96 

54 

49 

17 

46 

09 

62 

90 

52 

84 

77 

27 

08 

02 

73 

43 

28 

18 

18 

07 

92 

46 

44 

17 

16 

58 

09 

79 

83 

86 

19 

62 

06 

76 

50 

03 

10 

55 

23 

64 

05 

05 

25 

62 

38 

97 

75 

84 

16 

07 

44 

99 

83 

n 

46 

32 

24 

20 

14 

85 

88 

45 

10 

93 

72 

88 

71 

23 

42 

40 

64 

74 

82 

97 

77 

77 

81 

07 

45 

32 

14 

08 

32 

98 

94 

07 

72 

93 

85 

79 

10 

75 

52 

36 

28 

19 

95 

50 

92 

26 

11 

97 

00 

56 

76 

31 

38 

80 

22 

02 

53 

53 

86 

60 

42 

04 

53 

37 

85 

94 

35 

12 

83 

39 

50 

08 

30 

42 

34 

07 

96 

88 

54 

42 

06 

87 

98 

35 

85 

29 

48 

39 

70 

29 

17 

12 

13 

40 

33 

20 

38 

26 

13 

89 

51 

03 

74 

17 

76 

37 

13 

04 

07 

74 

21 

19 

30 

56 

62 

18 

37 

35 

96 

83 

50 

87 

75 

97 

12 

25 

93 

47 

70 

33 

24 

03 

54 

97 

77 

46 

44 

80 

99 

49 

55 

22 

77 

88 

42 

95 

45 

72 

16 

64 

36 

16 

00 

04 

43 

18 

66 

79 

94 

77 

24 

21 

90 

16 

08 

15 

04 

72 

33 

27 

14 

34 

09 

45 

59 

34 

68 

49 

12 

72 

07 

34 

45 

99 

27 

72 

95 

14 

31 

16 

93 

32 

43 

50 

27 

89 

87 

19 

20 

15 

37 

00 

49 

52 

85 

66 

60 

44 

38 

68 

88 

11 

80 

68 

34 

30 

13 

70 

55 

74 

30 

77 

40 

44 

22 

78 

84 

26 

04 

33 

46 

09 

52 

68 

07 

97 

06 

57 

74 

57 

25 

65 

76 

59 

29 

97 

68 

60 

71 

91 

38 

67 

54 

13 

58 

18 

24 

76 

15 

54 

55 

95 

52 

27 

42 

37 

86 

53 

48 

55 

90 

65 

72 

96 

57 

69 

36 

10 

96 

46 

92 

42 

45 

97 

60 

49 

04 

91 

00 

39 

68 

29 

61 

66 

37 

32 

20 

30 

77 

84 

57 

03 

29 

10 

45 

65 

04 

26 

11 

04 

96 

67 

24 

29 

94 

98 

94 

24 

68 

49 

69 

10 

82 

53 

75 

91 

93 

30 

34 

25 

20 

57 

27 

40 

48 

73 

51 

92 

16 

90 

82 

66 

59 

83 

62 

64 

11 

12 

67 

19 

00 

71 

74 

60 

47 

21 

29 

68 

02 

02 

37 

03 

31 

11 

27 

94 

75 

06 

06 

09 

19 

74 

66 

02 

94 

37 

34 

02 

76 

70 

90 

30 

86 

38 

45 

94 

30 

38 

35 

24 

10 

16 

20 

33 

32 

51 

26 

38 

79 

78 

45 

04 

91 

16 

92 

53 

56 

16 

02 

75 

50 

95 

98 

38 

23 

16 

86 

38 

42 

38 

97 

01 

50 

87 

75 

66 

81 

41 

40 

01 

74 

91 

62 

48 

51 

84 

08 

32 

31 

96 

25 

91 

47 

96 

44 

33 

49 

13 

34 

86 

82 

53 

91 

00 

52 

43 

48 

85 

27 

55 

26 

89 

62 

66 

67 

40 

67 

14 

64 

05 

71 

95 

86 

11 

05 

65 

09 

68 

76 

83 

20 

37 

90 

57 

16 

00 

11 

66 

14 

90 

84 

45 

11 

75 

73 

88 

05 

90 

52 

27 

41 

14 

86 

22 

98 

12 

22 

08 

07 

52 

74 

95 

80 

68 

05 

51 

18 

00 

33 

96 

02 

75 

19 

07 

60 

62 

93 

55 

59 

33 

82 

43 

90 

49 

37 

38 

44 

59 

20 

46 

78 

73 

90 

97 

51 

40 

14 

02 

04 

02 

33 

31 

08 

39 

54 

16 

49 

36 

47 

95 

93 

13 

30 

64 

19 

58 

97 

79 

15 

06 

15 

93 

20 

01 

90 

10 

75 

06 

40 

78 

78 

89 

62 

02 

67 

74 

17 

33 

05 

26 

93 

70 

60 

22 

35 

85 

15 

13 

92 

03 

51 

59 

77 

59 

56 

78 

06 

83 

52 

91 

05 

70 

74 

07 

97 

10 

88 

23 

09 

98 

42 

99 

64 

61 

71 

62 

99 

15 

06 

51 

29 

16 

93 

58 

05 

77 

09 

51 

68 

71 

86 

85 

85 

54 

87 

66 

47 

54 

73 

32 

08 

11 

12 

44 

95 

92 

63 

16 

29 

56 

24 

29 

48 

26 

99 

61 

65 

53 

58 

37 

78 

80 

70 

42 

10 

50 

67 

42 

32 

17 

55 

85 

74 

94 

44 

67 

16 

94 

14 

65 

52 

68 

75 

87 

59 

36 

22 

41 

26 

78 

63 

06 

55 

13 

08 

27 

01 

50 

15 

29 

39 

39 

43 


Source: From Table XXXIII of Fisher and Yates: Statistical Tables for Biological, Agricultural, and Medical 
Research, published by Oliver & Boyd, Ltd., Edinburgh and London, by permission of the authors and publishers. 
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Acceptance region, 300, 308 
Acceptance sampling, 368 
Act, action, 298, 674 
Aggregate, the, 14 

Aggregative index, of quantity, 492-493 
of price, 491-494 
Alpha (a) error, see Type I error 
Alternative hypothesis, 299, 305 
Analysis of variance, for linear regression, 
625-628 

for means, completely randomized, one- 
variable classification, 401-407 
completely randomized, two-variable 
classification, 414-423 
randomized blocks, one-variable classi¬ 
fication, 409-412 

randomized blocks, two-variable classi¬ 
fication, 423-429 
for multiple regression, 645 
Arithmetic mean, 17, 53 


Array, 24 
Attribute, 9 

Autocorrelation, 443, 532-533 
Average deviation, 95-97 
Average of price relatives, 492-498 
Averages, see Central tendency 

Base period, 510 
Bayes’ theorem, 138-142 
Bayesian decision rule, 682-691 
Bernoulli probability model, 192 
Beta (/3) error, see Type II error 
Bias, 273, 359 

Binomial probability model, assumptions 
of, 193 

normal approximations of, 243 
properties of, 197 
statistical inference with, 298-304 
table of, 764 
Bivariate data, 23 


787 
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Bivariate (joint) distribution, 175-178 
Bivariate normal distribution, 618 

Cause and effect, 631 
Central limit theorem, 242-244 
Central tendency, measures of 
arithmetic mean, 53 
averages, comparisons of, 81-83 
geometric mean, 61 
harmonic mean, 67 
median, 70 
mode, 75 

quadratic mean, 69 
Chain, strict causal, 678 
Chain index number, 503 
Changing seasonals, 582-584 
Chebyshev inequality, 173-174 
Chi-square, efficient formulas for, 461-462 
Chi-square distribution, definition, 375 
properties of, 376 
table, 775 

Chi-square tests, on contingency tables 
(independence), 457-461 
on frequencies, 449-452 
on goodness-of-fit, 452-457 
on homogeneity, 462-465 
on variance, 382 
Circular definition, 444 
Circular test, 513 
Class interval, 28 
Class limits, 28, 33 
Cluster sampling, 364-365 
Coefficient, of average deviation, 107 
of confidence, 280 
of multiple correlation, 649 
of multiple determination, 648; adjusted, 
648 

of multiple regression, 641 
of partial correlation, 641-642 
of quartile deviation, 107 
of simple correlation, 615, 617 
of simple determination, 621, 624; ad¬ 
justed, 626 

of simple regression, 598, 601 
of skewness, 108 
of variation, 107 
Combinations, 145 
Compound (joint) events, 131-135 
Conditional probability, 132-134 
Confidence coefficient, 280 


Confidence limits, for correlation coeffi¬ 
cient, 619 

for difference between two means, 287 
for difference between two proportions, 
289 

general comments, 279-282 
for mean, 282 
for median, 446-447 
for proportion, 284 
for regression coefficient B, 609-610 
for regression variable n yx , 610-612 
for regression variable F, 612-614 
for standard deviation, 291, 384 
for variance, 290, 383-385 
Conflicting values, 675 
Constant dollar, 509 
Consumer price index, 504 
Contingency tables, 457-458 
Continuity correction factor, 248, 450 
Continuous probability distributions, 182 
Continuous variables, 10 
Correlation coefficient, multiple, 649 
partial, 650 
population, 615 
sample, 617 
simple, 617 
spurious, 631 
Covariance, 179 
Cramer-Rao inequality, 275 
Critical region, 300 
Critical value, 309 

Curvilinear regression, exponential, 654 
multiple, 655 
power, 655 
reciprocal, 653 

second-degree polynomial, 652 
Cyclical fluctuations, general comments, 
527-529 

measures of; from annual data, 584-586 
from monthly data, 586-591 

Data, bivariate, 23 
cross-section, 23 
multivariate, 23 
qualitative, 23 
quantitative, 9 
time series, 23 
univariate, 23 
Deciles, 264 
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Decision by association, 596 
Decision criteria, 299, 676 
Decision making, with Bayesian a priori 
analysis, 682-683 

w r ith Bayesian posterior analysis, 684- 
686 

with Bayesian preposterior analysis, 687- 
691 

with classical procedures, see Testing and 
Estimation 
with conflicts, 696 

with expected monetary value, 677-680 
with expected opportunity loss, 680 
with expected utility, 691-694 
Decision making, structure of, 674-677 
Deflation, statistical, 509 
Degrees of freedom, 373-375 
Density function, 182 
Descriptive statistics, 5 
Deseasonalized data, 578-579 
Dependent events, 135 
Deterministic model, 184 
Discrete probability models, 192-213 
Discrete variable, 11 
Dispersion (variation), measures of 
average deviation, 95 
interquartile range, 92 
quartile range, 94 
range, 106-109 
relative, 106-109 
semi-interquartile range, 94 
standard deviation, 97 
variance, 97 

Distribution free tests, see Nonparametric 
tests 

Distribution function, 164 
Dominating strategy, 699 
Double sampling, 367 

Elementary events, 116 
Elementary units, 6 

Elimination theorem of probability, 136- 
138 

Empirical probability, 123 
Error, sampling, 258 
Type I, 300 
Type II, 300 
Error term, 401 
Errors, statistical, 357-359 


Escalator clause, 507 
Estimation, of the arithmetic mean, 282 
of the difference between two means, 287 
of the difference between two proportions, 
289 

of parameters, 272-282 
of a proportion, 284 
of the standard deviation, 291 
of the variance, 290 
Estimators, properties of 
consistency, 274 
efficiency, 275 
sufficiency, 275 
unbiasedness, 273 
Events, complementary, 130 
compound (joint), 130 
dependent, 135 

disjoint (mutually exclusive), 125 
elementary, 116 
independent, 131 
overlapping, 127 
Expected value, of an act, 679 
of a random variable, 166 
Experiment, random, 116 
Explained error, 403 
Explained sum of squares, 403 
Exponenial function, table, 772 
Exponential probability model, 215-218 
Exponential regression, 654 
Exponential trend, 551 

F distribution, definition, 377-378 
properties of, 378-379 
table, 776 

F tests, of equality among several means, 
see Analysis of variance 
of equality between two variances, 385 
of multiple regression, 645 
Factor reversal test, 513 
Federal Reserve Board Index of Industrial 
Production, 505 
Finite populations, 8 
Fixed effects models, 431 
Forecasting, with regression analysis, 
662-663 

with time series analysis, 517, 547, 579 
Frame in sampling, 355 
Freehand method, 537 
Frequency density, 30-31 
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Frequency distributions, categorical, 24, 47 
class frequencies, 28 
class intervals, 28 
class limits, 28, 33 
classes, number of, 29 
cumulative, 41-43 
graphical presentation of, 34-37 
leptokurtic, 88 
numerical, 24 
open classes, 33-34 
peakedness, 88 
platykurtic, 88 
population models, 38-41 
relative, 45-47 
skewness, 88 

tabular presentation of, 26-29 
unequal classes, 30 
uniform classes, 30 

Gauss-Markov theorem, 542, 601 
Geometric mean, 61-67 
Gompertz curve, 521 
Goodness-of-fit tests, 452-457 
Graphic methods for averages, 74, 78 
Graphic regression analysis, 657-667 
Grouped data, 55 

Harmonic mean, 67-69 
Histogram, 34-36 
Homogeneity, tests of, 462-465 
Hypergeometric probability model, 200-202 
table, 768 

Hypotheses, formulation of, 304 

Ideal index, 513 
Independence, tests of 
Chi-square, 457 

the serial correlation coefficient, 443 
Von Newmann ratio, 444 
Index numbers, aggregates of prices 
simple, 491 
weighted, 494 

aggregates of quantities, 492, 493 
averages of price relatives 
simple, 492-493 
weighted, 497-498 

averages of quantity relatives, 497-499 
base period, 510 
Bureau of Labor Statistics 
consumer price index, 504 


wholesale price index, 504 
constant dollar, 509 

Federal Reserve Board Index of Indus¬ 
trial Production, 505 
Laspeyres, 494 
link relatives, 503 
Paashe, 495 

price relatives, 492, 498 
productivity, 500 
purchasing power, 506 
quantity, 492, 493, 495 
symbolism of, 490 
value, 499 

Index of seasonal variation, 577 

Inductive statistics, 5 

Infinite population, 8 

Information, value of, 681, 686 

Interquartile range, 92 

Interval estimate, see Confidence limits 

Irregular component, 529 

Joint probability distribution, definition, 
177 

expectation of, 178 
variance of, 179 
J-shaped distributions, 40 
Judgment sampling, 368-369 

K, as critical values, 300 
a measure of dispersion, 95 
Kruskal-Wallis test, 474-476 
Kurtosis, 88 

Lag correlation, 443-444 
Large numbers, law of, 239-242 
Laspeyres index, 494 
Least significant difference, 407-409 
Least squares, method of, 538, 601, 641 
Leptokurtic, 88 
Level of significance, 306 
Likelihood, 139 

Linear correlation model, 614-616 
Linear regression model, multiple, 639-640 
simple, 597-600 
Linear trend, methods of 
freehand, 537 
least squares, 542 
selected points, 538 
semiaverages, 540 
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Linking procedure, 503 

Logarithmetic transformation, 551, 654-656 

Logarithms, table, 762 

Logistic curve, 523 

Lorenz curve, 44 

Mathematical expectation, 166 
Maximin strategy, 697 
Maximum likelihood, method of, 276-279 
Mean-square-successive differences, 444 
Mean squares, 404 
Means, arithmetic, 53-61 
modified, 576 
properties of, 64 

relation to median and mode, 79-81 
weighted, 60 
geometric, 61 
harmonic, 67 
quadratic, 69 
Median, definition, 70 
properties of, 70-71 
relation to mean and mode, 79-81 
Mid-point, 32 
Minimax strategy, 696 
Minimum variance estimator, 275 
Mixed effects models, 431 
Mixed strategy, 700-701 
Mode, definition, 75 
properties of, 75-76 
relation to mean and median, 79-81 
Moments, 261-262 
Monte Carlo simulation, 720 
Monte Carlo solutions to queues, 723-731 
Moving-averages trend, 556-558 
Multinomial probability model, 197-199 
Multiple channel queuing problems, 

716-720 

Multiple coefficient of determination, 648 
Multiple linear regression, analysis of vari¬ 
ance for, 645 
model of, 639 
normal equations for, 640 
partial coefficient of, 644-647 
significant tests of, 644-647 
Multiple nonlinear regression, 655-656 
Multiplicative law of probability, for 
dependent events, 135 
for independent events, 131 
Multistage sampling, 367 
Mutually exclusive events, 125 


Nonlinear correlation, 657 
Nonparametric tests, c-sample problems 
chi-square, 451-452 
H test, 474-476 
median test, 467-470 
versus parametric statistics, 477 
test of goodness-of-fit, 452-457 
test of homogeneity, 462-465 
tests of independence 
contingency tables, 457-461 
rank-sum, 472-474 
serial correlation, 443-444 
von Newmann ratio, 444-445 
tests of randomness 
runs above and below the median, 440 
runs up and down, 441 
two-sample problems 
median test, 465 
sign test, 447 
Wald-Wolfowitz test, 470 
Wilcoxon test, 472 
Normal equations, 543, 548, 553 
Normal probability models, general, 
218-222 

standard, 222-227 
table, 773 

Null hypothesis, 305 

Observations, 6 
OC curve, 328 
OC function, 328 
Odds, 155 
Ogive, 42-43 

One-variable classification models, 401-417 
Open-end classes, 33-34 
Operations research, 673 
Optimal act, 679 

Outcomes, of random experiments, 116 

Paasch's index, 495 
Pairwise test, 409 
Parameter, 4 

Parameters, decision, 12-13 
Parity ratio, 508 

Partial correlation, coefficient of, 650 
inference for, 651 
Partial regression coefficient, 641 
Payoff table, 678 
Peakedness, 88 

Pearsonian coefficient of skewness, 108 
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Permutations, 142 
Poisson probability model, 205-211 
as limit to the binomial, 212 
relation to exponential model, 215 
table, 764 

Polygon, frequency, 36 
Pooled variance, 375 
Population, definition, 6 
finite, 8 
infinite, 8 
sampled, 355 
target, 355 
Power curve, 327 
Power function, 225, 302 
Precision, of estimation, 382 
Price index, see Index numbers 
Primary sampling units, 356 
Prior probability, 139 
Probabilistic model, 184 
Probability, axioms of, 125 
Bayes’ theorem, 138 
conditional, 132 
definition of 
classical, 121 
objective, 123 
subjective, 124 
elimination theorem, 136 
law of addition 

for mutually exclusive events, 125 
for overlapping events, 127 
law of complementation, 130 
law of multiplication 

for dependent events, 135 
for independent events, 131 
likelihood, 139 
posterior, 139 
prior, 139 

Probability distributions, 160 
Probability sampling, 360 
Proportion, definition, 16, 54 
estimation of, 284-287 
sampling distribution of, 249 
test of, 317 

Purchasing power, 506 

Quadratic mean, 69 
Qualitative data, 9 
Quantitative data, 9 
Quantity index, see Index numbers 
Quartile deviation, 94 


Quartiles, 93, 263 
Queuing discipline, 714 
Queuing problems, 707 
Queuing theory, analytical approach, 708 
Monte Carlo approach, 708, 720 
multiple service-station model, 716 
single service-station model, 708 

Random effects models, completely ran¬ 
domized, one-variable classification, 
401 

completely randomized, two-variable 
classification, 414 

randomized blocks, one-variable classifi¬ 
cation, 409 

randomized blocks, two-variable classifi¬ 
cation, 423 

Random numbers, 150 
table, 785 

Random samples, simple, 203, 361 
Range, 91 

Rank correlation, 628-630 
Ratio-to-moving-average method, 569 
Reciprocal transformation, 653 
Rectangular probability model, 214 
Region of acceptance, 300, 308 
Region of rejection, 300, 308 
Regression, linear estimator, 600 

population standard deviation of, 599 
population variance of, 598 
Regression analysis, curvilinear, 651-656 
multiple linear, 639 
multiplicative, 655 
simple linear, 597 

Regression coefficients,, estimation of, 
601-602 

maximum likelihood estimators of, 601 
population, 598 
sample, 600 

Relative frequency, 45, 123 
Relative variations, 106-107 
Relatives, quantity, averages of, 497-499 
Relatives, price, averages of, 492-493 
Residual variance, 599 
Residuals, 401 

Risk, in decision making, 675 
in estimation, 283 
in testing, 300, 306 
Root-mean-square, 19, 97 
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Saddle point, 698 
Sample, 4, 357 
Sample points, 116 

Sample size, determination of, 283, 286, 

292, 338-344 
Sample space, 116-120 
Sampling design, 350 

Sampling distributions, of arithmetic mean, 
254-257 

of correlation coefficient, 618 
of difference between two means, 259-260 
of difference between two proportions, 
257-258 

general comments, 244-247 
of median and related measuies, 263-264 
of number of successes, 247-249 
of proportion, 249-254 
of simple regression coefficient, 609 
of standard deviation, 262-263 
of variance, 260-262 
Sampling units, 356 
Scatter diagram, 603 
Seasonal analysis, 578-581 
Seasonal index, alternative methods of, 
581-582 

construction of, 569-578 
Seasonal variations, nature of, 525-527 
Semi-interquartile range, 94 
Semilogarithmic transformation, 654 
Serial correlation, 443, 532 
Shifting the base, 502 
Shifting the origin, 558, 604 
Significance, level of, 306-308 
Simple random sampling, 203, 361 
Simple relative price index, 492 
Simulation, see Monte Carlo simulation 
Single-channel queuing problems, 708-714 
Single-tail tests, 306 
Skewness, 108-109 
Small samples, 372 
Spearman’s rank correlation, 628 
Splicing, 502 
Spurious correlation, 631 
Squares and square roots, table, 753 
Standard deviation, of population, 18-19 
of sample, 97-102 
Standard error, 247 

Standard normal probability model, 222- 
227 

Standardized random variables, 172 


State of nature, 299, 675 
Statistic, 4 

Statistical hypothesis, 304-306 
Statistical investigation, stages of, 2-6 
Statistical regularity, 353 
Statistical tables, 753 
Statistics, definition, 1 
descriptive, 5 
inductive, 5 

Stochastic disturbance term, 598 
Stochastic process, 116 

Stratified sampling, 362-364 . 

Student’s distribution, see t distribution 

Subjective probability, 124 

Subpopulations, 598 

Sufficiency, 275 

Sum of squares, 403 

Summation sign, 2, 739 

Systematic sampling, 365 

t distribution, definition, 380 
properties of, 381 
table, 779 

t tests, for difference between two means, 
389 

for means, 387 
for partial correlation, 651 
for rank correlation, 629 
for simple correlation, 618 
for simple regression coefficient, 609 
Target population, 355 
Tchebycheff’s inequality, see Chebyshev 
inequality 

Terms of exchange, 508 
Testing hypotheses, arithmetic mean, 313, 
387 

correlation coefficient, 618, 651 
difference between means, 319, 389 
difference between proportions, 321 
equality between variances, 385 
general procedure of, 304-311 
with nonparametric methods, see Non- 
parametric tests 
number of successes, 298 
Theoretical (expected) frequency, 449 
Tier chart, 575 
Time reversal test, 512 
Time series, models of, 575 
Total error, 620 
Total probability theorem, 136 
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Total sum of squares, 404 
Transformation of variables, 653-656 
Treatments, 401 
Trends, exponential, 551 
geometric straight line, 548 
Gompertz, 521 
linear, 524, 536-547 
logistic, 523 
moving averages, 556 
nature of, 519 

second-degree parabola, 553 
12-month moving averages, 571 
Two-person zero-sum game, 696 
Two-variable classification models, 417 
Type I error, 300 
Type II error, 300 
evaluation of, 323-336 

Unbiasedness, 273 
Unexplained error, 620 
Unexplained sum of squares, 621 
Uniform probability models, continuous, 214 
discrete, 202 

Uniformly most powerful test, 302, 328 

Unions, axiom of, 125 

Universe, see Population 

Utility, as a decision criterion, 676, 692-694 

Utility index, 692 


Value of information, 681, 686 
Variables, random, 160 
Variance, analysis of, 390 
estimation of, 290 
pooled, 375 
of regression, 598 
tests about, 382 
Variation, see Dispersion 
Venn diagram, 117 

Von Newmann-Morgenstern utility index 
691 

Von Newmann ratio, 444 

Waiting line theory, see Queuing theory 

Wald-Wolfowitz test, 470 

Weighted aggregative price index, 494 

Weighted mean, 60 

Weighted relative price index, 497 

Wholesale price index, 504 

Wilcoxon test, 472 

Yates’ correction for continuity, 248 

Z, critical ratios, 311 
Z transformation, see Standardized ran¬ 
dom variables 



